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THE ELASTIC BEHAVIOUR OF DILUTED GELATIN GELS. 
COMPARISON WITH THE ELASTIC BEHAVIOUR OF ELASTIC- 
VISCOUS OLEATE SYSTEMS. I 


BY 


H. G. BUNGENBERG DE JONG, H. J. VAN DEN BERG 
AND H. J. VERHAGEN *) 1) 


(Communicated at the meeting of November 24, 1951) 


1. Introduction 


In the volumes 51—54 of these Proceedings investigations on elastic- 
viscous oleate (more general -soap) systems have been published 2). In the 
present communication we will often refer to them by simply giving in 
brackets the part number of the above series. 

As for a future theory a comparison of the elastic behaviour of the 
elastic-viscous soap systems (association colloids!) and of macromolecular 
gels might be of some interest, we have made some investigations on 
dilute gelatin gels, using quite the same methods as with the investigation 
of the soap systems (damped rotational oscillation in completely filled 
spherical vessels). 

We intended to investigate the following points: 

a. the dependence of the period 7' and of the logarithmic decrement A 
on the radius F# of the vessel (see below in section 10). 

b. the elastic properties as a function of the gelatin concentration (see 
below in section 12). 

c. influence of a few hydrocarbons and higher alcohols on the elastic 
behaviour of the gelatin gel (see below in section 15). 

To carry out this program proved to be less simple than was expected 
because of peculiarities of the gelatin gel (sections 2—8, 16). The 
latters must be taken into account in order to prevent the results of 
elastic measurements being without any simple meaning. 


2. Composition of the investigated gelatin systems. Methods 


As gelatin gels obtained by cooling gelatin sols go on changing their properties 
for a considerable time (see section 8), the composition of the gelatin systems 


*) Aided by grants from the ‘Netherlands Organization for Pure Research 
(Z.W.O.)”. 

1) Publication No, 20 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. BUNcGENBERG DE JonG, E, HAvINGcA and H. L. Boors). 

2) Part I has appeared in these Proceedings 51, 1197 (1948); Parts II—VI in 
these Proceedings 52, 15, 99, 363, 377, 465 (1949) parts VIL—XIV in these Procee- 
dings 53, 7, 109, 233, 743, 759, 975, 1123, 1319 (1950); parts XV —XX in these 
Proceedings 54, series B, 1, 240, 291, 303, 317, 399 and 407 (1951). 
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should be such that bacterial and mould growth is practically inhibited. For the 
experiments in the sections 3—13 we used gels which were obtained by cooling 
0.4 — 1% gelatin solutions containing 0.5 N acetic acid + 0,025 N Na acetate 
4+ 0.78 N (NH,),SO, *). Here we made use of the inhibiting influence of a lower pil). 

Diluted gelatin solutions containing only the acetate buffer changed into a gel 
only slowly or not at all on cooling to 15°. 

The gelation velocity is accelerated considerably by indifferent salts and for 
this reason the (NH,),SO, has been added in the above receipt. 

For the experiments in the sections 15 and 16, the bacterial and mould growth 
has been inhibited by small concentrations of H,O,. Here too (NH,4)»SO, was used 
to accelerate the gelation (for further particulars see section 15). 

The methods are the same as those which have been used in the investigation 
of the elastic-viscous oleate systems: rotational oscillation in completely filled 
spherical vessels of approx. 500 ml. capacity (parts I and IT), electrolytic H, mark 
(part X), contrivance to excite the oscillations (part VII), turning table (part I) 
to excite the oscillations in the larger vessels which were used in section 10. 


3. Special precautions to be taken in the measurements of the elastic 
properties of the gelatin gels. Comparison with the viscous elastic oleate 
systems 


It soon appeared that in exciting the rotational oscillation much care must be 
taken to avoid alterations in the elastic system which appear as a consequence 
of a too large impulse. Such alterations may bring on measurements without any 
simple meaning. 

We have a striking difference here with the behaviour of the elastic-viscous oleate 
systems. With the latter any impulse may be given in order to excite the oscillations 
and we will always find the same period T°), the same logarithmic decrement A 
and the same value of » (the number of observable turning points through the 
telescope °), With the gelatin gel, however, we find that JT and A are only constant 
when the given impulse is very small. If the impulse is larger we observe that 7 
and A increase and n decreases during the consecutive measurements. When the 
measurements are stopped for a few hours and then continued anew T, A and n 
have not resumed their original values but continue to change from the levels they 
had reached at the end of the first series of measurements. Therefore we get the 
impression that the internal structure of the gel has been altered beyond recovering 
within an appreciable time by the too large mechanical treatment used to excite 
the rotational oscillation. 

With such overstrained gelatin gels we may also observe that A depends on the 
order of magnitude of the deviations which are used in the measurement of the 
decrement. A is larger then, if the large amplitudes in the beginning of the damped 


*) The gelatin which was used was “‘Gelatine F,, extra” of the Lijm and 
Gelatine Fabriek ,,Delft’”? at Delft (Netherlands), 

*) The proportion acetic acid/acetate (20 : 1) corresponds to a pH of about 
3.4. The pH of the systems may have been a few tenths pH units higher because 
of the presence of the gelatin. From former experiments we know that buffered 
gelatin systems of pH 3.7 can be stored at room temperature for a considerable 
time practically without damaging the gelatin, 

Compare H. G. BUNGENBERG DE Jone and A. M, vAN LEEUWEN, these Proceedings 
54, Series B, 91 (1951). 

*) Beginning the measurement of 7 after the first, say, 15 turning points because 
the period is somewhat too large in the beginning. See part VII, sections 3 and 4, 

*) The value of n is only somewhat smaller at very weak impulses. See part VII. 
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oscillation are used and A decreases considerably when the amplitudes become 
smaller and smaller. If the proper precautions are taken at the measurements 
(very small impulse, and never transgressing it) the behaviour of the gelatin gels 
becomes normal, A being independent of the magnitude of the amplitudes. 


4. Pertod and logarithmic decrement during the damped oscilliation 

For the measurements in this section we must take into account the 
results of section 8, which show that the elastic properties are continually 
changing with time, though at a decreasing rate. The measurements 
should therefore be done with a gel in which these changes have already 
become so slow, that they can practically be neglected during the time 
taken up by the experiment. 

This was fulfilled by taking the usual 0.7 % gelatin gel after it has 
been kept at 15° during 13 days (measurements of the period) and 14 days 
(measurements of the decrement), the time needed for the experiments 
being in each case approx. 2 hours. 

In exciting the rotational oscillation we always used the same very 
small impulse (work done by the elastic string 24 g.cm). 

The next survey gives 10 x 7/2 when measured between different 
turning points and A calculated from measurements of the decrement 
using different groups of each time four consecutive turning points. 

The values given in the survey are the means of twenty consecutive 
single measurements. 


Turning points I Turning points 

ad 10 x T/2 ! ee A 

5—15 | 6.27+40.01_ | (= 7 =o 0.1077 + 0.0004 
20 —30 ese ool UN i314 5 0.1079 -- 0.0006 
35 —45 [6402001 || 299394 95 0.1070 + 0.0008 
50 —60 Peesse—oor |) 30-3142 —33 0.1099 + 0.0016 
65—75 | 6434001 | 
80 —90 | (6.46 +0.01) | 


We see that the period is fairly constant during the damped oscillation, 
with the exception of the first third part of the train of visible oscillations, 
for which the period is distinctly too low. 

The logarithmic decrement is independent of the turning points used 
for the measurement of the decrement. 

If we compare these results with those obtained with elastic-viscous oleate 
systems (part VII) we find a great similarity: there too, A is independent of the 
turning points which are used and 7 is constant if only we avoid the turning points 


in the beginning of the train of oscillations. A point of difference is that in the gelatin 
system the first periods are too short, whereas they are too long in the oleate system. 


5. Fluctuations in the consecutive half periods 


In the investigation of elastic-viscous oleate systems it has been found, that the 
half periods between consecutive turning points fluctuate before the damped 
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oscillation has become synchronous (see part VII). We have investigated whether 
this also occurs with the gelatin gel. 

With the same vessel as was used for the measurement of the period in section 4, 
and on the same day (beginning two hours later) we measured the terms between 
the turning points 0—20, 1—20, 2—20, 3—20, and so on up to and including 
17—20 and finally measured the term between 50—70 in order to obtain the 
synchronical level at the end of the experiment. These determinations took four 
hours. Each term was measured 20 times consecutively with a stopwatch divided 
in 0.01 secs. From the results we calculated the term between consecutive turning 
points by subtraction (see table I). They have been plotted in fig. 1 against the 


TABLE I 


Fluctuations in the consecutive half periods 


2 x time in seconds between the turning | 2» time in seconds between two consecutive 
points indicated between brackets turning points 
i a Se NEN AES ie I a ae a 
(0-20) 24.57 + 0.02 | (10-20) 12.60 + 0.03 | (0-1) 1.07 + 0.05 | ( 9-10) 1.22 + 0.06 
(1-20) 23.50 + 0.03 | (11-20) 11.38 + 0.03 | (1-2) 1.11 + 0.06 | (10-11) 1.22 + 0.06 
(2-20) 22.39 + 0.03 | (12-20) 10.18 + 0.03 | (2-3) 1.29 + 0.06 | (11-12) 1.20 + 0.06 
(3-20) 21.10 + 0.03 | (138-20) 8.89 + 0.03 | (3-4) 1.16 + 0.06 | (12-13) 1.29 + 0.06 
(4-20) 19.94 + 0.03 | (14-20) 7.61 + 0.03 | (4-5) 1.16 + 0.07 | (13-14) 1.28 + 0.06 
(5-20) 18.78 + 0.04 | (15-20) 6.41 + 0.03 | (5-6) 1.30 + 0.07 (14-15) 1.20 + 0.06 
(6-20) 17.48 + 0.03 | (16-20) 5.09 + 0.02 | (6-7) 1.20 + 0.06 | (15-16) 1.32 + 0.06 
(7—20) 16.28 + 0.03 | (17-20) 3.79 + 0.03 | (7-8) 1.27 + 0.05 | (16-17) 1.30 + 0.08 
(8-20) 15.01 + 0.02 (8-9) 1.19 + 0.05 | 
(9-20) 13.82 + 0.03 | (50-70) 25.49 + 0.04 | at the isochronous level 1.275 + 0.00 


order numbers of the turning points. The vertical dotted lines give the mean errors 
of the mean for the single differences, which of course are relatively big (subtraction!). 
Tentatively we have drawn a wavy curve through the experimentally determined 
points, the reality of the regular fluctuations being questionable of course. One 
might even doubt the real existence of the fluctuations themselves when one takes 
into account the error of the experimentally determined points. 

Still in general character fig. 1 resembles very much the analogous figure for the 
oleate system (see part VII, fig. 2), the differences being that with the gelatin 


~ \¢sochronous 
+ level 


Serial number of turning points 
ir Pane Seer Oe ee Tet ey eat ee ee Rn rr ae A, 


Fig. 1. Fluctuations in the consecutive half periods, 
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system a) the fluctuations are much faster in relation to the half period, b) the 
fluctuations last longer, c) the fluctuations take place in the beginning round about 
a value of 7/2 which is lower than the one corresponding to the isochronous level 
(compare already section 4). 


6. Irregular movements of the H, bubbles. Presence of the second 
rotational oscillation 

The above fluctuations cannot yet be explained satisfactorily so we 
believe that they are connected somehow with the marked irregular 
movements which the H, bubbles are seen to perform in their oscillations. 
A bubble may for instance move fast to the right and, reaching its turning 
point, at once move fast to the left, but now, reaching there its turning 
point, may make the impression not to move for a short time, ete. It 
was found that there is a certain distance from the centre of the sphere 
where these irregular oscillations of the H, bubbles are absent. Now a 
curious phenomenon could be observed, if two H, bubbles lying at 
different distances from the centre are viewed simultaneously in the 
telescope. One of the bubbles must be situated at the distance from the 
centre where the rotational oscillation is quite regular. In oscillation 
both bubbles move on the scale in the eye-piece of the telescope, but in 
the meantime their apparent relative distance on the scale can be seen 
to change periodically, with a frequency larger than that of the ordinary 
rotational oscillation. We have tried to measure the period of these 
pulsations which appeared to be possible experimentally. We found for 
instance : 


regularly moving bubble: 107'/2 = 5.90 + 0.02 secs. 
pulsation between the two bubbles: 1077/2 = 3.39 + 0.02 secs. 


The quotient of these two periods 3.39/5.90 = 0.575 + 0.005 comes 
very near to the theoretical quotient of the periods of the second and 
first rotational oscillation (see part XIV). This is given by the quotient 
4.493/7.725 = 0.581. (4.493 and 7.725 are the first and second roots of 
the equation tg ¢ = £). We conclude that in exciting the rotational 
oscillation in the gelatin gel not only the ordinary oscillation (the first 
rotational oscillation) is excited, but also the second rotational oscillation, 
(though with a smaller amplitude) and that they account for the irregular 
movements of the H, bubbles. At the distance from the centre where 
the nodal surface of the second rotational oscillation is situated (r = 
0.582 R), the H, bubbles show a regular oscillation; they perform the 
deviations according to the first rotational oscillation only”). At other 
places an H, bubble is subject to the superpositions of the deviations of 


7) The third rotational oscillation, which has nodes at r = 0.412 R and at r= 
0.708 R (see part XIV), might still interfere with the regular movements of the 
H, bubble at r = 0.582 R, if it is excited simultaneously with the first and second 
rotational oscillation. But in practice we may neglect the influence of the third 
rotational oscillation, because it will have a much smaller amplitude than the 
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the first and second rotational oscillation and the total movements are 
irregular. 

The results in this section have a bearing on the way how to measure 
T of the first rotational oscillation accurately. For the measurements one 
should select a H, bubble which oscillates regularly. These are to be 
found at r = 0.58 R. In practice the observer automatically chooses for 
his measurements such regularly oscillating H, bubbles. Besides, the 
irregularities are only to be found in the beginning of the damped 
oscillation. In the second half of the series of observable turning points, 
“pulsations” are practically no longer observable. 

A possible influence of the irregularity of the first oscillations on the 
measurement of 7’ is much diminished further, when one makes it a rule 
to measure always the term between 10 or 20 consecutive turning points 
in the second half of the train of damped oscillations. Thus the irregu- 
larities cancel each other for the greater part. 


If one asks whether phenomena described in this section are also found in elastic- 
viscous oleate systems, we must answer that so far as we know they are absent. 
The oscillations are always regular and no “‘pulsation’’ of two bubbles relative to 
one another was ever observed. 

Therefore in exciting the rotational oscillation in oleate systems we practically 
obtain the first rotational oscillation only, the second being of so small an amplitude 
that it escapes observation. 

In exciting the rotational oscillation in the oleate system we always excite 
simultaneously the (first) quadrantal oscillation (compare part I and II). The 
latter is not at all or hardly present in the oscillating gelatin gel when the rotational 
oscillation is excited. But this may not be a difference with the behaviour of the 
oleate system as only very small impulses were given in the case of the gelatin gels. 
In the oleate system the quadrantal oscillation is also weak when the rotational 
oscillation is excited with small impulses and grows in intensity with increasing 
impulse (see part VII, section 3). 

7. Are reliable measurements possible without disturbing irreversibly the 
internal structure of the gel? 


We prepared 6 | gelatin solution of the composition given in section 2 
and filled with it completely (high up into the neck) 9 spherical vessels 
of nominally 500 ml capacity. The real capacity varied between 496 
and 505 ml that is to say their radius (assuming an ideal spherical shape 
of the vessels) varied between 4.911 and 4.940 em. 

The vessels were placed in a thermostate of 15° C. and the elastic 
properties were measured during a period of approximately one month. 
To excite the rotational oscillation we always used the same small impulse 
(the work done by the rubber string amounting to 24 g.em only). 

We measured the period, the decrement and the number of turning 
points visible through the telescope of the kathetometer. 
second rotational oscillation, The maximal amplitude of the latter is already a small 
fraction of the maximal amplitude of the first rotational oscillation, This follows 


from the observation in the above measurements, that the amplitude of the pulsation 
was approximately 1/3—1/4 of the amplitude of the (first) rotational oscillation. 


7 


For the calculation of G we made use of the formula for the rotational 
20k 1/@ 
4.493 GF 
T =period; k=—radius of the vessel; @ =density and G = shear 
modulus. The results have been collected in Table II, from which we see 
that on the first date only vessel 4 was measured, on the second date 
the vessels A and B, on the third date the vessels 4, B and O, and go on. 

The idea of this was to answer the question put in the title of this 
section. If a small impulse brings about irreversible alterations in the 
structure of the gel, the effects of this (too high 7 and A; too low 
nm —see section 3) will be the more marked, when the number of 
measurements to which the gel has been subjected becomes larger. On 
the horizontal rows of the table we will then see increasing values of G 
and n from left to right, whereas A will decrease from left to right. 

However, apart from fluctuations caused by experimental errors the 
values are the same on each row of Table II. 

This means that small impulses allow for reliable measurements. 

There is one exception to the constancy of G, A and n on the horizontal 
rows, namely the values for these quantities as measured with vessel 
H at 17-3-50 (marked with an asterisk in the table). G and n are 
markedly too small and A is too high. These are indications of an 
irreversible change of the gel structure as a consequence of the use of 
too large impulses in exciting the rotational oscillation (see section 3). 
Still this vessel has never been given a larger impulse (the work done 
by the string amounting to 24 g.cm.) than the usual one. There is only 
this difference with the remaining vessels, that this vessel H has been 
used between 11-3-50 and 17-3-50 for the measurements reported in 
the sections 4, 5 and 6. | 

We see from this that the small impulses, though they are practically 
harmless for nine series of measurements, begin already to be noxious 
when repeated a great many times (the investigations in the sections 4, 
5 and 6 involved some 40.000 extra turning points for the elastic system 


in vessel /#). 


oscillation given by J. M. Burcers§&), viz: T = in which 


8. Changes of G, A and n with time at constant temperature. Comparison 
with the elastic-viscous oleate system 

We now direct our attention to the changes of G, A and n with time. 
In the last column of Table II we have given the means of the values 
mentioned on each horizontal row ®) and have plotted them in fig. 2 
as a function of the number of days elapsed after the gelatin solutions 
were put into the thermostate of 15° C. We perceive that changes in G, 
A and n take place over a considerable number of days (at least 17 days, 
the values after 29 days being open to suspicion — see section 16). 

8) J. M. Burcsrs, these Proceedings 51, 1211 (1948). 

9) In forming the means of the values on the 8th horizontal row, we have not 
used those of vessel H; see end of section 7. 
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TABLE II 


Changes of the elastic properties of the 0.7 % gelatin gel with time 
at constant temperature (15°) 


Measurements of G (dynes/cm?) 


| G 
date A B C DD.) Bo a) ee J | mean 
1.3:50 | 3.1 | | | | a 
9.3.50) 10.2) 108 | | | | 10.3 
3.3.50 | 14.1 | 14.2] 14.2 | 14.2 
4.3.50 | 16.6 | 17.0| 16.8 | 16.9 | | 16.8 
6.3.50 | 21.2 | 22.0| 21.7] 21.8] 21.8 | 21.7 
7.3.50 | 22.7 | 22.8 | 22.7 | 22.8] 22.7/| 22.8 | 22.8 
11.3.50 | 29.1 | 28.7] 29.0] 28.9] 29.0] 28.9] 29.0 28.9 
17.3.50 | 33.6 | 33.5 | 33.5] 33.9] 33.5 | 33.6 | 31.7*| 33.6 | 33.6 
29.3.50 | 32.8 | 32.8 | 32.9 | 32.4 | 32.7 


Measurements of A 


| A 
date A B C D a H 1 mean 
1.3.50 | 0.631 | | | | | 0.631 
2.3.50 | 0.265| 0.265 | | 0.265 
3.3.50 | 0.214] 0.209/ 0.209 | | | 0.211 
4.3.50 | 0.168) 0.176| 0.187| 0.177 | | 0.177 
6.3.50 | 0.158] 0.155| 0.157] 0.158] 0.157 | | 0.157 
7.3.50 | 0.140 0.138) 0.143) 0.145) 0.146) 0.146) | 0.143 
11.3.50 | 0.108 0.109) 0.110) 0.108 0.107 0.109} 0.110 | 0.109 
17.3.50 | 0.103} 0.103) 0.103) 0.103) 0.102) 0.102) 0.109* 0.102) 0.103 
29.3.50 | 0.110) 0.108 | | 0.109 0.108 0.109 

Measurements of n 
| n 
date A B C D | :E G H I J ane 

a ees RD, Lele nts Kees SN eee, 
1.3.50 | 17 17 
2.3.50 41 43 42 
3.3.50 59 57 60 | | 59 
4.3.50 | 67 67 66 68 | 67 
6.3.50 | 76 77 78 78 | 78 | 77 
7.3.80 | 89 83 82 83 82 82 82 
11.3.50 | 108 | 109 | 108 | 108 | 109 | 108 | 107 108 
17.38.50 | 114 | 118 | 114 | 116 | 113 | 110 | 103* | 114 113 
29.3.50 | 99 98 98 98 98 


The changes of G, A and n over such very long periods of time at 
constant temperature are in striking contrast with the behaviour of the 
elastic-viscous oleate systems. 

At a sufficiently high temperature the elastic properties of the latters 
are not present. By cooling down they make their appearance and G, 
A and n have at once their final values, which are characteristic for a 
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given temperature. No further changes take place at constant tempe 
rature (apart perhaps from very slight changes as a consequence of a 
slow chemical alteration — oxydation — of the oleate). 
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Fig. 2. Changes of the elastic properties of the 0.7 % gelatin gel with time at 
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constant temperature (15° C.). 
Fig. 3. Correlation between n and 1/A. See too fig. 7. 


9. Correlation between n and A 

It appears from Table II that 1 increases with time and A decreases. 
When 7 is plotted against 1/A, compare fig. 3, we obtain a straight line, 
which cuts the abscissa at a small value of 1/A. Here once more the 
suspicious measurements on the 29th day do not fit in (the point in fig. 3 
with a question mark). The correlation between n and A is discussed 


further in section 14. 


10. Dependence of T, A and n on the radius of the spherical vessel. 
Comparison with the behaviour of the elastic-viscous oleate system 

We made 6.6 1 fresh 0.7 % gelatin solution of the composition as is 
given in section 2 and filled five spherical vessels (nominally 31, 11, 750 ml, 
500 ml and 100 ml) with it completely (till high into the neck). The gelatin 
solution was approximately 38° and the vessels were put into one large 
tank filled with water of the same temperature. The tank was standing 
in the basement of the laboratory where a room temperature of 14° 
was prevalent. We left this arrangement to cool down of its own accord 
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(the temperature of the water in the tank had decreased after one, two 
and four days as far as 17,5°, 15° and 14°). If possible it was the idea 
of this procedure to let all vessels go through the same temperature time 
history, thus preventing that the gelatin solution in the small vessels 
would cool down rapidly and begin to gelate already whereas the gelatin 
solution in the large vessels would as yet be too warm for this. As the 
contrivance to excite the rotational oscillation (see part VII) did not 
allow to handle vessels of large capacity, we used the turning table 
(see Part I, fig. 2), taking care to give as small impulses as possible 
(compare section 3). As on using the turning table a vessel had to be 
taken out of the water tank each time the danger exists that an 
eventually different temperature of the surrounding air changes the 
temperature of the gelatin system in the vessel. For this reason the above 
experiment was done in the basement of the laboratory, where the 
temperature was nearly constant (during the first 6 days 14—14.1° C.,, 
thereafter during the next 8 days rising gradually to 15,3° while the 
water in the tank followed these changes satisfactorily. Temperature of 
the water at the 14th day 15.1°). 

To diminish the possible influence of a few tenths of a degree air 
temperature difference on the quantity which is most sensitive to 
temperature changes, we always measured first the decrement ?°) 
(20 measurements), thereafter n and 10 7'/2 (20 measurements). 

The results (measurements on the sixth day at 14.1° and on the 14th 
day at 15.3°) have been collected in Table III and have been plotted 
in fig. 4). 

We perceive that 7’ is proportional to R and that A decreases with R. 

At first sight it might seem that A is inversily proportional to R, but 


TABLE III 
Period and logarithmic decrement as function of the radius 
Wy ae aes aan a | ei ee he 

ae n 10 x 7/2 | dynes/om* b,/bs A 1/R 

3.01 88 | 3.25+0.01| 31.0 ) « | 1.1002 + 0.0032 | 0.0955 + 0.0030) 0.3: 
Measurements 4.92 | 136 |; 5.35 + 0.01 30.6 / S 1.0686 + 0.0013 | 0.0664 + 0.0013) 0.21 
on. 20-3-50 5.64 | 157 | 6.204 0.01 29.9 > g | 1.0613 + 0.0015 | 0.0595 + 0.0014} 0.1' 
(temp. 14.1°) 6.77 | 183 | 7.33 + 0.03 30.8 \ & | 1.0559 + 0.0015 | 0.0544 + 0.0014) 0.1: 

9.24 | 234 | 9.85 + 0.02 31.8 , F 1.0486 + 0.0017 | 0.0475 + 0.0016) 0.11 

3.01 | 112 | 3.17 + 0.01 32.6 ) w | 1.1110 + 0.0009 | 0.1053 + 0.0008] 0.3: 
Measurements 4.92 | 155 5.26 + 0.01 | 31.6 l a 1.0881 + 0.0010; 0.0845 + 0.0010} 0.2 
on 28-3-50 5.64 | 171 | 5.86 + 0.01 33.5 >) g | 1.0748 + 0.0019 | 0.0722 + 0.0018] 0.1 
(temp. 15.1°) 6.77 | 191 | 7.19 + 0.02 32.0 \ S | 1.0634 + 0.0020 | 0.0615 + 0.0019] 0.1 

9.24 | 242 | 9.58 + 0.03 33.6 F 1.0597 + 0.0019 | 0.0580 + 0.0018] 0.1) 


a) 


Since the decrements (b,/b;) do not differ much from unity, small errors 


in the decrement have a large influence on the calculated value of A. It was only 
because of the personal gifts as an observer of one of us (v. d. B.), that the decre- 
ments could be measured with moderate accuracy. 


Ul 


when A is plotted against 1/R, compare fig. 5, the relation between 
A and R appears to be of the type A =a + B/R. 

A may thus be considered to consist of two parts: 

A = A, + Ay, in which A, is independent of R (A, = a) and in which 
A, is inversily proportional to R (A, = b/R). 

By a statistical method we find for the best fitting straight lines through 
the experimentally determined points in Fig. 5: 
(after 6 days, temp. 14.1°) A = 0.0224 + 0.218/R. hence A, = 0.0224 
and A, = 0.218/R 
(after 14 days, temp. 15.1°) A = 0.0334 + 0.221/R, hence A, = 0.0334 
and A, = 0.221/R. 
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Fig. 4. Period and logarithmic decrement as function of the radius. 


Comparing these results with the behaviour of the elastic-viscous oleate system 
(parts II, III, XIV and XIX) we find correspondence as to the relation between 
T and R but a different behaviour as to the relation between A and R. In the 
elastic-viscous oleate systems A is proportional to R in the more concentrated 
systems (e.g. 1.2 % oleate), and is independent of F in the less concentrated systems 


(e.g. 0.6 % oleate). 

In intermediate concentrations A is a linear function of R of the type A =a +b R. 
In this transition region A can be considered to consist of two parts, A = A, + A,, 
in which A, is independent of R and in which A, is proportional to f, 


ll. The nature of the damping in the 0.7 % gelatin gel 
The above experiments were made to gain an insight into the character 
of the damped oscillations of the gelatin gel. J. M. Burcsrs has shown 


theoretically that the period of the rotational oscillation is proportional 
to the radius of the spherical vessel (irrespective of the nature of the 


damping). 
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The dependence of the logarithmic decrement on R depends however 
upon the nature of the damping. For the next three simple cases of 
damping J. M. Buraurs®) finds theoretically 


0 O/ 02 as 0.4 


Fig. 5. A as a function of 1/R. 


purely viscots damping . . 5. 4 . + ss «+ « 6 ee eee 


2. damping through relaxation of elastic stresses, characterized by a 
single constant relaxation time. ............ AWR 

3. damping through slipping along the wall of the vessel . pe Ae 
. A independent of R. 

We must remark in connection with this list, that there still must be 
another mechanism of damping which gives also A independent of R, 
because in the 0.6 % oleate system, which shows a A being independent 
of #, we could find no slipping experimentally (compare part XIV). 

In the higher concentrated oleate systems (e.g. 1.2 %) in which A oo it 
we have damping through relaxation of stresses (case 2) . 

In intermediate concentrations in which A = a + dR, this mechanism 
is simultaneously operative in the damping with the above mentioned 
unknown mechanism. 

Returning to the results obtained with the 0.7 % gelatin systems 
(A =a + 6/R, therefore A = A, + A, in which A, =a and A, = b/R), 
we conclude that two causes are operative simultaneously in the damping 
here, viz. viscous damping and a mechanism giving a A independent of 
f (slipping or the above mentioned unknown mechanism) 
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The viscosity which is operative as the purely viscous component of 
the damping can be calculated from the experimental data of Table II 
as follows: By combining the general formula for the period and the 
special formula for the logarithmic decrement in the case of purely 
viscous damping 


2 5% I : 2 
(Bs =5 R| = and A = a. we obtain 7 = eae 

In applying this formula we have to fill in the numerical values of 
hk, T and 9 (= 1.035). However, instead of the experimentally determined 
A values we must take A, values here (obtained by subtracting from the 
experimental values 0.0224 for the first series of measurements and 
0.0334 for the second series; see end of section 10). 

We thus find the following values: 


first series: 0.104; 0.102; 0.098; 0.102; 0.113, mean 0.104 poises 
second series: 0.106; 0.121; 0.108; 0.092; 0.112, mean 0.108 poises. 


At first sight it seems most surprising to find for a gel such low values 
for the viscosities that are operative in the damping, but at closer 
consideration we must rather be surprised that these viscosities are still 
so high relatively. 

The picture we conceive about the structure of a gelatin gel is that of 
linear macromolecules forming crystallization centres here and there. 
Now we would expect that the viscous damping arises from the watery 
medium passing through the meshes of the three dimensional network 
formed by the gel structure. 

At the temperature of our experiments water has a viscosity (at 14°: 
0.0117; at 15°: 0.0114) which is still about ten times smaller than the 
above viscosities, calculated to be operative in the case of viscous damping. 
But the medium in our gels is not pure water, but a solution containing 
0.78 N (NH,),SO, + 0.5 N acetic acid + 0.025 N Na acetate. Deter- 
mination of the relative viscosity of this medium (H,O = unity) gave 
approximately 1.06. Thus this viscosity being higher than that of water, 
diminishes somewhat the existing difference but still the viscosity 
operative in the damping is about 8.5 times higher than that of the medium 
bathing the gel structure. The results of the experiments in the next 
two sections will shed light on this question. 

(to be continued) 
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12. The elastic behaviour as a function of the gelatin concentration 


We made a series of gelatin solutions (containing as usual 0.5 N 
acetic acid + 0.025 N Na-acetate + 0.78 N (NH,),SO,) of different con- 
centrations (ranging from 0.4 up to and including 1.0 °%), filled a number 
of 500 ml spherical vessels with them completely and placed the latter 
ones in a thermostate of 15° C. The elastic properties were measured 


O 02 OY 06 08 40 0 02 OY 06 08 10 O O02 O¥ 06 O08 to 


Fig. 6. VG, 1/A and n as functions of the gelatin concentration. 


*) Aided by grants from the ‘Netherlands Organization for Pure Reséarch 
CANO 
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after 40, 112 and 336 hours respectively—compare Table IV and fig. 6, 
in which yG, 1/A and n have been plotted against the gelatin con- 
centration 1). 


TABLE IV 


The dependence of the elastic properties on the gelatin concentration 
a 


= é ode | i Constants 
ae On| Oa +e in the linear formulae 
Spa a ea: A n VG 1/A 
e & 2h ees part cut off 
Is from abscissa 
1.0 {108.3 -/0.0495 + 0.0004; 153 {10.41 | 20.24+0.2 |a,= — y= - 
0.9 66.1 0.0780 + 0.0021) 129 | 8.13 | 12.8+40.4 | a,= 24.0 | b, = 0.57 
40 | 0.85 | 45.0 |0.1077 + 0.0018] 106 | 6.71 9.3+0.2 |e¢= — q= — 
0.8 Ball (0.1541 se WHOM) Sis) | ey | i cS || @ = GOB | Gh O70 
a = By je, = Of 
1.0 149.9 10.0269 + 0.0003} 209 12.24 | 37.2404 |a,= — 54= — 
0.9 | 91.4 /0.0341 + 0.0004) 166 | 9.56 | 293+ 0.4 | a,= 25.1 | b, = 0.52 
Pil 0.85 | 69.4 |0.0453 + 0.0005) 145 | 8.33 | 22.1403 | ¢ = — d= — 
| 0.8 | 50.8 |0.0546 + 0.0005) 133 | 7.13 | 18.3 +0.2 | c, = 93.8 | d, = 0.60 
) Ox 22.1 |0.1041 + 0.0006) 92 | 4.70 O56 Oe 4 0:49 
0.6 | 6.4 — 38 || 258 _ 


1.0 {171.6 |0.0210 + 0.0004; 192 |13.10 | 47.6 + 0.9 
0.9 |108.2 0.0283 + 0.0006) 171 |10.40 | 35.3+0.8 | a,= 20.8 | b, = 0.44 
0.85 | 85.2 |0.0386 + 0.0008} 149 | 9.23 | 25.9+0.6 | ag= 25.4 | b, = 0.49 
0.8 62.4 |0.0538 + 0.0004) 139 | 7.90 | 18.6+0.1 | c, = 38.4 | d, = 0.47 
336 | 0.7 29.8 |0.1131 + 0.0017| 85 | 5.46 8.8 == 0.2 | cy = 146.2 | d, = 0.67 
0.6 10.7 |0.203 + 0.012 AT | 3.27 4.9+0.3 | e, = 383 f, = 0.47 
0.55 5.1 |0.863 + 0.019 | 30 | 2.26 2.8 a= 0.2 


0.5 C7 Og7ee = 00122) AL |W Sih be 0.0 
0.4 = + 0 = 


As we feared that even the small usual impulse (work done by the 
rubber string = 24 gem.) might disturb irreversibly the relatively fresh 
settled gels of the lowest gelatin concentrations which were used, the 
latter systems have not been measured after 40 and 112 hours. The 
dependency of the elastic properties on the gelatin concentration can, 
therefore, be perceived best from the results after 336 hours. 

The /G — Cetin curve and the 1/A — C,eatin curve for this series of 
measurements each consist of two straight lines. The lower ones of these 
lines cut the abscissa at approx. the same gelatin concentration (order of 


11) In fig. 6 we have not drawn the 1/A and n curves after 112 hours. They are not 
situated exactly between the ones after 40 hours and those after 336 hours. The values 
of some of the constants after 112 hours (recorded in the lower part of table IV) are 
not intermediate either between those after 40 and after 336 hours. From the 
experiments recorded below in section 16, one may conclude that the irregularities 
which are quoted were the consequence of a prolonged slight deviation from 
constancy of the temperature of the thermostate between 112 and 336 hours. 
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0.45 %). The n—Cfetatin Curve is a straight line, which also cuts the 
abscissa at approx. the same gelatin concentration. We may represent 
the dependency of /G@, 1/A and n on the gelatin concentration by the 
same type of linear formulae as apply to the elastic-viscous oleate systems : 

} G = 4 (Cgetatin — 5) 1A =c,(Cyeatn —d,) n= €(Cgetatin — f) 

| G — Ao(Cgetatin — by) 1/A = Co(Cgetatin — dy) 

The suffixes 1 and 2 which are added to the constants denote that the 
formula respectively applies to the lower and to the upper straight branch 
of the //G-curve or of the 1/A-curve. Of course these formulae are only 
applicable within certain intervals of the gelatin concentration. The ones 
with the suffix 1 apply from the points of intersection of the lower straight 
branches with the abscissa up to the point of intersection of the lower 
and upper straight branches. Similarly the ones with the suffix 2 apply 
to the upper straight branches, i.e. from the point of intersection going 
upwards. For the sake of uniformity the constants e and f have been 
provided with the suffix 1 (the straight n-curve might only be the lower 
straight branch of a more complicated curve). 

With a statistical method we have calculated the slopes (a, 9, ¢,, Cy, €;) 
of the best fitting straight lines through the experimentally determined 
points on each branch and the parts cut off from the abscissa (b,, bg, 
d,, dy, f,), compare the last two columns of Table IV. 

The gelatin concentration at which the two straight branches of the 
/G@ —Cetatin Curve (at 336 hours) intersect can be calculated by means 
of the expression (ab, — a,b,)/(a, — a,), which gives 0.72 % gelatin. 
Similarly the gelatin concentration at which the two straight branches of 
the 1/A—Cgeratin curve (also after 336 hours) intersect can be calculated by 
means of the expression (¢ydy—¢d,)/(cyg—c¢,), which gives 0.74 % gelatin. 
This suggests that the slight change in slope of the /G@— Cetin curve 
is connected with the marked change in slope of the 1/A — Cgeiatin curve. 
It is very likely that the damping for the systems on the lower branch 
of the 1/A — Ceeatin curve is of the type of ‘‘/ is a linear function of NH xis 
as this was found in section 10 to apply to the 0.7 % gelatin system, 
that is for a point on the end of the lower branch. It seems probable that 
for points on the upper branch the damping will be of the type of “A 
is proportional to 1/R’, which means pure viscous damping. 

We will now turn to the fact that the //@, 1/A and n curves actually 
cut the abscissa at nearly the same relatively large gelatin concentration, 
This leads to the hypothesis that in the gelatin gels we may discern 
“free gelatin” i.e. gelatin not (or not yet) taking part in the coherent gel 
structure and “structural gelatin”’, i.e. gelatin taking part in the coherent 
gel structure and therefore determining the elastic properties. The free 
gelatin is then represented by 6, in the equation VO = ay (Cri — b,), 
which must be equal to d, in the equation 1/A = Cy (Cgetatin — d,). The 
elastic properties then depend in a very simple way on the concentration 


Nei 


of the structural gelatin, which is given by the expression (Cetatin — b,) 
and which must be equal to the expression (Cyelatin — dy). 

One can easily argue that f, must be practically equal to or 
somewhat greater than 6, and d, (compare Part XVII). We must therefore 
expect that 6, = d, <f,, which is usually the case reasonably when the 
experimental errors are taken into account. Compare the table in which 
we find from the experiments after 336 hours: 6, = 0.44 %; d, = 0.47 % 
and jf, = 0.47 %. 

The distinction between “‘structural gelatin” and “‘free gelatin’ does 
not necessarily imply that the gelatin gel must be considered as a simple 
two phase system. The term “‘free gelatin”? may comprisé single molecules 
and aggregates of them, which, though present in the medium bathing 
the coherent gel structure, do not (or not yet) contribute to the elastic 
properties. 

When we compare the results obtained with gelatin and the analogous results 
obtained with elastic-viscous oleate systems (parts III, XVI, XVIII, XIX), there 
is similarity as regards the following three points: 

1) The curves representing V@ — Coonoias 1/A — Coonoig aNd 2 — Coonoig Consist 
of one or more straight branches. 


2) The lower branches of the curves sub 1 cut the abscissa at positive values 
of the colloid concentration. 

3) The n — Cponoiqg Curve bears a simpler character than the 1/4 — Coyoiq curve. 

Outstanding differences between gelatin gels and elastic-viscous oleate systems 
are mentioned in the next three points: 

4) Time plays no réle in the position of the VG — Coates VA — Coreate and 
nm — Coeate Curves. At a given temperature the position of the curves is a fixed 
one. At constant temperature the VG — Cyentin, WA — Coeatin 200 % — Coetatin 
curves shift their positions with time in the direction of lower gelatin concentrations. 

5) The 1/A — Cyeate curve consists of three straight branches, the 1/A — C 
curve, however, consists of only two straight branches. 


gelatin 


6) In the same tract of colloid concentrations as under sub 5), the /@ — Cojeate 
curve is a perfectly straight line, the VG — Ogejatin Curve, however, consists of 
two straight branches with slightly different slopes. 


The difference which is mentioned in sub 4) is an essential one. The internal 
equilibrium in the elastic-viscous oleate systems is reached practically instantane- 
ously, that in the gelatin gel is perhaps never reached completely. Compare for the 
influence of the previous temperature — time history section 16. 

The difference mentioned in sub 5) resides in the fact that the nature of the damping 
is different in oleate systems and in gelatin gels. The two bends in the 1/A — Coteate 
curve indicate the transition from respectively ‘‘A is independent of R” to “A 
is a linear function of R” and the transition from “‘A is a linear function of R” 
to “‘A is proportional to R”’. 

The bend in the 1/A — Cgeratin Curve indicates the transition from “‘A is a linear 
function of 1/R” to (very probably) ‘‘A is proportional to ae 

The bends in the 1/A —Ogyoiq curves have therefore quite other meanings for oleate 
and for gelatin. In this connection the difference mentioned in sub 6) looses its 
enigmatical character. 

There is in reality no contradiction in the fact that the change in character of 
the damping expresses itself in the V@ — Cgetatin Curve and that the two successive 
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changes in the character of the damping do not come to expression at all in the 
V4 —C 


oleate curve, 


13. Note on the viscosity operative in the damping 


The relatively great concentration of the free gelatin may in principle 
give an explanation why the viscosity operative in the damping was found 
in section 11 to be approx. 8.5 times higher than the viscosity of the colloid 
free medium in the gelatin gel (the watery solution of (NH,),SO, + 
Na-acetate + acetic acid). When we accept that the medium bathing 
the gel structure also contains 0.45 % gelatin (which may be present 
partly in aggregated state), its viscosity will be considerably larger. 


14. The correlation between n and A (continued) 


We discussed already in section 9 the correlation between m and 1/A. We may 
also use the values of n and 1/A for the series after 336 hours in table IV to construct 
an — 1/A graph — see fig. 7 — and we may obtain in this way a more complete 
idea of the correlation between n and A (because in this case there are available 
much higher values of m and 1/A than was the case in fig, 3). The n — 1/A curve 
for the gelatin gels resembles the analogous curve for the elastic-viscous oleate 
systems, but it is somewhat simpler (two branches in total, whereas with oleate 
three branches are present — compare part XIX). 

This simpler character is mainly the result of the character of the 1/A — Cyeatin 
curve (two branches) which is more simple than that of the 1/A — Cojate curve 
(three branches). 

Quite as in elastic-viscous oleate systems one makes use of this correlation when 
no observer is at hand who is able to perform the difficult measurement of the 
decrement. In the next two sections the change of m as an inverse measure of the 
change of A will be used accordingly. 
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Fig. 7. Correlation between n and 1/A. 


15. Influence of benzene, toluene, isoamylalcohol and sec. octylalcohol 
on the elastic behaviour of the gelatin gel. Comparison with elastic-viscous 
oleate systems 

One of the most characteristic features of elastic-viscous oleate systems 
is the extremely great influence of polar non-electrolytes (e.g. the higher 
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alcohols) and of hydrocarbons (compare the parts VI—XIII) on the 
elastic properties. 

The uptake of the above mentioned organic substances in the interior 
of the soap micelles may be considered to be the cause of the strong 
influence on the elastic properties, especially on the damping. 

It is not to be expected that such an extreme sensitivity for higher 
alcohols and hydrocarbons will be met with in the gelatin gel, and the 
experiments in the present section served the purpose to control this 
expectation. 

With gelatin gels we meet the special complication, that the method 
cannot be the same as with elastic-viscous oleate systems. We cannot 
(as in oleate systems) start with an already existing system (in exactly 
half filled spheres), add a small amount of the organic substance and 
dissolve it into the system by shaking it vigorously. This way is absolutely 
forbidden in the case of gelatin gels, because thereby the elastic structure 
is damaged badly (compare section 3). Therefore we must add the organic 
substances to the warm not yet gelatinized gelatin solutions, and after 
placing the systems in the thermostate of 15° C. during a sufficient 
number of days we must compare the elastic properties with those of the 
corresponding blanks. Eventual differences in the elastic properties may 
then be the result of a) the influence on the rate of development of the 
elastic structures and 6) the instantaneous influence on the elastic 
structure which actually has developed. 

It would however not be fair to use gelatin systems of the same 
composition as in the previous sections for this investigation, as they 
always already contained a relatively large concentration of an organic 
substance, namely the acetic acid of the acetate buffer which is present. 
The aim of the added buffer was to provide for a sufficiently low py, 
so that growth of bacteria or moulds did not occur. It was found that 
a very small concentration of H,O, (0.05 %) could serve equally well to 
prevent bacterial and mould growth. 


We made 8 1 stock solution of gelatin of the composition 7 g. gelatin/1 and 
50 g. (NH,).SO,/1, divided it after cooling to 35° in 600 ml. portions (in 1 1 flasks), 
three of which served as blanks. We added to each of the blanks 1 ml. 30 % H,O,, 
mixed thoroughly and put the mixtures in the thermostate of 35° 1), 

To the remaining 600 ml. portions we added the previously determined maximum 
amounts of the organic substances, that is to say such amounts which by shaking 
would still go safely into homogeneous solution in 600 ml. of a solution containing 
50 g/1 (NH,),SO, 1%). The added amounts per 600 ml. gelatin solution were: benzene 


12) Though H,O, proved to be an ideal antisepticum, one must be careful not 
to expose gelatin systems containing H,O, to higher temperatures as the gelation 
properties are then seriously damaged. Therefore we added the H,O, to the gelatin 
systems at 35° C. 

13) We know from experiments with elastic-viscous oleate systems that the 
presence of heterogeneities (e.g. small air bubbles) seriously alter the period and 


especially the damping (compare part I, section 3). 
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= (0.60 ml., toluene = 0.18 ml., isoamylaleohol = 9 ml., sec. octylaleohol = 0.30 ml., 
which correspond to an end concentration of approx. : 11.3 millimol/1 benzene; 
2.8 millimoll/1 toluene; 140 millimol/1 isoamylalcohol and 3 millimol/1 sec. 
octylaleohol. After bringing the organic substances into solution by shaking, and 
adding to each mixture 1 ml. H,O, 30 %, we filled, still at 35°, the spherical vessels 
(nominally 500 ml., but of known capacity, and therefore of known radius) completely 
with these mixtures. 

After all vessels had been prepared, we placed them in a large thermostate of 
15° (on 1—12—50 at 18h30). 

The first series of measurements 1) was performed on 6—12—50, the second on 
7—12—50. In these measurements the order of the systems which were measured 
was such that the influence of the time which was necessary to perform the measure- 
ment had as little influence as possible on the means of the systems with a given 


organic substance and the blanks (e.g. blank — sec. octylale. — isoamylale. — 
benzene — toluene — blank — toluene — benzene — isoamylale. — sec. octylale. — 
blank). 

The results — compare Table V — show that no influence is exerted 


by benzene and by toluene, though the influence of the same concentrations 
acting on elastic-viscous oleate systems of 1.2 % oleate is very great 
(Parte, VIL wk, 2, sk 

A slight influence is possibly exerted by n. sec. octylalcohol, but this 
effect too is negligible compared with effects the higher alcohols exert 
in even much smaller concentrations on the elastic-viscous oleate systems 
(Parte, VEY iO. 

The only values of G and n in the table which are distinctly lower than 
those of the blanks are those of gelatin systems containing 140 millimol/l 
isoamylalcohol. The decrease of @ and n is partly caused here by the 
decrease of the gelatin concentration, which in this case cannot be 
neglected. When the results are corrected for this fact 1°), it appears that 
a decrease of G and n with respect to the blank values of G and 7 still 
persists. But here too, compared with the action of isoamylalcohol on 
the elastic-viscous oleate systems, the action on gelatin is very weak 
(isoamylalcohol decreases n of oleate systems to zero in concentrations 
which are about a hundred times smaller). 

Summarizing we may say, that a distinct influence of hydrocarbons 
and of higher alcohols on the elastic behaviour of gelatin, which could 


14) As one of us (v. d. B.) could not take part in this series of measurements, 


the decrement could not be measured and we, therefore, had to content ourselves 
with the measurement of n. 

15) As here 9 ml. isoamylaleohol has been added to 600 ml. 0.7 % gelatin system, 
the actual gelatin concentration has diminished to 0.69 %. Assuming here, just 
as is found in table IV, for 6, a value of 0.44 °%, the concentration of the structural 
gelatin has decreased from 0.70 — 0.44 = 0.26 % to 0.69 — 0.44 = 0.25 %. To 
correct the G values which were actually found, we have to multiply them with 
(26/25), because YG is proportional to the concentration of the structural gelatin. 
This gives 50.2 instead of 46.4 and 52,9 instead of 48.9. As n is proportional to 
the concentration of the structural gelatin we have to multiply the actually found 
nm values with 26/25, which gives 145 instead of 139.5, and 151 instead of 145. 
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be compared with their influence on elastic-viscous oleate systems, is 


wholly absent. 


TABLE V 


Influence of benzene, toluene, isoamylalcohol and sec. octylalcohol on the elastic 
behaviour of the gelatin gel 


Measurements of G (dynes/cm?) 


| Measurements on 6-12-50 || Measurementson 7-12-50 | 100 
Vessel G | G 100 GQ G 100 G/Gy 
A 55.1 + 0.2 55.5 + 0.4 
blank i 53.8 -—- 0.3 | 54.0 | 100 HA Se OL | ia! | UOO Moe 
L 53.2 — 0.2 55.6 + 0.2 
toluene Bea seo = 02 4.3) LOOM 54.6) 22 0229 55.8 OOS OO 
2.8 mullimol/l K 54.8 + 0.2 57.0 + 0.4 
benzene | E | 53.2 40.2 | 53.4 | 98.9 || 54.5 40.2 | 55.2 | 99.6 | 99.3 
11.3 millimol/l df 53.5 + 0.2 55.8 + 0.2 
n. sec. octylalcohol 1B) | yb SULA |) ERO Oa oy 57.3 + 0.3 | 57.8 104.3 |104.0 
3 miullimol/1 iH 56.5 + 0.5 58.3 + 0.1 
isoamylalcohol D 46.2 +0.1 | 46.4 | 85.9 || 48.44 0.2 | 48.9 | 88.3 | 87.1 
140 millimol/l il 46.6 + 0.2 49.4+ 0.1 
Measurements of 
| Measurements on 6-12-50 || Measurements on 7-12-50 | 100 
Vessel| n | 100 n | 100 | 2/7 
a mean] 7/N% e mean | 7/n) | mean 
A {57 1 (61 1 
blank G 166-1 163.7 |100 166 +1 165.7 |100 100 
bc 168 +1 170 + 1 
toluene 1) 146 —- 1 |154.5 | 94.4 177+1 Wye OS |) Boe 
2.8 millimol/l K 163 +1 W1+1 
benzene EK (G2 se i Ges | Webs 166 + 1 171 |103.2 |101.3 
11.3 millimol/l al 163 +1 176 + 2 
n. sec. octylalcohol B 164 +1 /|164.5 |100.5 176 + 175 |105.6 |103.1 
3 millimol/l H 165 + 1 7i2t ae 
isoamylalcohol D 141-1 139.5 | 85.2 144 + 1 145 87.5 | 86.4 
140 millimol/1 AL 138 + 1 146 +1 


16. The influence of a prolonged deviation from constant temperature 


At three places in the preceding experiments we met with irregularities 
in the change of the elastic behaviour with time, for which we could trace 
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no other probable cause than the occurrence of a systematic slight 
deviation from a strictly constant temperature 1°). 

From the examples mentioned in the footnote it seemed probable that 
the sign ot the change of the elastic properties with time at 15° can be 
reversed by a slight increase of the temperature. The experiments in the 
present section served to investigate whether this is true, and, if so, to 
analyse this phenomenon. 

As one of us (v. D. B.) could not take part in these experiments, the 
decrement could not be measured and we had to content ourselves with 
the measurement of n. By mixing a stock gelatin solution (10 g gelatin/I, 
50 g (NH,),SO,/1 and 0.6 g H,O,/1) at 35° with the corresponding gelatin 
free salt -+- H,O, solution in the required proportions we prepared 2 | of 
0.55 %, 0.60%, 0.65%, and 0.70 % gelatin solutions and filled three 
500 ml vessels completely with each of these solutions, so that we had 
12 vessels in total. 

They were placed on 8-12-50 at 5 o’clock p.m. in the thermostate of 
15° C. Two series of measurements were made, namely on 12-12-50 and 
on 13-12-50. Directly afterwards the temperature of the thermostate was 
brought on 16.5°. Measurements were made on 14—12—50 and on 15-12-50. 
The temperature of the thermostate was now decreased to the original 
temperature (15°) and next day (16-12-50) the elastic properties were 
measured anew. 

The results have been given in Table VI. In fig. 8 the mean values of 
G and of n found on the five consecutive days have been plotted. We 
see that G and n have increased between 12-12-50 and 13-12-50, which 
is quite normal (on 12-12-50 the system has only been at 15° for about 
four days so that according to fig. 2 a distinct increase of @ and of n 
during one day longer at 15° could be expected). 

But after increase of the temperature to 16.5° the G and n values decrease 
during the two days that the gelatin gels were exposed to this temperature. 
After restoring the original temperature (15°) the @ and n values increase 
anew with time. 


**) The first example can be picked up from fig. 2. On the 29th day the elastic 
properties deviate considerably from the expected ones (which should lie on the 
dotted curves). 

G and n are found to be too low and A too high. On this 29th day the temperature 
of the thermostate was 15.3°, whereas it had been 14.8°—14.9° up to the 14th. 

The second example is given by the unexpected relative positions of the A — f(R) 
curves in fig. 4. As we know that A decreases with time we should expect to find the 4 
curve after 14 days to be the lower of the two and the A curve after 6 days to be the 
upper one. Just the reverse is shown by fig. 4. Here once more the temperature 
had not remained constant but it had gradually increased from 14.1° on the 6th day 
up to 15.1° on the 14th day. 

The third example is given by the irregularities in the change of some of the 
constants with time in table IV. The numerical values of d, and of e; at 112 hours 
do not lie in between those at 40 and at 336 hours. Here too an irregularity in the 
constancy of the temperature had occurred (temp. at 112 hours = 14.8"; at 
336 hours = 15.1°). 
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Fig. 8. Influence of a temporary increase of the temperature on the normal course 
of the changes of the elastic properties with time. 


At first sight the above results seem to indicate that the temporary 
increase of the temperature brings about a reversal of the gelation 
process. This seems highly improbable, for the critical temperature below 
which gelatin sols start to increase their viscosity with time (the first 
preparatory steps for gelation) does not lie between 15° and 16.5°, but 
much higher (about 38° C. 1’)). 

Secondly one could suppose that the slight increase of the temperature 
shifts the position of a simple “sol-gel equilibrium” somewhat in the 
direction of the sol. In this kind of reasoning, in which a gel is considered 
as a two phase system, the existence of “free gelatin” as is revealed by 
the part cut off from the abscissa by the /G —Cyaatin curve would fit 
very well. Then the “free gelatin would be the solution of gelatin embedded 
in, and in equilibrium with the second phase (or nearly so), the latter 
consisting of a network of coherent gelatin separated from the solution 
in the gelation process. 

Now the experiments have purposely been arranged in such a way that 
we could test the above simple hypothesis upon its face value. The four 
gelatin concentrations (0.55—0.6—0.65—0.7 °%) have been chosen in 
such a way that according to the results of section 12 the /G values 


17) Davis and Oakes, J. Am. Chem. Soc. 44, 464 (1922). 
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would lie on the lower branch of the VG —Cretatin curve. Therefore we 
can calculate for each of the five consecutive days the values of a, and }, 
in the formula /@ = a,(Cgeatin — 6,), which represents the lower straight 
branch of the /G@—Ceiatin curve. 

As the n — Cetin Curve is a straight line as well (section 12) we can 
calculate similarly for each day the values of e, and of f, in the formula 


t= (Cgetatin oars fy). 


TABLE VI 


Influence of a temporary increase of the temperature on the normal course of the change of 


the elastic properties with time 


G dynes/em? 


n 


Date Temp. ae —s 7 7 > — 
°¢. 0.55 % 0.6 % 0.65 9 0.7 °o%, 0.55 % | 0.6 % | 0.65 % 0.7 % 
gelatin gelatin gelatin gelatin gelatin | gelatin | gelatin gelatin 
9.9 21.8 37.6 48.7 61 106 144 185 
12/12 | 15 9.9 20.9 35.8 48.4 60 100 14] 185 
9.5 21.3 36.4 48.4 62 103 138 | 180 
mean 9.8 | mean 21.3) mean 36.6; mean 48.5 mean 61 mean 103 mean 141 mean 183 
dbl 23.6 39.7 63.2 67 | 13 158 } 198 
13/12 | 15 11.2 22.8 38.3 63.0 69 | 112 153 | 197 
11.0 23.5 38.9 63.4 68 ii} | 150 19] 
mean 11.1) mean 23.3) mean 39.0} mean 63.2) mean 68 mean 112 mean 154 mean 195 
9.3 20.5 35.3 56.8 62 102 140 | 181 
14/12 | 16.5 | 9.8 20.2 34.3 56.6 63 101 140 188 
9.5 20.9 | 35.2 57.8 61 | 102 143 | 180 
mean 9.5 | mean 20.5 mean 34.9| mean 57.1, mean 62 mean 102 mean 141 | mean 183 
9.8 19.5 33.5 54.1 55 | 95 | 132 161 
15/12 | 16.5 9.3 18.9 32.6 53.5 56 95 | Lei 172 
8.8 19.7 32.9 53.8 55 6 | «694 «| «(1380 169 
mean 9.3 | mean 19.4| mean 33.0) mean 53.8 mean 55 mean 95 mean 131 | mean 167 
A Vee 22.9 38.3 59.6 64 103 140 174 
16/12 | 15 11.6 22.2 36.9 58.5 67 97 134 173 
10.9 Zee 36.7 59.0 65 | 101 133 164 
mean 11.2} mean 22.6) mean 37.3! mean 59.0 || mean 65 mean 100 mean 136 | mean 170 
Teme! Constants in the formula y@ = ay (C ge, — 0) | Constants in the formula n = €;(Cya—f) 
Date °¢. ay by ey f 
ay b, 100 100 ey a 100 its 
(a)o (ba)o | (ex)o (Ado 
12/12 | 15 29.2 0.443 100 100 808 0.474 100 100 
13/12 | 15 30.6 0.442 104.8 99.8 846 0.469 104.7 98.9 
14/12 | 16.5 29.6 0.447 101.4 100.9 804 0.473 99.5 99.8 
15/12 | 16.5 28.4 0.444 97.3 100.2 744 0.474 92.0 100.0 
16/12 | 15 28.7 0.434 98.3 98.0 702 0.457 86.9 96.4 
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The results of these calculations have been given in Table VI }8). 

They show that the temporary increase of the temperature is not accom- 
panied by an increase of the values of b, and fy, but solely by a decrease of 
the slopes a, and e, of the VG —Ofeatin and the n —Cretatin curves. This 
result is not in accordance with the hypothesis that the change of G and n 
in a reverse sense after a slight increase of the temperature (see fig. 8) 
is due to a small shift in the position of a “‘sol-gel equilibrium” in the 
direction of the sol. For if this were true we should have found that 
during the two days at 16.5° the values of b, and of f, would have 
increased. They remain, however, practically constant. This indicates 
that the total quantity of gelatin taking part in the elastic structure is 
not diminished by the temporary increase of the temperature. As however 
the slopes of the curves (a, and e,) are distinctly decreased at 16,5° and 
are increased anew after restoring the original temperature of 15°, the 
quality of the gel structure formed by the same quantity of gelatin must 
have been altered (e.g. the number of contact points in the gel structure). 
This change in quality must at least contain a component which is 
reversible with the temperature. 

It would of course take much time to investigate this more in details, 
which will not be done here. It may be expected that one will find that 
the quality changes are not wholly reversible, but that, as with most 
other properties of gelatin gels, the elastic behaviour will depend on its 
whole previous time-temperature history. 

Compared to gelatin gels, the elastic-viscous oleate systems behave 
extremely simple. Here too G, A and n are functions of the temperature, 
but every change of temperature is instantaneously followed by the 
corresponding changes of G, A and n, and the previous time- 
temperature history plays no réle1%). The internal equilibrium in 
the elastic-viscous oleate systems is reached directly, whereas one may 
perhaps say that the internal equilibrium in the gelatin gels is never 


reached completely. 


17. Summary 


1. The elastic behaviour at 15° C. of low concentrated gelatin gels 
(up to 1%) has been studied with the aim to compare the points 
mentioned below sub 7—12 with the results obtained with elastic-viscous 
oleate systems (these Proceedings Vol. 48—51). The same methods have 


18) For an unknown reason the value of V@ for the 0.7 % gelatin system on 
12 —12 —50 is erroneous, for it does not lie on a straight line through the remaining 
VG@ points on that day. Therefore it has not been used in the calculation of a, and 
b, for this day. 

19) Long heating changes the elastic properties irreversibly, but this is caused 
by a chemical alteration of the oleate (oxydation?), which has nothing to do with 


the above problem. 
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been used (damped rotational oscillation in completely filled spherical 


vessels). 


2. Measures were taken to increase the rate of gelation (the gelatin 
systems contained 50 g/l (NH,).SO,) and to prevent the growth of 
microorganisms (presence of an acetate buffer of py 3.4 or presence ot 


0,05 %%, E0,). 


3. Reliable measurements are only obtained when the impulse which 
is used to start the damped oscillation never exceeds a very small 
intensity. Larger impulses damage the gel structure. 


4. A number of detail questions regarding the measurement of the 
period 7 and the logarithmic decrement A have been studied. Thereby 
a new phenomenon — not yet known in elastic-viscous oleate systems — 
was observed, viz. that in gelatin gels the impulse excites, simultaneously 
with the ordinary “‘first rotational oscillation’’, also the “‘second rotational 
oscillation’, though with much smaller amplitude. 


- 


5. The change of the elastic properties of the gelatin gels with time, 
a change which keeps going on rather long, is a serious handicap in 
investigating the influence of parameters. Up to at least 14 days at 
15° C. G (shearmodulus) and m (number of turning points visible through 
the telescope, when a constant impulse is used) still increase and A 
(logarithmic decrement) still decreases, though the rate of these changes 
has then decreased considerably. 


6. A good constancy of the temperature during the long periods that 
the gels must be kept before measurements of their elastic properties are 
performed is of much importance. Slight deviations of the original 
temperature promote irregular results. A temporary increase of the 
temperature may even result in a reversal of the sign of the normal 
changes of G, A and n with time at constant temperature. 


7. The dependency of the period (7) and the logarithmic decrement 
(A) on the radius of the vessel (R) has been investigated on 0.7 % gelatin 
gels. The results regarding 7 are quite the same as with elastic-viscous 
oleate systems, 7’ being proportional to R. 


8. A fundamental difference is met with in the results regarding A. 
In 0.7 % gelatin gels A is a linear function of 1/R, in 0.7 % elastic-viscous 
oleate systems (A is a linear function of R. In both cases A can be 
considered to consist of two components, a component which is independent 
of R and a second component which has a different character for the 
gelatin gel (A ~ 1/R, which is characteristic for pure viscous damping) 
and for the elastic-viscous oleate system (Ao R, which is characteristic 


for damping through relaxation of elastic tensions, characterized by a 
single constant relaxation time). 


P| 


9. The viscosity operative in the damping of the 0.7 % gelatin gel is 
quite low, being only approx, 8.5 times higher than that of the colloid 
free medium in the gelatin gel. That it is not equal to that of the last 
mentioned medium may be due to the presence of a considerable con- 
centration of “free gelatin” within the gelatin gel (see below sub 10). 


10. The dependency of the elastic properties on the gelatin concen- 
tration has been investigated. The /@ — Ogeitin, the 1/A —Ceratin and 
the n —Cyeatin Curves consist of one or more straight lines. The lower 
straight lines, or the only straight line, cut the abscissa at nearly the 
same finite gelatin concentration (approx. 0.45 % after 14 days at 15° C.). 
It is supposed that this concentration indicates the concentration of the 
“free gelatin” in the gelatin gels, i.e. gelatin not (or not yet) taking part 
in the gel structure determining the elastic properties. But for certain 
details (the number of straight lines ot which the /G, the 1/A, and the 
n-curve consist) the results are very similar to those obtained with elastic- 
viscous oleate systems. 


11. The » —1/A curve consists of two straight branches. The lower 
and at the same time steeper branch cuts the 1/A axis at a finite though 
small value of 1/A (corresponding to the “‘critically damped oscillation’’). 

One can make use of this correlation when no observer is at hand who 
is able to perform the difficult measurement of the decrement. The 
n — 1/A curve for the gelatin gel is somewhat simpler than the analogous 
curve for elastic-viscous oleate systems (which consists of three branches). 


12. The influence of benzene (11.3 millimol/l), toluene (2.8 millimol/l), 
sec. octylalcohol (3 millimol/l) and isoamylalcohol (140 millimol/l) on the 
elastic behaviour of the 0.7 °% gelatin gel has been investigated. The first 
two substances exerted no influence at all, the third changed the shear- 
modulus and the damping only a few percents. 

In elastic-viscous oleate systems the three substances in the concen- 
trations which are mentioned have an enormous effect. A moderate 
influence on the elastic behaviour of the gelatin gel was exerted by the 
fourth substance (decrease of the shearmodulus and increase of the 
damping). But taking into account the relatively high concentration which 
is used, we conclude that in concentrations, which exert enormous 
influences in elastic-viscous oleate systems, isoamylalcohol too has 
practically no influence on the elastic behaviour ot the gelatin gel. 


Department of Medical Chemistry, 
University of Leiden 


GEOLOGY 


PALEOGEOGRAPHIC SIGNIFICANCE OF GRADED BEDDING AND 
ASSOCIATED FEATURES 


BY 


PH. H. KUENEN 


(Communicated at the meeting of January 26, 1952) 


Better understanding has recently been gained of the mechanism by 
which graded bedding is produced. Deep-sea bottom sampling and field- 
work have both confirmed the explanation by the action of turbidity 
currents. !) But the study of detailed features?) now shows that far- 
reaching paleogeographic conclusions can be drawn from a closer study 
of graded beds and associated structures without much additional effort 
in the field. 

Just as with slump structures, grading is a feature which tends to 
escape notice, if not specially looked for, and in view of several recent 
discoveries it cannot be doubted that graded bedding must characterize 
many rock sequences in which it has not been suspected up to the present. 

The writer therefore believes paleogeography will be greatly advanced 
in many areas as soon as field geologists start to pay careful attention 
to this subject. 

A short summary of the nature of graded bedding and associated 
features will help to show how they may be used in the paleogeographic 
analysis of sedimentary rocks. 

A graded bed is coarse at the base (generally sand, but sizes up to a 
few centimeters have been found) and fine towards the top (Fig. 1). 
In each horizon sorting is usually only moderate. Hence in most cases the 
sands are “dirty” (graywackes, grits, detrital limestones). The grading 
may be inconspicuous or marked. The bed may end upwards with lutite, 
but also while still in the sand grade. Occasional larger grains may be 
intermixed in higher horizons. Normally some pelagic deep-water deposits 
are intercalated between graded beds, but not always. Beds differ greatly 
in thickness from millimeters to many meters, but in any one locality 
the range tends to be restricted. The base is sharply cut and flat or forms 
pockets in its substratum (= flow casts), the top is sharply cut and smooth 


*) Volcanic eruptions and other mechanisms may form graded beds also. These 
occasional occurrences are left out of account in the present paper (see KUENEN 
and MENARD, in press). 

*) The author’s field work was financed from a grant by the Netherlands 
Organisation for Pure Research (Z.W.O.). 
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or it is vague. Bedding is mostly extremely regular, but lensing also occurs. 
True slump structures and other soft-rock deformations, as also clay 
pebbles or clay slabs are frequent. Submarine ““mudflow”’ deposits without 
grading and in many cases characterized by either boulders or swarms of 
clay pebbles have been found but they tend to occur only locally. Small- 
scale cross bedding, ripple mark, and flow markings are often encountered. 


E H 

Fig. 1. Diagram showing various types of graded bedding, Geepewater lutites in 
black. A = ideal type, B = the fine top is missing below lutite, C = the fine top 
is missing below the following graded bed, D = recurrent grading in single bed, 
E = the lower part is not graded, F = the graded bed is laminated, G = current 
bedding and current ripple bedding in fine graded bed, H = flow cast at base of 
upper bed. 


Two of the most important features in reconstructing fossil basins are 
depth and directions of sedimentary supply. On both of these the products 
of turbidity currents may shed light. 


Indications as to former depths of a fossil basin have been Obtained in 
the past by many features of paleontological and lithological nature. 
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Apart from evidence of actual emergence (sun cracks, association with 
terrestrial deposits, etc.) the features most commonly used to show small 
depth are: coarse grain, ripple mark, current bedding, and shallow 
benthonic organisms. 

However, it can now be shown that all of these features can be produced 
in deep water by turbidity currents. Large benthonic shallow water 
organisms, reworked fossils, and land plants are known to have been 
swept down the slope by turbidity currents and embedded in the graded 
deposits far from their original habitat. The same happens to coarse 
sedimentary particles. Current bedding and ripple mark are likewise 
produced by these bottom flows under certain conditions. Hence these 
features do not supply proof of a shallow environment unless supported 
by other data. If turbidity currents have been active it may be assumed 
that the depth was greater than that of wind wave base. Luckily the 
deposits of turbidity currents can usually be recognized without difficulty 
and the field geologist will have no trouble in testing the validity of his 
shallow-water markers. 

Steeper slopes, the writer believes, are indicated in a graded series by 
the absence of the finer tops to beds, by lensing, and by other irregularities 
of bedding, intercalation of coarse non-graded beds deposited by sub- 
marine “mud flows’’, and slump structures. Proximity to the source results 
in poor grading. 

Generally steep slopes and proximity to the source are found to go 
together and to be combined with coarser grain than elsewhere in the same 
stratigraphic unit. This is due to the development of a concave profile 
of equilibrium. 

Features which are assumed to indicate deposition on gentle slopes or 
on level basin floors (especially when combined) are: 1) extreme regularity 
of bedding, 2) absence of true slump structures, 3) pelagic deep-water 
beds between the graded beds, 4) grading persued upwards in each bed 
to very fine sediment, 5) thin graded beds of fine grain, 6) absence of 
current ripple mark, 7) supply from varying directions. 

From this brief review it follows that neither coarse grain or shallow- 
water fossils, nor current bedding or ripple mark suffice to indicate 
deposition in small depths or near to the coast. Evidence must first be 
forthcoming that turbidity currents played no part. This evidence could 
be: absence of grading, multidirectional current bedding and ripple mark 
in single beds, irregularity of bedding. Positive evidence for small depths 
could be: intercalation of beach structures or terrestrial deposits, fixed 
shallow-water organisms in situ, desiccation phenomena. Less conclusive 
evidence could come from: small or medium sized wash-outs, wave 
ripple mark, diastems. These are open to doubt because non-depositional 
environments and symmetrial (wave?) ripple mark have been detected 
at great depths in the present ocean. 

In the vast majority of regions for which small depths of deposition 
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have been claimed, the evidence for shallow-water conditions is quite 
conclusive. Still, there would appear to be a number of rock sequences, 
especially from geosynclinal environments for which revision is required. 
An example is the Cambrian of the Harlech dome in Wales. Although 
Sir Epwarp Barney had pointed out the occurrence of graded bedding 
many years ago, it appears to have escaped the notice of later workers, 
and small depths for the coarse deposits have been claimed. On a recent 
field trip the writer found graded bedding to predominate in the coarser 
grits and to occur in at least some of the flags throughout the dome and 
during practically the whole Lower and Middle Cambrian. This shows 
that the slopes must have dipped relatively steeply in one direction for 
miles beyond the shores and hence that the geosyncline was deep during 
all of these times. 
A detailed account of the findings will be given elsewhere. 


Indications as to direction of sedimentary supply, wp to the present, 
have been gained mainly by grain size analyses, heavy mineral research, 
and petrography of pebbles. In graded series data, partly of great accuracy, 
can be obtained from several features. 

As already pointed out, proximity to the source can sometimes be 
deduced and when data are available on a regional scale the direction of 
transport could be worked out along these lines. A similar method is to 
trace the distribution of grain size or wedging shape of the beds. The 
turbidity currents, which are able to erode on slopes of sufficient steepness, 
may develop submarine channels. These should follow the dip of the 
ancient sea floor. 

Of much greater importance is the evidence coming from ripple mark 
associated with graded bedding. When a small area of ripple mark is 
exposed this will generally suffice to show the strike of the ripple pattern 
to within a few degrees with the direction of flow at right angles. As the 
ripples tend to be at least slightly asymmetrical, the direction of the 
current can be determined. Current bedding is more frequently available 
to show the direction of flow, but usually the information is insufficient 
for measurements within a few dozens of degrees. The most accurate 
data are provided by flow markings, as described by Ricu, but this feature 
is not generally encountered. 

A special type of contemporaneous deformation for which the term 
convolute bedding is suggested (variously termed, curled, crinkled, or 
crenulated bedding by others) is quite usual. The most typical features 
of this structure are: 1) that individual lamination planes can be traced 
across a number of rounded foldlike structures without interruption. 
However, the anticlinal crests have in some cases been eroded; 2) that 
only one bed or one horizon in a bed is affected at a time but over wide 
areas; 3) there have been no horizontal mass movements. The base and 
cover of the convolute horizon belonging to the same bed are entirely 
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undisturbed; 4) that the affected bed shows no external irregularities in 
thickness; and 5) that deformation is often strong in two perpendicular 
planes, one parallel and the other at right angles to the original bottom 


slope. 


FLOW.:-CAST::: 


CONVOLUTE 


Fig. 2. Diagram showing some soft-rock deformation types: (1) flow cast, developed 
by plastic deformation of a bed under a later load; (2) slump structures due to 
horizontal movement of beds after deposition; (3) convolute bedding developed 


during deposition of the bed without horizontal mass movement. 
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Fig. 3. Ripple bedded fine graded grit between shales with cleavage (from photo- 
graph). Gamlan Flags (Cambrian). Barmouth, Wales. 
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Fig. 4. Convolute bedding in fine grit with undisturbed current bedded base 
lying between shales with cleavage. Section about parallel to slope (from two 
combined photographs). Upper Llandoverian south of Aberystwyth, Wales. 


MieLrorINI has pointed out that the deformation took place during 
deposition of the convolute bed. The latter must have been in a condition 
comparable to that of quicksand. 

In the Aberystwyth Silurian there is a tendency for the convolute 
anticlines to be narrower than the synclines and for them to heel over 
in the down-current direction. Some indication of the direction of slope 
can therefore be deduced from the convolute bedding. The writer suggests 
that in the Welsh geosyncline current rippling is the main factor inducing 
the internal distortions. Whether this explanation can be applied to 
other localities remains to be seen. 

In graded series, it was pointed out above, lamination, small-scale 
current bedding, and current ripple mark may occur. These are generally 
restricted to some of the beds only. The current bedding and ripple mark 
indicate supply from one direction only, even when a bed is examined 
over a wider area. 

Usually successive beds will also agree in this respect. However, 
varying directions of flow may be expected in the central flat-lying parts 
of a basin. 

In the normal case, where only one direction of flow is represented, 
the bottom slope and direction of supply can be deduced from these 
small scale features. The writer does not know of graded series built up 
by flows from varying directions. If they occur one may conclude that 
the bottom slope was negligible. 

It is obvious from this summary that graded bedding and associated 
features can be so helpful in working out the history of a sedimentary 
basin that they should not be neglected any longer in field work. The oil 
geologist may also profit by analysis of these data. They may provide 
more or less accurate information on the location of the source of the 
sedimentary material for each stratigraphic unit separately. They may 
show the direction and to a certain extent even the amount of the bottom 
slope as also depth and size of the basin. 

Graded bedding of the type described here indicates a certain depth 
and beach phenomena cannot be associated with these structures. However, 
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analyses of the grading would give a clue in what direction to search 
for beach ridges and similar features. The dip observed in graded series 
may be original and need not have resulted from tectonic activity. 
Passeca has found evidence in the Tertiary of Venezuela (personal 
communication) that wide channels have been cut in an otherwise 
extremely regular series of shales and fine sands and that these channels 
have been filled with coarser graded sands which are oil bearing. He 
suggests the deposition of the fine sheet beds and the occasional channeling 
with later fill may be explained by the action of turbidity currents. 


Facies distinguished by Rich 


In recent important papers Ricu has attempted to classify sedimentary 
rocks according to whether they were deposited in small depths under 
the influence of wind waves and currents (unda deposits), on the adjoining 
slope (clino deposits), or on quiet basin floors (fondo deposits). The present 
author believes this approach to the problem of facies may prove of great 
value in paleogeography. 

However, he imagines Rrcw has underestimated the importance of 
turbidity currents. If this mechanism has played a quantitatively 
significant part in filling deeper fossil basins, some aspects of RicuH’s 
facies analysis are altered considerably. 

Ricw, unaware of the power of under flow, mentions only “‘siltstone”’ 
from his type example of clino beds (Silurian of Aberystwyth); yet grits 
with medium to coarse sand grains are frequent in this series. The 
materials of coarse graded grits, graywackes, shell- and pebble beds have 
been carried by turbidity currents to depths of hundreds or even thousands 
of meters, at dozens of miles from the coast of the present deep-sea floor 
and in fossil basins. Obviously the characteristics of clino and fondo 
facies listed by Ricu should be amplified by the addition of possible 
coarse graded beds. Grading is probably characteristic of all but the 
finest deposits in many if not in the majority of deep basins which happen 
to have received coarser materials. Rock series like those of the Ventura 
Basin, Carpathian flysch, Harlech dome, ete. not included in Ricn’s 
survey, then find a place among the deep-water (clino- and fondo-) facies. 

The difference between clino and fondo environments is rendered less 
distinct by the action of turbidity currents than Ricw contends. The 
contrast between these environments is maintained only where particles 
tumble down the slope individually, e.g. on a coarse delta front or where 
much of the sediment is wafted only to limited distances beyond the 
undaform. Where a large proportion of the sediment is carried down the 
slope in currents, a concave profile of equilibrium is evolved that 
approaches gradually to the horizontal bottom at the far side of the 
basin or at the centre. Fine or planktonic deposits formed by settling 
from above may be laid down anywhere beyond the undaform on sloping 
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or horizontal areas. Hence, the distinction between clino and fondo 
facies is without much real meaning in many graded series. 

In very wide basins that are only slightly deeper than wind wave base 
the contribution by turbidity currents is probably slight. Although slope 
and floor would probably merge imperceptibly, there would still be ample 
justification for distinguishing clino and fondo environments. 

As an example how paleogeographiec interpretations are modified by 
considering the action of turbidity currents the Portage formation of 
New York may be mentioned. SHetpon described alternating shales and 
sandstones, which possess many features in common with the graded 
Lower Paleozoic of Wales. SHELDON attempted to account for the 
deposition in a very shallow environment in which occasional violent 
currents were induced by floods on the adjacent Acadian land. This 
reconstruction is rendered highly improbable because no indication of 
tidal or wind driven currents were found and the mud beds between the 
sands accumulated unhindered by waves, currents, or burrowing organisms. 
In short, beach or tidal-flat phenomena are entirely absent. 

Ricu already interpreted the Portage formation as slope deposits and 
the present author suggests the sands were emplaced by turbidity currents 
on gentle slopes or flat floors in comparatively deep water. This readily 
explains the even bedding, flow markings, slump structures, ripple mark, 
current bedding with remarkably constant easterly direction of source, 
and the absence of shallow water phenomena. 

This explanation, besides accounting satisfactorily for the emplacement 
of the Portage formation, also throws light on a problem of wider import. 
Not only is the geosyncline shown to have been deeper than generally 
assumed, but SHELDON’s tentative deduction of an easterly source for the 
sediment becomes much more convincing. This, in turn, confirms the 
existence of an Acadian landmass situated to the east beyond the 
Apalachian geosyncline. If the evidence here presented is accepted we 
are again brought face to face with the outstanding geophysical puzzle 
how this hypothetical borderland can have disappeared. 
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GEOLOGY 


ON IGNEOUS AND METAMORPHIC ROCKS AND ASSOCIATED 
MANGANESE-IRON ORES OF NETHERLANDS ST. MARTIN 
(LESSER ANTILLES) 


BY 


J. A. STAARGAARD 


(Communicated by Prof. H. A. BRouwER at the meeting of November 24, 1951) 


INTRODUCTION 


In March 1950 Dr J. H. WEsTERMANN collected a number of rocks on 
the island of St. Martin, with a view to obtain data on the origin of the 
manganese-iron ores located at Experiment and Kay Bay Hill. Also a 
series of rocks across the contact between Pointe Blanche formation and 
quartz-diorite was obtained, as well as a porphyritic rock genetically 
connected to the diorite. The samples were presented to Prof. Dr J. 
WESTERVELD of the University of Amsterdam who placed them at the 
writer’s disposal for detailed investigation. Samples, thin sections, and 
polished sections are being kept in the collection of the said Institute. 

The writer expresses his sincere gratitude to Prof. Dr C. H. MacGimnLavry 
and Prof. Dr J. WestrerveLp for their advice and assistance. 

The investigation has been made possible financially by the Netherlands 
Antilles Development Information Bureau, at Amsterdam. 


Notes on the field relations (by J. H. WESTERMANN) 

In 1948 and 1949 St. Martin was surveyed geologically by R. A. CHRISTMAN 
(Princeton University, U.S.A.). His thesis, entitled “‘Geology of Saint Bartholomew, 
Saint Martin and Anguilla, West Indies”, finished May 1950, has not yet been 
published to date (November 1951). Curistman distinguished an older sedimentary 
series of predominantly volcanic tuffs (for which the name Pointe Blanche Formation, 
given previously by G. A. F. Morencraarr (1931), is retained, but whose age is 
now placed at presumably Upper Eocene) and a younger intrusive group of rocks 
consisting mainly of quartz-diorite, andesite, and basalt. Basalt and andesite are 
early crystallizations intruded by dioritic magma. The age of the intrusiva can be 
placed between Upper Eocene and Oligo-Miocene, since the Pointe Blanche tuffs 
(and the intrusive group) are covered unconformably by Oligo-Miocene limestones 
and marls. The general field relations are shown in the sketchmap (Fig. 1), the 
publication of which has been graciously consented by Mr CHRrisTMAN. 

Manganese-iron ores on St. Martin were described for the first time by P. T. CLEVE 
in 1871, and have been studied since by several geologists and mining engineers. 
For particulars on their occurrence and economic value reference is made to 
J. H. WesTERMANN (1949, pp. 78, 87—89, 136—137). WESTERMANN classed the 
ores as “‘supposedly ...... pyrometasomatic and hydrothermal deposits, altered 
in a later period by supergenic processes’’. In the opinion of CHRISTMAN, the ores 
and the accompanying jasper deposits have the appearance of being hydrothermal 


replacements of tuffs. 
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The locations of the small and abandoned manganese mines of Experiment and 
Kay Bay Hill are indicated on the sketchmap by Mn, respectively ENE and 
WSW of the township of Philipsburg. 
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Fig. 1 


The mineralized strata at Experiment are exposed to a limited extent in two 
abandoned mining pits. A porphyritic dike of a few meters thickness cuts through 
a series of contactmetamorphic Pointe Blanche tuffs, which strike N 120° E and 
dip 55° SW. The base of this series merges into thick beds of manganese-iron ores. 
This ore body has a thickness of several meters; its base is not visible. 

The abandoned mines at Kay Bay Hill are located on its southern slope, somewhere 
between 50 and 100 meters above sea level; both are on the same level and over 
100 meters apart. Pointe Blanche tuffs, striking N 30° E and dipping 10—20° SE, 
merge into strata wholly consisting of manganese-iron ores. 

Samples M. 27 —33 have been collected from the contact between Pointe Blanche 
Formation and quartz-diorite, at an outcrop on the western slope of Pointe Blanche 
peninsula, SSE of Philipsburg. The Pointe Blanche tuffs at this locality strike 
N 60° E and dip 25° SE. M. 31 is from a granodioritie dike of 20 em thickness, 
cutting obliquely through the tuffs. 

Sample M. 8 has been collected on the road south of Koolbaaiberg, in the bend 
northeast of point 71.5 (Government Topographical Map, scale 1 : 20.000), According 
to the geological map of CHrisrman, it belongs to an “andesite and andesite 
porphyry” outcrop. Mineralogically, this rock can be classed as a porphyritic 
andesite. However, its occurence in the field, i.e. the intrusive character, would 
— in contradistinction to CHRIsTMAN’s nomenclature and following European 
standards — rather justify the name “porphyrite”. Accordingly, the formation 
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im question has been indicated on the sketchmap with the latter denomination. 
Taking into account the equally intrusive character of CHRISTMAN’s “basalt”, a 
better name could perhaps be given also in this case: “dolerite”. 


Matn MINERALOGIC AND PETROGRAPHIC CHARACTERISTICS OF SAMPLES 
USED FOR INVESTIGATION 


The suites of specimens of country rocks and iron-manganese ores 
described in this paper were collected at the locations indicated in 
Table I, which in addition gives the stratigraphic positions and mutual 
distances between individual samples, together with a short indication 
of their mineralogical composition. 

Detailed descriptions of the specimens enumerated in this Table, and 
of the porphyrite of Koolbaaiberg (the latter is not entered into Table I), 
are presented below. 


1. Contact zone on Pointe Blanche peninsula 


M. 27 Quartz-diorite. A leucocratic plutonic rock mainly composed 
of hypidiomorphic feldspars and minor amounts of quartz and amphibole. 
The feldspar is chiefly andesine (An 32—47 %) exhibiting zonal structure, 
twinning lamellae, and variable size of individuals. Orthoclase, without 
well-developed crystal boundaries, is very subordinate to plagioclase. All 
feldspars show a certain degree of kaolinization and sericitization. The 
hornblende is a green variety, developed as strongly corroded crystals. 
Apatite, titanite, and very small zircons are accessory constituents, 
whereas a small amount of chlorite and ilmenite represents secondary 
material. 

M. 28 Contact between quartz-diorite and diopside-feldspar rock. One 
part of the slide of this sample represents eruptive rock, whereas the 
other goes through contact-metamorphic Pointe Blanche tuff. 

The quartz-dioritic part of the specimen is a leucocratic, coarse-grained 
plutonic rock with plagioclase, orthoclase, quartz, and amphibole as 
main constituents. The plagioclase individuals frequently show distinct 
zonal structures with labrador (An 54 %) in the centre of the crystals 
and the outer zones formed by andesine (An 40 °%) and oligoclase-andesine 
(An 30%), successively. In this mineral species crystal forms are 
best developed, which beside zonal structures also exhibit twinning 
lamellae. Alteration into pennine, with abnormal interference colours 
and a development in radiating aggregates, carbonatization, saus- 
suritization, and kaolinization specially affected the calc-alcaline 
feldspars. Orthoclase occurs as a few scattered, allotriomorphic grains. 
The amphibole is a green variety developed in long thick needles 
enclosing small grains of zircon, small needles of apatite, and 
grains of iron ore. Saussurite is the characteristic alteration product 
of the green hornblende. Quartz, finally, occurs rather abundantly in 
allotriomorphic grains, which sometimes show rims and crack fillings 
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TABLE I 


List of rock specimens from quartz-diorite and granodiorite contact zones on St. 


Martin described in the present paper 
eS 


Renneke Stratigraphical ue 
ne) distance in up- Main characteristics of rock 
samp" | ward direction 
1) Contact zone on Pointe Blanche peninsula 
M. 27 Quartz-diorite. 
+ 5m : 
M. 28 Contact between quartz-diorite and diopside-feldspar 
35 em rock (altered Pointe Blanche tuff). 
M. 29 Diopside-garnet-plagioclase rock (contact-metamorphic 
100 cm Pointe Blanche tuff). 
M. 30 Diopside-garnet-plagioclase-epidote rock (contact- meta- 
20 cm morphic Pointe Blanche tuff). 
M. 31 Granodiorite. 
30 cm 
M. 32 Diopside-garnet-plagioclase rock (contact-metamorphic 
+ 3m Pointe Blanche tuff). 
M. 33 Wollastonite-diopside-plagioclase rock (contact-meta- 
morphic Pointe Blanche tuff). 
2) Manganese prospect Experiment, southern pit. 
i Hornblende-odinite. 
20 em 
M. 2 Hornblende-odinite. 
35 em 
M. 3 Magnetite-tremolite rock (contact-metamorphic Pointe 
15 em Blanche tuff). 
M. 4 Manganiferous contact-metamorphiec Pointe Blanche tuff. 
30 em 
M. 5 Pointe Blanche tuff with iron-manganese ore. 
30 em 
M. 6 Iron-manganese-ore. 
100 em 
M. 7a) Thickness of ( Manganese ore. 
M. 7b>| bed a few me- |, Manganese ore. 
M. 7c \ ters ( Iron-manganese ore. 


M. 


Iron-manganese ore from dump. 


3) Manganese prospect Kay Bay Hill, eastern quarry. 


30 em 
20 em 
10 em 
20 em 


30 em 


Mineralized Pointe Blanche tuff, piedmontite-bearing. 


As M. 15. 


Schistose, mineralized Pointe Blanche tuff, piedmontite- 
bearing. 


Pointe Blanche tuff with iron-manganese ore. 
Strongly manganiferous Pointe Blanche tuff. 


Iron-manganese ore. 
Manganese ore from dump. 


4) Manganese prospect Kay Bay Hill, western quarry. 


100 em 
30 em 
40 em 


Mineralized, Globigerina-bearing Pointe Blanche tuff. 
Epidotized Pointe Blanche tuff. 
As M. 22, 


Iron-manganese ore. 


i 
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consisting of a zeolite. Moreover, the quartz-diorite contains a few large 
and corroded grains of epidote, while other accessory constituents are 
titanite, apatite, haematite, and ilmenite, the last-named species developed 
as crystal skeletons in titanite and as separate individuals surrounded 
by rims of leucoxene. Limonite occurs as secondary vein-filling material. 

The contact-metamorphic part of the same sample shows a development 
of two separate fields, one occupied chiefly by diopside, the other mainly 
by feldspar, a phenomenon to be attributed obviously to the lateral 
variation in composition of the original rock. The diopside field consists 
chiefly of colourless to light green diopside, accompanied by minor 
amounts of plagioclase of a composition near andesine, quartz, 
titanite, and ilmenite. The plagioclase field, on the other hand, consists 
mainly of andesine, together with a small quantity of diopside, a little 
more quartz, and scattered grains of titanite and ilmenite. 

A rim of diopside, developed in rather large columnar, colourless to 
light green individuals, occurs at the contact between the plutonic and 
the sedimentary part of the specimen. 

M. 29 Diopside-garnet-plagioclase rock. A rock of rather uniform grain 
consisting chiefly of light green diopside and a yellowish brown garnet, 
which latter mineral also occurs in larger grains with many inclusions. 
Next to these species follow titanite, developed as colourless grains without 
distinct crystal boundaries, and an acid plagioclase. The larger plagioclase 
individuals are oligoclase, partly twinned according to the albite law. 
Smaller plagioclase crystals fill up the interstices between the diopside 
and garnet grains. 

M. 30 Diopside-garnet-plagioclase-epidote rock. This fine-grained hornfels 
consists of large porphyroblasts of epidote and, to a lesser degree, of garnet. 
Both these minerals show a sieve structure, a lack of crystal boundaries, 
and numerous inclusions of very small titanite grains, feldspar, and 
quartz. Larger feldspar individuals, with twinning lamellae, are partly 
oligoclase (An 20 °%), partly andesine (An 40 %) and strongly altered into 
sericite, calcite, saussurite, chlorite, and a zeolite. The groundmass of the 
rock is chiefly formed by numerous small grains and crystal aggregates 
of titanite, rounded grains of light green diopside, yellow garnet, and of 
apatite grains without clear crystal boundaries. The interstices of this 
matrix are filled up with quartz, sodic plagioclase, and locally calcite 
with sporadic inclusions consisting of very small needles of actinolite. 

In addition to an isotropic garnet, this sample contains rather large 
grains of grossularite with abnormally high birefringence. Between crossed 
nicols this garnet variety, which appears to be of early formation, shows 
a development in three fields of mutually different directions of 
extinction. Similar phenomena were noticed in garnets occurring in sample 
Mes) (His? 2). 

M. 31 Granodiorite. This rock, occurring as a dike in contact- 
metamorphic Pointe Blanche tuffs, has a leucocratic appearance and 
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consists chiefly of orthoclase, plagioclase, and quartz. Orthoclase is a 
little more abundant than plagioclase; the amount of the latter surpasses 
that of quartz. The potassic feldspar occurs as large, irregularly outlined 
individuals, enclosing smaller crystals of plagioclase, quartz, and dark 
constituents. Plagioclase (oligoclase-andesine with An 32 %) has developed 
in grains of variable dimensions, which partly show idiomorphism ; 
further a zonal structure around a more basic nucleus occurs, and 
twinning according to the albite and Karlsbad laws. Quartz, as the last 
crystallization product, has no crystal boundaries. 

As the previous sample, this rock contains light yellowish gray garnets 
(very probably grossularite) with strongly abnormal birefringence and 
a division into three fields of different extinction (Fig. 2), each field 
also showing very fine polysynthetic twinning. 


Fig. 2. Garnet (grossularite) with strongly abnormal birefringence and a division 
into three fields of different extinction; as seen between crossed nicels. Sample 
M...31, (38). 


Accessory constituents of this rock are diopside-hedenbergite, titanite, 
apatite, epidote, zircon, and secondary calcite. 

M. 32 Diopside-garnet-plagioclase rock. The rock is a fine-grained 
hornfels with banding demonstrated by the alternation of zones 
consisting chiefly of andesine and diopside, as well as zones with many 
porphyroblasts of a yellowish brown garnet (probably grossularite) 
exhibiting sieve structure. The rock also contains larger plagioclase 
crystals with a nucleus of labrador surrounded by a rim of andesine 
(An 40%). The interstices between larger grains are filled up with 
very fine-grained andesine. Titanite occurs in colourless aggregates, while 
quartz appears sporadically. 

M. 33 Wollastonite-diopside-plagioclase rock. A rock with weakly 
pronounced banding caused by the succession of a zone rich in feldspar 
and a zone with abundant diopside, in which latter wollastonite gradually 
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increases in importance, until it becomes the major constituent. The 
wollastonite occurs as colourless, columnar individuals with well-developed 
cleavage and twinning lamellae in the direction of greatest extension. 
With the exception of a few large relics of feldspar, the wollastonite 
erystals are coarser than those of the other mineral species. Diopside 
appears as more or less rounded, greenish grains, occasionally showing 
a columnar shape with development of cleavage. Feldspar occurs as 
rather large relics, altered by sericitization and having the composition 
of andesine (An 40—50 °%), as well as small clear crystals. 

Aggregates of garnet, probably grossularite, are observed at a few places, 
while titanite, likewise developed as clusters of small grains, is still less 
common. Quartz only appears sporadically. 

Fissures through this rock are filled up with prehnite, recognizable by 
its high interference colours. 

The combination wollastonite-andesine points to a non-attainment of 
chemical equilibrium (HaRKER, 1950, pp. 94—95). In the present case this 
phenomenon might be attributed to quick cooling of the granodiorite 
dike in the immediate vicinity of the wollastonite-bearing rock, so that 
the crystallization of the mineral assemblage ended in a labile stage. 


2. Manganese prospect Experiment, southern pit 


The investigation of the samples taken at this spot and at Kay Bay 
Hill has been made with the aid of thin slides and of polished surfaces. 
The result of this study is given in the following. 

M.1 and M.2 Hornblende-odinite. The rock shows the structure of a 
porphyritic dike rock with phenocrysts of plagioclase, amphibole, and iron 
ore. The slightly sericitized and chloritized plagioclase phenocrysts, as well 
as the feldspar of the groundmass, have the composition of andesine 
(An 45 %), the larger individuals being twinned according to the albite, 
Karlsbad, and pericline laws. The strongly chloritized amphibole crystals 
are less idiomorphic than the larger feldspars and represent a light green 
variety of hornblende. Iron ore, presumably magnetite, as plagioclase 
and amphibole, occurs in two generations, one forming phenocrysts and 
the other a part of the groundmass. 

The matrix is holocrystalline and consists mainly of plagioclase; the 
interstices are filled up with small scales of chlorite, probably formed 
by the alteration of amphibole. Of the latter mineral small individuals 
may still be observed sporadically. 

M. 3 Magnetite-tremolite rock. A banded rock with alternating layers 
of iron ore and of very fine-grained material containing fragments of 
plagioclase of unknown composition and fibres of tremolite formed 
by metamorphism. The ore is martitized magnetite (Plate I, Fig. a) 
enclosing light green radial aggregations of pennine and grains of epidote 
and titanite. 

M. 4 Manganiferous contact-metamorphic Pointe Blanche tuff. Under 
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the ore microscope this rock shows narrow bands of very fine-grained 
pyrolusite and a small quantity of limonite. 

M. 5 Pointe Blanche tuff with iron-manganese ore. Macroscopically a 
rather compact ore with inclusions of country rock. The ore is mainly 
very fine-grained pyrolusite, enclosing some grains of magnetite charac- 
terized by a brownish tinge. Pyrolusite distinctly replaces magnetite. 
In addition, the rock contains some fine-grained limonite and is strongly 
magnetic. 

M. 6 Iron-manganese ore. The rock consists mainly of manganite 
characterized by its bluish grey colour, strong anisotropy, pronounced 
reflection pleochroism and red interior reflection colour. Magnetite occurs 
as idiomorphie crystals with a rather weak reflection power and beige hue. 
Pyrolusite and, in a lesser degree, a variety of psilomelane are developed 
as secondary alteration products. The ore is strongly magnetic. 

M. 7a Manganese ore. A mixture of jacobsite [((Mn™, Fe™, Mg) 
(Mn™, Fe™),O,], probably manganite, a variety of psilomelane, and 
pyrolusite. Jacobsite seems to be the primary constituent, which has 
been replaced largely by the other manganese minerals. It occurs as 
corroded, isotropic grains with an olive green colour, weak reflection 
power, and greater hardness as compared with the surrounding species. 
Enclosed skeletons of a dark bluish grey mineral are probably manganite, 
on account of their strong anisotropy and strong reflection pleochroism. 
The jacobsite grains are corroded by pyrolusite (recognizable by its high 
reflection power, strong anisotropy, strong reflection power, and yellowish 
white colour),. whereas psilomelane appears to be younger than both 
these species. Psilomelane shows a development into weakly reflecting, 
light and dark grey, concentric bands (Plate I, Fig. b). 

M. 7b Manganese ore. Almost similar to M. 7a, but consisting chiefly 
of banded psilomelane, a few remains of olive green jacobsite, some 
manganite, and locally pyrolusite. The ore is weakly magnetic. 

M. 7c Lron-manganese ore. The sample is chiefly manganite occurring 
as rather big bluish grey, strongly anisotropic crystals with red interior 
reflection. Magnetite appears as small idiomorphic individuals with a 
beige tinge, while banded psilomelane and pyrolusite are again developed 
as secondary alteration products. The ore is moderately magnetic. 


Iron-manganese ore from dump. Mainly pyrolusite with a few remnants 
of magnetite and manganite. 


3. Manganese prospect Kay Bay Hill, eastern quarry 


M. 15 Mineralized Pointe Blanche tuff, piedmontite-bearing. A weakly 
banded rock mainly consisting of introduced iron-manganese ore enveloping 
fragments of plagioclase with a refraction index higher than that of the 
balsam. Lenses of a very fine-grained substance contain fibres of tremolite 
and some albite. A few grains of piedmontite are quickly recognized by 
their characteristic pleochroism between yellow and violet, high refraction 


45 


index, and high birefringence. Haematite is locally developed as tiny 
scales, blood-red in transmitted light. 

M. 16 Mineralized Pointe Blanche tuff, piedmontite-bearing. Very 
similar to M. 15; likewise with fragments of plagioclase (in part albite), 
some piedmontite and haematite, and crossed by a veinlet of albite with 
enclosed fibres of tremolite. 

M. 17 Schistose, mineralized Pointe Blanche tuff, predmontite-bearing. 
Contains fragments of plagioclase (andesine with An 35—40 °% and 
twinning lamellae according to the Karlsbad and albite laws) in a miner- 
alized groundmass with piedmontite, limonite, and larger grains of an 
opaque ore mineral. The schistosity is caused by the development of 
parallel streaks of muscovite. 

M. 18 Pointe Blanche tuff with iron-manganese ore. Under the ore 
microscope the rock shows abundant limonite and locally somewhat 
coarser grained pyrolusite. The ore is not magnetic. 

M. 19 Strongly manganiferous Pointe Blanche tuff. An iron-manganese 
ore, consisting chiefly of plagioclase crystals (oligoclase-andesine with 
An + 30 % and also labrador with An + 55 %) cemented by limonite 
and manganese ore. The feldspar is partly replaced by chlorite, sericite, 
and kaolinite. In addition to fragments of plagioclase, the original tuff 
constituents comprise pieces of a porphyritic volcanic rock with tiny 
laths of feldspar in a glassy groundmass. 

The manganese ore is chiefly bixbyite [(Mn, Fe),0,] and partly later 
pyrolusite. In order to ascertain the true identity of the bixbyite, an 
X-ray powder diagram was made of more or less pure material with 
Cr K rays using a V filter. Spacings and estimated line intensities of 
bixbyite, according to M. Fierscuer and W. EK. Ricumonp (1943, p. 280) 
and analogous values from the diagram obtained with bixbyite, from 
the sample considered at the present moment, are given in Table II. 

In reflected light, the Kay Bay Hill bixbyite shows itself to be very 
fine-grained and crossed by veinlets of pyrolusite (Plate I, Fig. ¢). 
Its colour is greyish white with a bluish hue, while between crossed 

TABLE II 
Spacings (in Angstrém units) and estimated line intensities of bixbyite from Thomas 


Range, Utah, compared with analogous values from Kay Bay Hill bixbyite 
eee 


Thomas Range, Utah Kay Bay Hill, St. Martin 
Spacing (D) Intensity (1) Spacing (D) Intensity (1) 
ln 

2,985 3 3,00 Very weak 
20716 10 eles Very strong 
2,350 4 2,36 Moderately strong 
1,716 ap 5) ee Very weak 
1,654 9 1,66 Very strong 
1,564 2 ou Very weak 
1,527 3 1,53 Very weak 
1,418 8 1,42 Strong 
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nicols the mineral is nearly isotropic. The reflection power is rather high 
and the hardness well above that of pyrolusite. 

M. 20 Lron-manganese ore. A rock which partly consists of limonite- 
bearing country rock, and for the other part of fine-grained manganese 
ore showing the same characteristics as the bixbyite ore in sample M. 19. 

Manganese ore from dump. The polished surface shows chiefly 
manganite with later pyrolusite along cracks and as separate grains. 
The rock is not magnetic. 


4. Manganese prospect Kay Bay Hill, western quarry 


M. 21 Mineralized, Globigerina-bearing Pointe Blanche tuff. A banded 
rock with alternating thin carbonate and opaque ore bands. The carbonate 
layers contain many remains of globigerines (Plate I, Fig. d), whereas 
the ore layers only show few globigerines and relatively more plagioclase 
fragments. The globigerines of the carbonate streaks are sometimes filled 
up with opaque ore substance. Sericite occurs spread through the whole 
rock, 

M. 22 Epidotized Pointe Blanche tuff. About similar to M. 23, but 
with somewhat less epidote, and more pronouncedly banded, because of 
the alternation of layers almost devoid of ore substance and thin layers 
of opaque ore minerals. 

M. 23 Epidotized Pointe Blanche tuff. A rock which mainly consists of 
accumulated crystals of plagioclase (andesine with An + 40 %). Larger 
individuals of this mineral show more or less idiomorphic outlines and 
twinning according to the Karlsbad and albite laws. Epidote partly 
replaces the feldspars, frequently beginning its development in the nucleus 
of the latter species. Limonite and some manganese oxides act as 
cementing material. 

M. 24 Iron-manganese ore. The opaque substance of this sample 
chiefly consists of very fine-grained limonite and a lesser quantity of 
pyrolusite. ; 


5. Porphyrite, along the road S of Koolbaaiberg 


In thin section this rock appears to be a holocrystalline, porphyritic 
intrusive of andesitic composition showing strong propylitization. Chief 
constituent is andesine (An + 40%), occurring in two generations. Most 


Explication to Plate I. 


Fig. a. Magnetite ore showing martitization. Sample M. 3 (x 630). 

Fig. b. Rounded grains of jacobsite being replaced by a variety of psilomelane 
in upper part of figure. Lower part of microphoto chiefly pyrolusite. Sample M. 7a. 
(X 275). 

Fig. c. Fine-grained aggregate of bixbyite (gray) crossed by veinlet of pyrolusite 
(white). Sample M. 19. (x 275). 


Fig. d. Remains of globigerines in mineralized caleareous Pointe Blanche tuff. 
Sample M. 21. (x 130). 
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plagioclase individuals are not twinned: although some crystals show 
albite lamellae and twinning according to the Karlsbad law. Sporadic 
zonal structures may be observed. Alteration products of this feldspar 
are chlorite, saussurite, some kaolinite, and a small quantity of calcite. 
Originally existing augite phenocrysts are almost totally replaced by 
green hornblende and chlorite. Epidote occurs abundantly and like calcite, 
is a secondary mineral. Quartz, probably likewise of secondary origin, 
may be observed locally. Ilmenite, altered into titanite and leucoxene, 
appears to be one of the earliest crystallizations. 


CHEMICAL ANALYSES OF TRON-MANGANESE ORES 


Chemical analyses of mixed samples of iron-manganese ores from 
prospects Experiment and Kay Bay Hill are given in columns A and B 
of Table III, respectively. 


TABLE III 
Chemical analysis of iron-manganese ores from St. Martin 


Miners cob. O4. oe 6 A. Chemical composition of mixture of equal 
Biewnes es = ee LO10 2,91 weights of samples M. 6, M. 7, and sample from 
SiO pee | 2l5ole | 24716 dump taken at manganese prospect Experiment. 
{NUTR 5 GU 1,87 ; 10,19 B. Do. of equal weights of sample M. 20 and 
CaQie a ia 1,74 9,01 sample from dump taken at manganese prospect 
MV) og O719 1,14 Kay Bay Hill, eastern quarry. 

BaOR eee) |: O,11 0,12 Analysts: Chemical Bureau Dr LoBRy DE Bruyn, 
EO eras a < 0,293 | 0,11 Amsterdam. 

Cites nies. & 0,08 0,07 

JPost Nee 0,03 0,07 

Ait a -- -- 

Seas & & 0.06 0,14 

iE Ole ae eo allG 


According to the figures given in Table III, the St. Martin manganese 
ores are strongly siliceous iron-bearing manganese ores with about 
30—36 % Mn, 3—10% Fe, and 21—25 % S10, with, in addition, rather 
variable and sometimes appreciable amounts of Al,O, and CaO. J. H. 
WESTERMANN (1949, p. 89) records a recent analysis indicating 44—45 % 
Mn and only 14 % SiO,. These latter figures, however, presumably apply 
to very local samples. In any case, the economic exploitation of the 
known St. Martin ores will depend very much on the possibility of finding 
a cheap concentration process, by which non-metallic constituents could 


be eliminated. 


CONCLUDING REMARKS ON THE ORIGIN OF THE IRON-MANGANESE ORES 


The country rocks and iron-manganese ores described in this report 
have all been collected at or near the contacts of the St. Martin quartz- 
diorite—granodiorite intrusion, where the ore deposits are exclusively 


found. 
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Iron as well as manganese occurrences are developed in the contact 
zones, separately or as bodies of mixed iron-manganese ores. 

Close to the contacts of the plutonic body, the calcareous volcanic 
tuffs of the Eocene Pointe Blanche Formation, in which the ore lenses 
are located, are altered into lime-silicate hornfelses with plagioclase, 
diopside, garnet (frequently grossularite), tremolite, wollastonite, and 
epidote, which, away from the intrusive rock, are replaced by rocks rich 
in magnetite, grading, in their turn, into manganese or iron-manganese 
ore. This latter phenomenon is particularly well developed, e.g., near 
the contact of an odinite dike and Pointe Blanche tuff at the manganese 
prospect Experiment. 

The bulk of the iron-manganese ores consists of pyrolusite, psilomelane, 
manganite, and limonite, which minerals, perhaps with the exception of 
manganite, may be assumed to have been formed under conditions of 
atmospheric weathering. Relics of bixbyite and jacobsite probably 
represent, together with magnetite and piedmontite, the original ore 
minerals. 

As regards the temperature of formation of bixbyite and jacobsite, it 
may be remarked that B. Mason (1942, p. 120) favours a hydrothermal 
origin or a deposition by fumaroles of bixbyite occurrences in Patagonia 
and in Utah, while P. Ramponr (1950, pp. 674, 675, 685) considers 
jacobsite at Jacobsberg in Sweden and at Szolezva in Upper Hungary 
(now Russian territory) to have been formed by metamorphism of 
sedimentary manganese ores. This latter view is also held by RaMpOoHR 
with regard to the mode of formation of sitaparite (= bixbyite, according 
to Mason) at Sitapar (India) and at Langban (Sweden). Although the 
mode of crystallization of both these mineral species by regional or 
contact metamorphism of sedimentary manganese ores in some Precam- 
brian manganese deposits is still subject to much discussion, there 
apparently exists unanimity of opinion among the last named authors 
concerning their deposition at relatively high temperatures. This opinion 
receives ample support from the mode of occurrence of bixbyite and 
jacobsite on St. Martin, where these minerals are intimately associated 
with lime-silicate hornfelses and pyrometasomatic magnetite near the 
contacts of a quartz-diorite batholith. 

As regards the origin of the manganese, the following possibilities may 
be suggested. 

1) The manganese has been introduced metasomatically under high 
temperature conditions into the Pointe Blanche Formation immediately 
from the quartz-diorite magma in a state of coagulation. 

2) The metal has been leached from the Pointe Blanche tuffs by 
high-temperature hydrothermal solutions and re-deposited near the 
contacts of the quartz-diorite body, already partly crystallized. 

The second conception might be defended by pointing to the wide- 
spread occurrence of manganese deposits in Tertiary mountain ranges, in 


os 
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series with abundant basic volcanic rocks. However, according to a 
recent review by J. WESTERVELD (1951), some important occurrences, 
for instance in the Atlas regions of French Morocco, are located in 
sandstones, shales, and calcareous beds without volcanic material and 
apparently poor in manganese. 

It may, therefore, be suggested that the iron-manganese ores of 
St. Martin are pyrometasomatic-hydrothermal deposits, immediately 
associated with a plutonic intrusion of intermediate composition. 
The manganese has evidently been deposited at somewhat lower 
temperatures than the typical hornfels minerals and the magnetite, that 
is under more or less hypothermal conditions. The concentrations of 
jasper recorded by CHRISTMAN as accompanying the manganese deposits 
on the east side of Kay Bay and around Experiment, very much remind 
of the “bayate’ lenses which often join the hydrothermal manganese 
beds in the Eocene series N of the Sierra Maestra on Cuba, where they 
were certainly formed at low temperatures, according to the careful 
descriptions by Cu. F. Park and M. W. Cox (1944). 

Looking, on the other Antilles, for deposits of a kind similar to the 
iron-manganese ores of St. Martin, attention may be drawn to the 
extended occurrences of Sigua and Fantasia near the crest of the Sierra 
Maestra on Cuba, situated at about 56 km east of Santiago de Cuba. 
The Sigua-Fantasia ore bed is developed as an almost conformable 
intercalation between siliceous and calcareous tuffs of probably about 
the same age as the Pointe Blanche Formation on St. Martin. It is cut 
into two portions by an intrusion of diorite, around which the calcareous 
tuffs, following the description by ParK and Cox (1944, p. 352), are 
altered by contact metamorphism. The ores consist of piedmontite, 
braunite, neotocite (a hydrated silicate of Mn and Fe), psilomelane and 
pyrolusite. Almost vertical and cross-cutting vein fillings with pyrolusite, 
psilomelane, and braunite are also developed in the same region. As a 
type of mineralization, the Sigua-Fantasia deposits apparently belong to 
a higher temperature class than the manganese ores in or at the base of 
the Eocene Charce Redondo limestone N of the Sierra Maestra, where 
most of the Cuba manganese ores are found. 


Geological Institute of the University of Amsterdam 
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PETROGRAPHY 


PETROFABRIC ANALYSES OF SOME METAMORPHIC ROCKS 
FROM THE GUILLERIAS (NE SPAIN) 


BY, 


JW. C0. M VAN DER Slip 


(Communicated by Prof. G. H. R. von KOENIGSWALD at the meeting of Jan. 26, 1952) 


Introduction 


In the summer of 1949 a part of the Guillerias (N. E. Spain) was 
surveyed and a number of oriented rock samples were taken (fig. 1). 
The localities and specimen numbers are given in fig. 2. 

The Guillerias form the northern part of the prelittoral Cataldnides, 
a mountain range running parallel to the coast. The region was folded 
in the asturian phase of the variscan orogeny. During the tectonic 
movements leucogranites (now gneiss) intruded into the sediments and 
gave rise to contact metamorphic schists. Along the Riera de Osor late- 
syntectonic muscovite granites are found, together with biotite-sillimanite 
schists. 

A large post-tectonic granite intrusion affected the Guillerias complex 
and caused a rather extensive contact metamorphic aureole. Andalusite- 
biotite schists and hornfelses are found near the contacts: spotted slates 
are only found at a distance from both the gneiss and granite. 

The metamorphic rocks in this area are probably of Lower Silurian 
age. In several localities the beddingplane could be determined and 
it was invariably parallel to the schistosity. Lineations are only, and that 
rather badly, developed in the schists, especially in the western part of 
this region. As shown in fig. 3 no constancy in direction was found. 


fs “ARBUCIAS= "> * 
z etc. ere ye Gay eae 


BARCELONA 


Fig. 1. Generalized geological map, showing location of the surveyed area. 
(= the Guillerias). (gr = granites, t = tertiary rocks, m = mesozoic rocks, Pp = palae- 
ozoic rocks). 


52 


Methods 


The diagrams have been plotted on a Schmidt equal-area projection 
and they represent, in conformity with standard practice the lower 
hemisphere. The number of measurements of optical axes in a single | 


Fig. 4. Pole diagram of 200 quartzaxes from a 
biotite-sillimanite schist (sample 717, D 33872) 
Contour interval in per cent: 4—2—1. Schistosity 
N 70° E, 30° 8. 


Fig. 3. Equal-area projection (lower hemisphere) 
of the axes of lineation in the Guillerias. 


Fig. 5. Same as fig. 4 (sample 717, D 33873). 


Fig. 6. Same as fig. 4 (sample 717, D 33874). 
150 quartzaxes. Contour interval in per cen 
6—4—2. 
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slide is 200. The diagrams are non-selective with regard to grainsize. 
With the help of a parallel ruler a number of traverses were made, about 
perpendicular to the direction of schistosity. The slides have been sawn 
off normal to the plane of schistosity and parallel to the dip. All diagrams 


ig. 7. Composite diagram of fig. 4, 5, 6.550 Fig. 8. Pole diagram of 200 quartzaxes from an 
1artzaxes. Contour interval in per cent: 2—1.6 andalusie-biotite schist (sample 474, D 33875). 
| —0.8—0.4 (max. 3 %). Contour interval in per cent: 4—2—1. Schistosity 


N 80° H, 15° S. 


g. 9. Pole diagram of 50 quartzaxes from an Fig. 10. Pole diagram of 200 ge optic axes 
te ibole-biotite schist (sample 441, D 33876). from a marble (sample Bee) 3871) Contoar ey 
4 Schistosity N 125° E, 40° 8. val in per cent: 4—2—1. Schistosity N 70° E, 15 Sk 
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have been rotated and the plane of projection represents the horizontal 
plane. The dotted curve is the projection of the schistosity. A and B 
give the positions of the fabric axes. 

The measuring of the directions of the optical axes of the quartz and 
calcite grains has been carried out with the help of a method developed 
by Professor W. NrzEUWENKAMP (1951). It proved to be very time saving 
in comparison with the universal stage method. 

All thin sections and rock samples are in custody of the Mineralogisch- 
Geologisch Instituut, Utrecht, the Netherlands. 


Description of the rocks and the diagrams 


Biotite-sillimanite schist (sample 717). Structure: coarse lepido- 
blastic to nematoblastic. Usually an alternation is seen of quartz layers 
and biotite-sillimanite layers. In the quartz crystals many planes of 
liquid inclusions are found, running perpendicular to the schistosity. No 
undulatory extinction is seen. A part of the quartz grains are elongated 
(max. 2 mm X .1 mm; average .35 mm X .20 mm). 

Three slides parallel to each other were sawn off from the sample; the 
distance between each of the three thin sections is about 8 mm (D 33872, 
D 33873, D 33874; fig. 4, 5, 6). Although the three diagrams show the 
same type of orientation pattern of the quartzaxes, some differences 
can be observed. It is interesting to notice that within a distance of 1 cm 
in this sample the axes of the quartzcrystals did not react in exactly the 
same way to the tectonic movement. In the synoptic diagram (fig. 7) 
we see a large maximum on and near the plane of schistosity, forming 
a part of a broad girdle (N 160° E, 30° NE). The angle between the 
schistosity and the girdle is about 40°. 


Biotite-andalusite schist (sample 474). Structure: lepidoblastic. 
An alternation is seen of layers rich in biotite plus sericite (or andalusite) 
and layers rich in quartz. The micas are very well oriented. Quartz 
crystals usually are small (average .05 mm Xx .08 mm), sometimes forming 
elongated grains. The andalusite, confined to the biotite layers, are more 
or less lens shaped, showing an augen structure. 

This sample has been taken quite near a small fold (amplitude 5 em). 
The direction of the foldaxis and the lineation, which stands perpendicular 
to the axis are given in fig. 8. No obvious relation is seen between the 
micro- and the macro-structure. The greater part of the optical axes of 
the quartz are found in a girdle (N 25° E, 70° W). The angle between 
the schistosity and the girdle is about 60°. 


Amphibole-biotite schist (sample 441). Structure: nemato- 
granoblastic. The quartz grains are not elongated; they often show an 
undulatory extinction. Average diameter of the crystals is .1 mm xX 
x .08 mm. The biotite is only found in the layers rich in hornblende. 


. 
i 
\ 
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This rock forms a rather thin layer in the biotite schist (50 cm thick). 
A sedimentary origin of the hornblende schist is accepted (VAN DER SP, 
1951, p. 66). 

About 5 m away from this locality a small fold is found. Direction and 


ig. 11. Pole diagram of 200 quartzaxes from a Fig. 12. Pole diagram of 180 quartzaxes from a 

on-oriented quartzite (sample 1008, D 33394). foliated muscovite leucogranite (sample 529, D 

Contour interval in per cent- 4—2—l. 33871). Contour interval in per cent: 3—2—l1. 
Foliation N 80° E, 30°S. 


Fig. 14. Pole diagram of 150 quartzaxes from 
a gneiss (sample 95, D 33864) Contour interval 
in per cent: 3—2—1. Schistosity N 90° E, 40° 8. 


g.13. Pole diagram of axes of quartzcrystals 
+h undulose extinction. — — — = sample 528; 
—.—.— = sample 717. 
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plunge of the foldaxis is N 140° E, 10° to the SE (see fig. 9). Only 50 axes 
were measured, but already a preferred orientation is obvious, viz. a 


girdle in the ac plane. 


Marble (sample 537). The calcite is recrystallized in rather coarse 
crystals (average diameter .45 mm x .65 mm). Usually the calcite shows 
twin lamellae. In this sample a thin layer, parallel to the bedding is 
found. It consists of diopside. 

Slide D 33877 makes an angle of 45° with the bedding and is parallel 
to the direction of the dip. This plane has been chosen to facilitate the 
measuring. Fig. 10 shows a well defined girdle, making an angle of about 
80° with the bedding plane. As no lineation is found in the marbles, no 
more can be said about the orientation of the axes of the calcite. In 
marbles etc. usually a girdle in ac is found. (FATRBAIRN, 1942; FELKEL, 
1929; SANDER, 1930, 1950). A few kilometers to the South, in the 
Montseny area, the direction of a (and of 6) could be established on 
geological grounds (N 55° E, dipping to the SW). Supposing the same 
direction of transport in the Guillerias we deal in this sample with a 
girdle in be. 


Quartzite (sample 1008; 6 km SE of Arbucias, in the Riera de 
Arbucias; not shown on fig. 2). Structure: granoblastic. The quartz 
crystals are more or less elongated, sometimes with a sutured texture 
(max. 1.5 mm x .4 mm; average .8 mm x .15 mm). The sericite flakes 
are parallel to the bedding, as well as parallel to the elongation of the 
quartzes. 


Fig. 15. Pole diagram of 200 quartzaxes from a Fig. 16. Pole diagram of 200 quartzaxes from a 
gneiss (sample 1154, D 33867). Contour interval gneiss (sample 1154 A, D 33869). Contour interval 
in per cent: 4—2—1. Schistosity N 95° E, 40° S. in per cent: 4—2—1, Schistosity N 105° BE, 30° 8 

| 


J.W.C.M.VAN DER SIJP: Petrofabric analyses of some metamorphic rocks from the Guillertas (N.E. Spain) 
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Of this unoriented sample the quartzaxes have been measured to see 
whether any orientation is present. Fig. 11 gives the fabric diagram: a 
partially well developed girdle is seen. 


Muscovite leucogranite (sample 529). Structure: holocrystalline 
slightly foliated. The grainsize of the quartz varies much; often an 
undulatory extinction is seen. The muscovite and the biotite crystals are 
more or less parallel to each other. These late-syntectonic granites are 
only found in migmatic combination with biotite-sillimanite schists 
(sample 717). This sample of the leucogranite formed a part of a dike in 
the schist. These dikes always lie parallel to the schistosity of the sc’:’sts. 

The diagram given in fig. 12 does not show a definite orientation of the 
quartzaxes. Fig. 13 has been prepared to give an idea about the changing 
of the directions of the quartzaxes in one crystal with undulose extinction. 
Usually the changing is not great. 


TABLE I. Modal analyses of the rocks. 


1B) 3333 873 874 | 872 875 876 877 394 | 871 867 
a 
QWRIAA 5 ge 5 oe | 50 33 68 60 20 = 98 33 50 
[SKOOWS: go e e 36 52 20 10 t -- — 1 4 
Kefeldsparese ses 28 26 
Plagioclase .. . 8 10 10 — 25 ~ — 28 20 
Amphibole. . . . _ 45 
Sillimanite. ... 6 5 2 — 

SIMO. 6 5 bo 20 — — 2 10 — 
Caleivesm 1 t) 2s = 99 

Diopside 2 3: — | — | = - — il 

Mapnetite. . = . | = 3 

ENO R oes J, elt ate 

Andalusime. =. 10 


Gneiss (sample 95, 1154 twice, 627). Structure: granoblastic. Often 
more or less elongated quartz crystals are found, but not in such a way 
to give rise to the so-called granulitic quartz. The biotite (and sericite) 
lie in a parallel arrangement and this gives the rock its schistosity. The 
gneiss is very light-coloured (white to yellow-brown). A layering of 
alternating fine-grained and coarse-grained quartz is often seen (resp. 
.05mm X .04 mm and .7 mm xX .1 mm). 

Fig. 14 shows an oriented pattern of the quartz axes. In this sample 
(95), as well as in the two other samples, no lineation could be detected. 
Fig. 15 has a rather well developed girdle, making an angle of about 
80° with the schistosity. Comparing this diagram with that of fig. 16 no 
conformity is found. Fig. 16 gives an example of a b /\ b’ tectonite (two 
intersecting girdles: N 10° E, 60° W and N 130° E, 70° E; angles between 
these girdles and the schistosity are respectively 65° and 90°). It is 
somewhat peculiar that the diagrams 15 and 16 show so large a difference. 
The two rocks were collected about 10 m from each other. Of thin section 
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D 33864 the orientation of the larger and that of the smaller quartzes 
have been plotted separately. No differences in the pattern has been 
observed. The fabric analyse of sample 627 shows an unoriented pattern 
of the quartz axes (no diagram given). 


Conclusions and summary 


Petrofabric analyses of quartz- and calciteaxes have been made from 
a number of metamorphic rocks from the Guillerias area (N. E. Spain). 
These rocks usually split easily parallel to the schistosity and always show 
a rather distinct alternation of layers more or less rich in quartz. In the 
diagrams (lower hemisphere) with a more or less preferred orientation of 
the axes girdles can be seen, pointing to so-called B-tectonics. Only in 
two cases a lineation has been found which could be used to orientate the 
fabric with regard to the local tectonic movement. 

A few kilometers to the South, in the Montseny area, it could be shown 
that the direction of transport was about N 55° E (VAN DER Sip, 1951). 
In the Guillerias, however, the lineation pattern hardly shows a preference 
for a definite direction. In fig. 8 and 9 the difficulties to come to an 
unambiguous solution are well illustrated; the directions of the foldaxes 
of both localities differ about 60° with each other. The orientation of the 
girdles in the diagrams do not give an indication either. The differences 
between the diagrams are also too large to be of any help to unravel the 
direction of transport. Possible causes for these mutual differences between 
the orientations of the axes may be; a) a recrystallization outlasting the 
tectonic movements and obliterating the prefered orientation, perhaps 
accentuated by the post-tectonic granite intrusion; 6b) a superposition 
of two or more directions of movement, including a possible uplifting of 
the area by the post-tectonic intrusion; c) disturbance of the homogeneity 
of the schist complex with regard to the tectonic movements by the 
syn-tectonic gneiss bodies (With respect to the joints a difference could 
be demonstrated between the orientation of the joints in the schist and 
that in the gneiss, VAN DER Sip, 1951, p. 71). 

In this stage of the investigation of this region it is not possible to 
ascertain the movement picture. This region, however, forms a part of 
the much larger, and less metamorphic Cataldnides the direction of 
transport of which is known,viz. N 55° E. It seems probable that also 
in the Guillerfas the same tectonic movements took place, but owing to 
secondary causes the regularity in the structural pattern was disturbed. 
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GEOPHYSICS 


EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE. I 


BY 


Ln -P. G. KONING 


(Communicated by Prof. F. A. VEntNG Mernesz at the meeting of December 22, 1951) 


I. The East Indian Archipelago 


Introduction 

After TuRNER !) had pointed out in 1922 the existence of deep-focus 
earthquakes, many investigators have occupied themselves with problems 
raised by this discovery. Besides the development of methods for determ- 
ining origin time, travel time, depth of focus, etc., it was endeavoured 
to establish the relationship between the geographical distribution of 
the earthquakes and the focal depth. 

BERLAGE ®) was of the opinion that the foci of the deep-focus earthquakes 
in the East Indian Archipelago may be arranged in an inclined surface 
sloping down to a depth of the order of 600 km and dipping towards 
the Asiatic continent. A comparable arrangement has also been established 
for other regions. 

The conformity of the seismograms of shallow and deep earthquakes 
led to the supposition that fractures occur at a large depth in just the 
same way as in the earth’s crust. 

The author *) investigated the earthquake of June 29, 1934 in the 
Flores Sea with focal depth of about 700 km. Based upon the geographical 
distribution of dilatations and compressions he found a mechanism of 
fracturing in the focus of the earthquake. Originally the position of the 
probable faultplane was derived from the strike and dip of the hypothetical 
surface of BERLAGE. Later investigations by the author 4) proved, however, 
that according to the observed geographical distribution of dilatations 


1) H. H. Turner, On the arrival of earthquake waves at the antipodes and 
on the measurement of the focal depth of an earthquake. Monthly Not. Roy. Astr. 
Soe. London, Geoph. Suppl., 1, 1—13 (1922). 

*) H. P. Bernacr, A provisonal catalogue of deep-focus earthquakes in the 
Netherlands East Indies, 1918 —1934, Gerl. Beitr. z. Geoph., 50; 1—17 (1937). 

8) L. P. G. Kontnea, On the mechanism of deep-focus earthquakes, Gerl. Beitr, 
z. Geoph., 58, 159—197 (1941). 

4) L. P. G. Konrnea, On the determination of the faultplanes in the hypocentre 
of the deep-focus earthquake of June 29, 1934 in the Netherlands East Indies, 
Proc. Ned. Akad. v. Wetensch., 45, No. 7, 636 —642 (1942) 
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and compressions many positions of the faultplane were more or less 
independent of BERLAGE’s surface. 

As the magnitudes of many shallow and deep earthquakes have been 
published by GuTENBERG and RicHTER}) it is possible to obtain more 
information about the character of BuRLaGcr’s hypothetical plane. In 
the present paper the writer develops a method to obtain this information. 

The earth has been divided into the following layers: 0—50, 50—100, 
100—150, 150—200, 200—250, 250—-300, 300—400, 400—500, 500—600, 
600—700 and 700—720 km. 

For every layer a map has been drawn, on which the epicentres of 
the earthquakes occurring in the layer concerned have been plotted. 
The earthquakes with focal depth equal to the transition depth of two 
layers have been plotted on both corresponding maps. Subsequently 
the epicentres of the earthquakes with the same magnitude have been 
connected, this giving rise to iso-magnitude lines. In the following paragraph 
these magnitude maps are discussed more in detail. 

In the present paper the result of the study of the geographical distri- 
bution in relation to their depths and magnitudes is only given for the 
East Indian Archipelago. The results of similar investigations on earth- 
quakes in other parts of the world will be published later. 


The magnitude maps 
The figures 1—11 represent the magnitude maps for the various layers. 


0—50 km layer (fig. 1) 

The region surrounded by the iso-magnitude lines coincides approxi- 
mately with the border of the Indian Archipelago. This area extends 
along the western coast of Sumatra, over Java and the Lesser Sunda 
Islands to N.Guinea. More to the north, in the eastern part of the Archi- 
pelago a U-shaped belt occurs extending from the east of Mindanao 
towards the south, passing between Halmahera and the northern peninsula 
of Celebes, then bending towards the west and extending over eastern 
Borneo to the north up to western Mindanao. 

Though the course of the iso-magnitude lines is by no means precise, 
as a consequence of the small number of earthquakes with determined 
magnitude values, nevertheless some outstanding centres of seismic 
activity are present. In these centres the magnitude amounts to 7}. 
The centres are also marked by the iso-magnitude lines for M = 7. Between 
these centres of relatively strong seismic activity there occur regions 
in which the activity is smaller. Considering the geographical location 
of the centres a more or less regular distribution in horizontal sense seems 


to occur. 


1) B. Gurenserc and C. F. Ricuter, Seismicity of the earth, (Princeton 
University Press, 1949). 
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This is especially obvious in the region along the west coast of Sumatra 
and also in the north-south trending eastern branch of the U -shaped belt. 
According to the map, the emission of the mechanical earthquake energy, 
approximately expressed by the magnitude value, seems to be functionally 
related to the main direction of the seismic region, in a more or less 
“fluctuating” way. This remarkable fact Suggests that the stress conditions 
responsible for the origin of earthquakes with M = 7, are determined 
by a process, which causes a certain regularity with regard to the distri- 
bution in horizontal sense. 

The seismic regions of Java and the Lesser Sunda Islands up to 
N. Guinea, as well as the western branch of the U -shaped belt on Celebes 
and eastern Borneo are characterized by a smaller epicentral density. In 
these regions the centres of relatively strong seismic activity (M > 7) lie 
farther apart than in the two former regions. 


50—100 km layer (fig. 2) 


The course of the iso-magnitude lines on the map for the 50—100 km 
layer shows some differences with respect to that of the lines on the 
map of the upper layer. The strip along the west coast of Sumatra and 
southern Java continues to exist. The number of centres of maximum 
seismic activity, however, is decreased, whereas these centres lie farther 
apart. Moreover it appears from the map that the belt south of Java is 
considerably smaller. In contrast with the corresponding part of the belt 
on the map of the higher layer it shows a better adjustment with regard 
to its shape and the epicentral density. 

It is interesting to note that in the region between the Isle of Alor 
western N. Guinea, Halmahera and 8S. E. Celebes earthquake foci are 
almost absent, the more interesting as in the corresponding regions of 
the higher layer earthquakes are of frequent occurrence. On the other 
hand a new region of seismic activity begins to develop between eastern 
Timor and the Tenimber Islands. In the north-eastern part of the Archi- 
pelago inportant differences in the course of the iso-magnitude lines on 
both maps arise. In the first place the western branch of the U-shaped 
belt has disappeared on the 50—100 km map. Secondly in the remaining 
J-shaped belt there are less centres of relatively strong seismic activity 
with M > 7. 

Considering the geographical location of the centres on the 50—100 km 
depth map it seems that a more or less regular distribution in horizontal 
sense is present again in the seismic belt along the west coast of Sumatra. 
This possible regularity occurring in this layer shows other dimensions 
than observed in the upper layer. 

While in the western part of the Indian Archipelago a certain parallelism 
in horizontal distribution of the centres is observed in both layers, in the 
eastern part this phenomenon appears to be very indistinct. 

5 Series B 


66 


100—150 km layer (fig. 3) 

In contrast with the maps of the two higher layers, on which the course 
of the iso-magnitude lines and the geographical distribution of the centres 
of relatively strong seismic activity generally show a certain similarity, 
the map of the 100—150 km layer represents a seismicity differing in 
some respects. 

Firstly the belt along the western coast of Sumatra is no longer a 
single one, but appears to be divided into three separate areas, representing 
centres of seisthic activity with magnitude M = 7. Secondly the magnitude 
M = 7% does not occur. 

The region between eastern Timor and the Tenimber Islands, developed 
in the 50—100 km layer shows an increase in size. On the other hand 
the number of earthquakes near the Lesser Sunda Islands (Flores) has 
considerably decreased, while the maximum value of the magnitude 
diminished from M—=7 to M = 63. 

The J-shaped belt in the northeastern part of the Archipelago corresponds 
well with that on the map of the 50—100 km layer. Considering the seismic 
areas along Sumatra and Java, the geography of the epicentres suggests 
a more or less regular distribution of the foci. The mutual distances 
between the separate centres, however, are larger than the corresponding 
ones in the higher layer. This regularity in the distribution of the centres 
of relatively strong seismic activity is hardly recognizable in the J- 
shaped belt. 


150—200 km layer (fig. 4) 


The decreasing number of earthquakes with increasing focal depth, 
appearing on the maps for the 50—100 km and 100—150 km layers mainly 
along the west coast of Sumatra continues in the 150—200 km layer. 
Only one earthquake remained with a magnitude M = 6} in a depth 
of 150 km (99° E, 4° N) and one earthquake with the same epicentre, 
with a magnitude M — 6} in a focal depth of 200 km. In this part of the 
Archipelago there are no earthquakes in the deeper layers. Apparently 
the accumulation of stresses is too small to cause strong earthquakes. 

Quite different are the relations in the eastern part of the Archipelago. 
Here two areas occur where seismic activity, extending to larger depths, 
is disclosed. 

It is noteworthy that the J-shaped belt is still present. On the other hand 
it appears that the centres of relatively strong seismic activity now show 
a divergence in the geographical positions. 

The strong activity characterizing the north-south trending branch 
of the J-shaped belt on the map of the 100—150 km layer has disappeared 
and been replaced by only two earthquakes with magnitudes of 64 and 
6} resp. The second region extends from Timor and Flores to the Tenimber 
Islands. Only one centre with magnitude M = 7 is present, surrounded 
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by three centres with magnitudes = 7 (when the earthquake with magnitude 
M = 6,9, 125° EK, 9°S is included). 


200—250 km layer (fig. 5) 

It appears from the map that the number of earthquakes in the 200— 
250 km layer has considerably diminished. Also a decrease in the seismic 
activity is observed. This is the case particularly in the region west of 
Flores. It seems that the centre of maximum seismicity has been displaced 
from 129° EK, 7°S on the 150—200 km map to 1233° E, 84°S on the 
200—250 km map. 


250—300 km layer (fig. 6) 

On the map of this layer there are only two areas where some earth- 
quakes have occurred. One of these areas, a continuation to the depth 
of the J-shaped belt from the higher layers, has its location in the extension 
of the northern peninsula of Celebes. The largest value of the magnitude 
amounts to M = 63. 

The second area, small in dimensions, is situated north-west of the 
Tenimber Islands. Only six earthquakes of all shocks occurring in the 
period from Jan. 1904 to Dec. 1946, the magnitudes of which have been 
computed by GurenBEeRG and Ricurer have taken place in this layer. 
This very small number, as well as the smaller values of the magnitudes 
may justify the conclusion that in this depth the intensity of the processes 
is not high enough to give rise to stresses resulting in strong earthquakes. 


300—400 km layer (fig. 7) 

In this layer six earthquakes of which the magnitudes is known have 
taken place. The magnitudes of these shocks show a slight tendency to 
increase. There are again centres in which the magnitude amounts to 
M = 7. The region northeast of Timor is in fairly good harmony with the 
corresponding areas on the map of the 250—300 km layer. Here the 
maximum value of the magnitudes amounts to M = 63. 


400—500 km layer (fig. 8) 

The distribution and the number of the epicentres and the values of 
the magnitudes on the map of the 400—500 km layer do not differ much 
from those on the map of the higher layer. The centre of relatively strong 
seismic activity (J = 7) north of Soembawa on the map of the 300— 
400 km layer has now disappeared and is replaced by a shock with 
magnitude M = 6, located more eastwardly. 


500—600 km layer (fig. 9) 
As appears from the map of epicentres for the 500—600 km layer the 
seismic activity becomes stronger now with increasing depth. This is 
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demonstrated in the first place by the number of earthquakes in this 
layer as compared with that of the three higher layers and in the second 
place by the larger values of the magnitudes. 

There are three seismic areas on the map the location of two of them 
corresponds fairly well with those on the three foregoing maps. 

The north-south trending belt north of Celebes is characterized by 
two centres (a southern and a northern) of relatively strong seismic 
activity (M =7 and M = 6,9). The active centre between Flores and 
south Celebes with M =7 is surrounded by a number of shocks with 
M = 63. 

Between eastern Java and Borneo a third area begins to develop in 
this layer. 


600—700 km layer (fig. 10) 


The geographical location of the epicentres on the map of the 600— 
700 km layer corresponds well with that on the map of the higher layer. 
In the north-south trending region north of Celebes the activity in the 
deeper layer is somewhat stronger. The two areas south of Borneo and 
Celebes and north of eastern Java and Flores on map 9 have now been 
joined to one region. In this strip two centres of earthquakes with magni- 
tude M = 7 occur. As appears from the maps, the increase of the magni- 
tudes, started in the 500—600 km layer has continued in this deeper 
part of the earth. 


700—720 km layer (fig. 11) 


In this deepest layer the earthquake foci are concentrated in a small 
area situated between Flores and Celebes. The magnitudes of the small 
number of shocks vary between M = 6 and M = 6,9, the seismic intensity 
remaining approximately equal to that in the above-lying layer. It is 
a remarkable fact that not a single earthquake of known magnitude 
with focal depth of 700—720 km has occurred in the region north of Celebes. 
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EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE. II 


BY 


L. P. G. KONING 


(Communicated by Prof. F. A. Ventne Mernesz at the meeting of December 22, 1951) 


Summary 


Considering the magnitude maps the following problem arises. 

Is it permitted to attribute any significance to the iso-magnitude 
lines drawn on the maps, in other words, is it justified to draw such 
lines and, if confirmed, is the course of the drawn lines based on the 
small number of data acceptable? 

The whole process causing earthquakes may be considered as a continu- 
ous process taking place during a long era in one or more regions of the 
earth as part of its evolution. When a small number of earthquakes 
occurring during a relatively very short period in a particular region 
of the earth is studied, it seems justified to consider these shocks as having 
occurred at the same moment. This small group of shocks is not only a 
manifestation of the large process, but also the records of the earth- 
quakes represent a reflection of this process. The continous process, 
however, is a function both of time and of space. The manifestations of 
the process may differ from place to place, i.e. various stress conditions 
may develop which, considered at a particular moment may generally 
show local differences. It may be expected that in the spatial distribution 
of the stress conditions a definite system occurs with respect to the 
intensity. 

Regions of large stress accumulations may alternate in horizontal as 
well as in vertical sense with such of less strong stress accumulations. 
The magnitude of earthquakes is a measure for the quantity of emitted 
mechanical energy, this quantity being related to the stress condition 
causing the shock. Now the magnitudes of a large number of earthquakes 
is known, it may be possible to ascertain the spatial distribution system 
in order to obtain some information on the large process. The determi- 
nation of this spatial distribution system is carried out by considering the 
earthquake foci as spatially distributed points to which definite values 
are given (magnitudes), thus composing a field, a magnitude field. Within 
this field iso-magnitude surfaces may be thought to be present, the 
magnitude maps representing intersections of certain levels with these 


surfaces. 
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The author is fully aware of the fact, that the available data are in- 
sufficient for the precise determination of the course of the lines. Only 
a provisional and rough representation is given in the drawings. 

Another problem is the unavoidable subjectivity which played a role 
while drawing; in fact it is possible that regions separatedly drawn should 
have been joined or reversely. 

Considering now again the magnitude maps we may note the following 
points. 

1. The maps of the 50—100 km layer shows a much more complicated 
representation of the geographical distribution of the epicentres with 
regard to the magnitudes than those of the deeper zones. On the other 
hand there is a striking similarity in the course of the magnitude lines 
on the maps for all layers deeper than 50 km. This difference between 
the surface layer and the deeper parts of the earth may be caused by the 
complicated structure of the crustal layer. Only a part of the shallow 
earthquakes may be directly related to the spatial position of the inter- 
mediate and deep foci while the remaining shallow shocks might be more 
related to local crust phenomena. 

2. The regularity in the distribution of the centres of relatively strong 
seismic activity, observed on the map for the 0—50 km layer, is pre- 
sumably also present on the maps for the 50—100 and 100—150 km layers. 
This phenomenon, however, is more distinctly disclosed along the west 
coast of Sumatra than in the eastern part of the Archipelago. The conti- 
nuation of the more or less regular distribution of the centres in the deeper 
layers, though remarkable, was to be expected. This phenomenon seems 
to point to a regular distribution of the centres not only in a horizontal 
but also in a vertical sense. The increase of the mutual distances between 
the centres with increasing depth is a striking fact. The absence of the 
regularity on the maps of the deeper layers may be caused by the too 
small number of shocks in these parts of the earth. 

3. The geographical distribution of the earthquake foci with regard 
to their depths is remarkable. For the East Indian Archipelago there 
are two belts of seismic activity. 

a. A belt of shallow and intermediate shocks along the west coast of 
Sumatra, the south coast of Java and over the Lesser Sunda Islands 
up to N. Guinea. 

b. A J-shaped belt in the north eastern part of the Archipelago. 


Below the first-mentioned belt there occurs a strip of deep foci, separated 
from it by a gap. Both strips are more or less parallel, the deepest one 
trending from Central Java to the east and there joining the strip of 
intermediate shocks. 

Compared with the intermediate and shallow strip the deepest one 
occurs more towards the Asiatic continent. 

Also below the J-shaped belt there extends a strip of deep foci, separated 


RIOR 12 14 16 18 20m 22, aS 7) 7s} GOB 


Fig. 12. Location of the profiles P. 1—P. 53 through the seismic zones in the 
East Indian Archipelago. 
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from the intermediated and shallow one by a gap, parallel to it and lying 
at the concave side of the J-shaped zone. 

The constructed profiles (fig. 13, 14 and 15) clearly demonstrate the 
position in space of the seismic zones. 


The profiles 
Through the region of the Indian Archipelago, for which seismic 
magnitude maps were composed (fig. 1—11) a number of profiles has 
been constructed in order to obtain some information as to the course 
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of the magnitudes as a function of depth. The geographical location 
of the profiles is indicated on Ho. 12: 


Description of the profiles 

In the seismic zone extending along the west coast of Sumatra only 
shallow and intermediate earthquakes occur up to a depth of 200 km. 
From the profiles (fig. 13, P. 1—P. 9) it appears that the foci are arranged 
in zone of some hundreds of kilometers broad and deep. 

Contrasting with other regions these profiles give the impression 
that the shapes of the iso-magnitude surfaces are not very complicated. 

The profiles (fig. 14, P. 11—P. 29) through the west-east trending part 
of the seismic belt along the south coast of Java to Central Timor are 
characterized by an already mentioned remarkable presence of a gap. 
The size of this gap is variable, but its base occurs in a constant depth 
of 500 km in the profiles P. 11—P. 18. In the two following profiles P. 19 
and P. 20 this depth increases to 600 km, while in the profiles P. 21—P. 26 
this depth diminishes to 500 km. Going in eastern direction the depth 
of the base of the gap decreases and finally it vanishes. 

The further course of this seismic zone appears from the profiles P. 27— 
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Fig. 13,14and15. Profiles through the seismic zones in the East Indian Archipelago. 


76 


P. 32 and the three added profiles P. 33—P. 35. These three profiles not 
coinciding with meridians, have been added as in the neighbourhood of 
Central Timor the seismic zone gives the impression of slightly bending 
to the north east. 

The geographical location of the epicentres and the focal depths yielded 
together with the magnitudes the data for the composition of the magni- 
tude maps. These data, however, do not seem to justify the drawing of 
a connection between the west-east trending belt and the J-shaped zone. 
Considering the profiles through the latter zone (fig. 14, P. 22—P. 24, 
fig. 15, P. 36—P. 41 and P. 51—P. 53) the supposition is justified that 
the J-shaped zone is an independent one, like the west-east trending zone, 
without a connection between the two zones. In 1943 VissER *) published 
a map of the East Indian Archipelago with the seismic isobaths. In 
contrast with BERLAGE *) he omitted the lines in the region of the Banda 
Sea due to the absence of deep-focus earthquakes. This idea now seems 
to be established by the present investigations. 

In the J-shaped zone a gap is also present. From the profiles (fig. 15, 
P. 51—P. 53) it appears that the gap is reduced to a minimum in the 
inflextionpoint of the zone. 

A general consideration of the profiles shows that the shapes of the 
iso-magnitude surfaces have particular curvatures. It seems that there 
is some regularity. At definite depths curvatures with a certain direction 
alternate with such with opposite directions at other depths. This re- 
markable phenomenon is entirely absent in the seismic zone along the 
west coast of Sumatra. The occurrence of only shallow and intermediate 
earthquakes in this zone, combined with the uncomplicated shapes of 
the iso-magnitude surfaces may probably be brought into relation to 
the main influences of the Asiatic continent and the surrounding regions, 
acting more or less parallel to the direction of the seismic zone or including 
a small angle with it in this part of the Indian Archipelago. 


Concluding remarks 


The study of the geographical location of the epicentres, the focal 
depth and the magnitude of earthquakes, which have taken place in the 
Indian Archipelago during the period from Jan. 1904—Dec. 1946, leads 
to the following conclusions. 

1. The earthquake foci of all depths in the East Indian Archipelago 
cannot be arranged in one surface sloping down to a depth of the order 
of 600 km, but they are spatially distributed in a way illustrated in the 
fig.. 13, 14 and 16. 

2. In this part of the earth there are two separate seismic zones: a 
belt trending along the west coast of Sumatra, over Java and the Lesser 


1) §. W. Visser, Seismologie, (Gorinchem, J. Noorduijn en Zn, N.V., 1943). 
*) H. P. Beruaas, op. cit. p. 15. 
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Sunda Islands up to N. Guinea and a J -shaped belt in the north-eastern 
part. 

3. A more or less regular distribution of the centres of relatively 
strong seismic activity exists in horizontal as well as in vertical sense. 

4. Presumably there are two groups of shallow shocks: some of the 
shallow earthquakes are closely related to the intermediate shocks while 
other shocks, not showing this relationship, may be interpreted as local 
crust phenomena. 


Amsterdam, Geological Institute 
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1. Abstract 


An attempt is made to unravel structurally the character of the bothnian 
Tampere schist belt with respect to the division of the Fennoscandian 
Precambrian into former mountain belts. 

A structural boundary, discovered near the northern limit of the Tam- 
pere zone, divides the Kuhmoinen area in parts of different but individually 
homogeneous tectonics. The analysis of the boundary zone revealed a 


younger age of the structural development of the part north of the 
boundary. 


2. Introduction 


With the growth of the geologic knowledge of the Precambrian, attempts 
were made to classify the major structures of the Fennoscandian shield. 
Although great progress has been made in the unravelling of the pre- 
cambrian history of the shield, the available data at present hardly permit 
more than a hypothetical division of Fennoscandia into orogenic belts. 
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Recent classifications mention two, three or four precambrian orogenic 
cycles. 

One of the best established orogenic belts, the Svecofennides, covers 
South Finland and Central Sweden. To the north a narrow girdle of schists 
and volcanics, the so-called Tampere schist zone, forms a border with the 
Central Finnish area. The orogenic consistency of this area is subject of 
the contradictory classifications. Although not emphasized, the Central 
Finnish area is either suggested to belong to svecofennian territory or is 
mentioned as part of the younger gotokarelian orogen. Accordingly, the 
Tampere zone is supposed to be either an interorogenic or an orogenic 
border zone. 

Although many investigations have been made in the Tampere schist 
zone, few comparable structural and petrological details from north and 
south of the border zone are available, which could support one of the 
contradictory classifications. Especially the individuality of the supra- 
crustal rocks of the Tampere schist girdle is considered to be a strong 
indication for some kind of a border between the southern Svecofennides 
and the Central Finnish area. 

The scope of the present work was to collect more data which might 
elucidate the status of the Tampere zone in the orogenic development of 
the Fennoscandian shield. An endeavour is being made to trace possible 
changes in the geologic properties in a strip-like area through the supposed 
border zone (fig. 13). As available structural data are few and tectonic 
investigations in particular were expected to give valuable information, 
the structural analysis is especially emphasized in this paper. The in- 
vestigated area is situated near Kuhmoinen about 75 kilometres east of 
Tampere and includes the eastward continuation of the Tampere schist 
zone. 
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4. Geologic outline of the Kuhmoinen area 

The mapped area, situated in the parish Kuhmoinen, forms a N—S strip 
of 20 kilometres long and about 10 kilometres wide. Previous geologic 
mapping in this region was done in the last decade of the 19th century 
and published in sheet C2 (Mikkeli) of the Geological Map of Finland 
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Fig. 1. General geologic map of the Kuhmoinen area. Signatures identical to those 
of the petrotectonic map at the back. 


81 
1 : 400,000 with a description by Frostrrvus (1902). As the Kuhmoinen 
area includes the eastern end of the Tampere schist zone, it is also to be 
found in the map and description of the schist zone by SEDERHOLM 
(1897). 

The present map of the Kuhmoinen area (fig. 1 and the map at the back) 
is in general outline similar to the corresponding part of FrosTERus’ map 
(1902), but differs in petrogenetic conception. No fundamental dictinction 
is made between “‘prebothnian gneiss”, “‘prebothnian veined gneiss”’ and 
“bothnian schist’’ except for grades of migmatitization and recrystallisa- 
tion. The “older” and “younger granite” in the southeastern massif 
appeared to belong together, forming one composite massif ranging from 
gabbro to granite. The mapped part of the “younger heterogeneous Central 
Finnish granite area” is found to be composed of gneiss of supracrustal 
origin and well-defined porphyritic granodiorite massifs of exactly the 
Same appearance as the “‘older porphyritic granite” in the central part of 
the mapped area. No distinction could be made between the gneiss of the 
“Central Finnish area” and the zone of “prebothnian gneiss” south of it. 

The petrotectonic map of the Kuhmoinen area shows a number of well- 
defined intrusive massifs of varying composition in a folded supracrustal 
series, subdivided according to primary and secondary differences in rock 
types. No traces have been observed of unconformities in the supra- 
crustal rocks, nor could a well-marked limitation of the ‘“bothnian 
formation” be found. The less-metamorphosed part of this series, a zone 
of two to three kilometres broad in the centre of the mapped area, includes 
phyllite, iron ore and gneiss with occasionally graded bedding and volcanic 
textures. Most of this zone is composed of fine-grained dark gneiss in 
which kilometre-long beds of phyllite and iron ore could be traced. 

Southward a general increase in migmatitic and metamorphic effects is 
observed. A stronger migmatitization is accompanied by a coarser 
granularity of the rock. Veins show a tendency to fade away and the rock 
becomes a medium-grained gneiss with bands or lenses of the original 
fine-grained gneiss. In a last stage the rock has changed into a medium- 
grained gneiss with schlieren of biotite-rich material and occasional quartz 
lumps as in the original rock. 

Although there is a general increase in migmatitization and recrystall- 
isation of the supracrustal series southward from the less-metamorphosed 
zone, locally rapid transitions are very common. Also in the northern 
part of the mapped area a similar occurrence of more and less migmatized 
and recrystallised parts in the gneiss are found. The irregularity in occur- 
rence may be related to locally differing conditions during the structural 
development of the area. 

All intrusive massifs in the north as well as in the south of the mapped 
area are well-defined against the supracrustal rocks. Near the contacts 
dikes and veins originating from the massifs have been found. In contrary 
to the four large lenticular massifs in the northern part, which have a 
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homogeneous porphyritic granodioritic composition, the southeastern 
massif is highly composite. Gabbroic, dioritic and noritic parts have been 
observed surrounded by granitic, granodioritic, tonalitic and trondhjemitic 
varieties. The mutual limitation of the darker against the lighter varieties 
is mostly sharp and irregular, showing the former to be of earlier emplace- 
ment than the latter. The rocks of the mentioned massifs are usually 
strongly oriented. 

Three small intrusive lenses, one in the north and two in the south of 
the area, consist of homogeneous coarse-textured peridotite. In many 
places, though restricted to the supracrustal rocks south of the less- 
migmatized zone, small occurrences of granite and pegmatitic granite 
have been found. Their location and shape show a relation with the 
structural development of the area, but lack of orientation in the rock 
indicates a relative young age of the emplacement compared with the 
larger massifs. Dikes of pegmatite, usually straight-cutting, are found in 
the supracrustal as well as in the intrusive rocks throughout the area. 


5. Petrogenetic history 

The supracrustal series is the oldest complex in the Kuhmoinen area, 
No indications have been found justifying a subdivision into formations 
of different age. The series shows a gradual transition from beds with 
sedimentary stratification via migmatites into medium-grained schlieren 
gneiss. 

Among the older intrusive rocks, as observed in the southeastern massif, 
there is an obvious difference in time between the intrusion of darker and 
lighter rocks. Sharp, though irregular contacts and darker inclusions and 
lighter dikes and veins near the contacts, indicate a sequence of intrusive 
actions with gradually lighter material. 

The older intrusives may be divided into petrologically distinet dif- 
ferentiation series, which have transitional varieties. The trondhjemite 
series with medium-grained, granoblastic rocks, includes gabbro and 
diorite in the basic division and trondhjemite pegmatite veins and dikes 
in the migmatites. The fine-grained hypidiomorphie norite and hyper- 
sthene-bearing gabbro and diorite form with the peridotite the basic 
division of the charnockite series of which the intermediate division is less 
distinctly represented in the mapped part of the southeastern massif. 

Transitional varieties between the corresponding members of the series 
indicate a similar age of intrusion. Similar in age are also the trondhjemitic 
and the tonalitic and granodioritic parts of the southeastern massif, which 
grade into each other. The occurrence of porphyritic parts in the grano- 
dioritic rock with the same appearance as the porphyritic granodiorite of 
the homogeneous massifs in the northern part of the mapped area, again 
suggests a similarity in age of the intrusions of the northern massifs and 
the intremediate divisions of the differentiation series in the southeastern 
massif, The general structure of the area as well as the details of the 
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southeastern massif demonstrate that the older intrusives were emplaced 
before the main phase of the orogeny. 

The younger intrusives of the area are represented by the small pegma- 
titic granite bodies and the pegmatite dikes. The pegmatitic granite 
invades certain parts of the oldest complex, suggesting a relation between 
the place of intrusion and the structure of the area. The bodies are 
irregularly shaped unlike the general conformity of the structures of the 
older intrusive massifs. Irregular concordant contacts and conformable 
structures on the one hand and structureless bodies with discordant 
contacts and angular wall-rock inclusions on the other, indicate an emplace- 
ment of the bodies after the main phase of the orogeny in a partly still 
plastic condition of the supracrustal rock. 

The youngest, post-tectonic intrusives of the area are the straight- 
cutting dikes of pink tourmaline pegmatite, runite, silexite and quartz. 


6. Structural outline 

Contrary to the geological and petrological resemblance between the 
northern and southern part of the Kuhmoinen area, marked structural 
differences have been found. The division between the two structurally 
different parts is situated in an east-west oriented zone, north of the 
porhyritic granodiorite massif in the central part of the area. 

The schistosity of the whole area has a distinct E—W tendency. The 
dip however, is in the south about vertical in contrary to the moderate 
northward dip of the northern part of the area. This phenomenon has 
direct connection with the fold axes which plunge west in the south and 
northeast in the northern part, with a tendency of the latter to nestle in 
the boundary zone against the southern part. 

The supracrustal series in the south is strongly, partly isoclinally, 
folded, against a mainly homoclinal structure in the north, with some folds 
of minor importance in the boundary zone between the two areas. The 
older intrusive massifs have similar structures throughout the area. 
Except for the massif in the southeast, they are elongated bodies, con- 
cordantly oriented to the general structure of the area. 

In the following paragraphs the tectonic differences between the 
northern and southern part of the Kuhmoinen area will be elucidated by 
analysing the separate structural elements statistically. The used diagrams 
are based on a network of 850 measurements throughout the area, which 
are plotted in comparable groups on the lower hemisphere in Lambert’s 
equal-area projection or Schmidt’s net. 


7. Schistosity 

The supracrustal series in the mapped area generally shows a well- 
developed schistosity. As far as bedding is perceptible, parallelism between 
primary and secondary structures is found. Stratification and graded 
bedding in fine-grained dark gneisses, lit-par-lit veins in migmatites, 
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cleavage planes in phyllites, banded structures and basic schlieren in 
gneisses often proved to be useful indicators for the schistosity planes. 

In the southern part of the area the preference for a vertical E—W 
oriented schistosity is marked by a strong concentration of pole axes in 
diagram fig. 2, in which the 324 schistosity data of the southern part are 


Fig. 2. Pole diagram (324 poles) of schistosity planes of supracrustal rocks and 
31 fold axes of the southern part of the area. Contours 9—6—2 %. Average zone is 
shown of N 80 E—54 W. 


collected. This density with an average of N 85 E—87 S is largely caused 
by steep, closed folds as observed in the isoclinal part of the series south 
of the porphyritic granodiorite massif in the centre of the mapped area. 
The 6 % and 2 % contours are mostly derived from measurements around 
the village Kuhmoinen, where more open folds are observed. These 
contours form in the diagram part of a girdle, which in its average — 
marked by a dotted line — corresponds with a zone around a N 80 E— 
54 W axis. 


ae a 


Fig. 3. Pole diagram (245 poles) of schistosity planes of supracrustal rocks and 
12 fold axes of the northern part of the area, north of the influence of the boundary. 
Contours 40 —27—2} %. Average zone is shown of N 48 E—40 E. 
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The schistosity of the supracrustal series north of the boundary zone is 
also largely E—W oriented, but contrary to the southern area it is dipping 
moderately northward. In pole diagram fig. 3, composed of the 245 
measurements of the northern area, a corresponding density of 40 % is 
shown with an average of N 95 E—48 N. Some open folds in the southeast 
of this part of the supracrustal series provided the data for a 24 % contour, 
which forms part of a girdle with an average around a N 48 E—40 NE axis. 

In the diagrams each part of the area shows a structural homogeneity. 
There are no signs for a gradual transition from the one to the other 
structure throughout the mapped area. This regional homogeneity, with 
different schistosity girdles and densities, points at a tectonic individuality 
of both parts. 

In a narrow boundary zone in the supracrustal series north of the central 
porphyritic granodiorite massif the orientations of the schistosity planes 
of the two parts of the area grade into each other. From north to south a 
rapid or a sudden increase has been observed of the dips of E—W oriented 
schistosity planes. The transition of the two schistosity orientations is in 
the network of observations a definite zone or limit where both structures 
meet. This boundary is not marked by abnormal structural phenomena 
nor by geological differences at both sides. 


8. Linear mineral parallelism 

In the Kuhmoinen area mineral lineations are found in two different 
structural orientations. Lineations in 6 have been found locally in the 
schlieren gneiss and more common in the southeastern intrusive massif. 
Parallelism with the orientation of the local fold axis is proved in diagrams 
by the geometrical relationship between the lineation and the schistosity 
planes or planer mineral parallelism. Mineral lineations in b are considered 
to indicate a stretching of the rock in the direction of the fold axis. In the 
discussion of the trend of the fold axes b-lineations have been used as 
additional data. 

Lineations in a have been observed in but few localities in the supra- 
crustal series of the mapped area. In diagrams a-lineations are situated 
in the girdle of the pole axes of the schistosity planes perpendicular to the 
orientation of the local fold axis. In view of the regular geometrical relation 
to the folding structure, data of a-lineations combined with schistosity 
data have been used in some places to check or to derive the exact orien- 
tation of the local fold axis. 


9. Fold axes 
The seventy data of fold axes collected throughout the mapped area 
_ ea clear picture of the regional trend and the local divergences of the 
81V on of the fold axis in the area. By direct measuring data have been 
oFained from major folds, secondary and minor folds, from wrinkles in 
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obtisses and ribs in phyllite. Indirectly, fold axes have been calculated 
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Fig. 4. The general trend of the fold axes in the Kuhmoinen area. 
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in diagrams of schistosity data from locally folded parts. Additional 
measurements could be derived from ptygmatic folds originated as drag 
folds during the folding and from boudinage structures in pegmatitic 
veins. Mineral lineations parallel to the local fold axis have been measured 
in intrusive massifs and in part of the gneiss. In some localities mineral 
lineations in the schistosity planes at right angles to the fold axis could 
be used for plotting the exact position of the fold axis in a diagram. 

Diagram fig. 2 illustrates the position of the 31 measured fold axes 
of the southern area. They are situated in a limited part of the diagram 
with an average of about N 85 E—35 W. The dispersion around this 
average is not a regional regularity but is mainly caused by local diver- 
gences. Map fig. 4, in which the trend of the fold axis is elucidated by dotted 
lines, shows the general regularity of the position of the fold axes, in which 
locally different orientations occur. Steeper pitches, up to 60°, have been 
found for instance in the part of the area near the village of Kuhmoinen. 
The girdle of schistosity data in diagram fig. 2 is mainly derived from 
measurements in this part of the area. The average axis of the girdle of 
N 80 E—54 W is in accordance with the local occurrence of steeper fold 
axes. 

A similar picture is given by the fold axes in the northern part of the 
area north of the boundary zone. In diagram fig. 3 the 12 fold axes are 
situated close together in a small area of the diagram, with an average of 
about N 60 E—40 E. The general trend as presented in fig. 4 is here also 
regular with small local divergences. The part of the girdle in fig. 3 with 
an average axis of N 48 E—40 Eis mainly the outcome of measurements in 
the folded southeastern part of this region, in which a local, more north- 
ward trend of the fold axes has been found. 

The two parts of the mapped area thus show an individual homogeneity 
in the trend of the fold axes which is in accordance with the corresponding 
behaviour of the schistosity orientations. The great difference in the 
general direction of the fold axes between the two areas supports the 
conclusion in the foregoing paragraph about the tectonic individuality of 


both parts. 


10. The structure of the boundary zone 


As the fold axes in the two parts of the mapped area have a considerably 
different but individually constant orientation, the trend of the axes into 
the boundary zone will be important to reveal the nature of the boundary 
structure. The schistosity orientations of both parts proved to pass into 
each other within a narrow strip of the supracrustal series. No special 
structural phenomenon or marked geological limit accompanies this 
change of orientation. A much broader zone is occupied by the divergences 
of the fold axes between the two areas. Unsteady orientation of the axes 
are still to be found just north of the granodiorite massif in the centre of 
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the mapped area. To the north the trend of the axes grades into that of the 
northern area. 

The intermediate positions of the nine fold axes of the boundary zone 
are illustrated in diagram fig. 5, in which all axes of the supracrustal 


Fig. 5. Fold axes north (dots) and south (circles) of the granodiorite massif in 
the centre of the area. 


series of the mapped area are collected. Black dots indicate the axes north 
of the granodiorite massif in the centre of the area. Compared with the 
regular fold axes of the northern area which are plotted in fig. 3, the axes 
of the boundary zone show a strong dispersion with a preference for an 
E—W direction. They pitch to the east as well as to the west so that five 
of them are situated in the area of the southern fold axes in the diagram. 

The nestling tendency of the trend of the northern fold axes against 
the structure of the southern area is elucidated by the general outline of 
the axes throughout the area in fig. 4. From north to south the regular 
SW—NE trend in the northern area turns near the granodiorite massif 
westward into an east-west direction, about parallel to the northern 
contact of the massif. During the bending the pitch decreases and near the 
contact of the massif the axes are locally reversed. The bending of the 
northern trend goes together with a convergence of the axes near the 
granodiorite massif. 

The transition of the schistosity is to be noticed where the bending of 
the axes takes place. The general E—W schistosity shows a moderate 
northern dip where the fold axes pitch to the northeast. South of the 
bending E—W fold axes and E—W schistosity result in a steep dip of the 
schistosity planes. As the bending of the axes occurs within a short 
distance, the transition of the schistosity orientations takes place in a 
narrow strip of the supracrustal series north of the granodiorite massif. 
From this strip onward the divergence of the fold axes gradually develops 
southward, nestling against the granodiorite massif. 

The behaviour of the trend of the fold axes in the boundary zone is 
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illustrated in fig. 6 and 7. In the diagram a single trend is followed from 
the north of the area towards the granodiorite contact, which is outlined 
in its local position by a line in the diagram. The three axes of fig. 6 lying 
in line with each other in the west of the northern area, show a simple 
westward bending and decrease of pitch towards the boundary. A more 
complicated example is shown in fig. 7 by the trend of the axes from the 


Fig. 6 Fig. 7 


Fig. 6. Trend of fold axes from middle north to southwest in the northern area 
nestling against the boundary. Full-drawn line is local orientation of granodiorite 
contact. 

Fig. 7. Trend of fold axes from NE to SW in the northern area nestling against 
boundary. Cross-lines indicate kilometre distances. Full-drawn line is local orientation 
of granodiorite contact. 


northeast of the area to the southwest. Here, the pitch decreases and 
is afterwards reversed during the westward bending parallel to the local 
direction of the contact, after which the pitch again decreases and reverses 
into an eastward pitch. 

The reconstruction of the full-drawn fold axes in the Kuhmoinen area 
is shown in block diagram fig. 8. The trend of the axes in space is repre- 
sented by a number of curved lines on correspondingly curved, vertical 
planes. The pitch of the axes is made out more clearly by horizontal dotted 
lines on the vertical planes. A central line perpendicular to the axes 
represents a fixed height corresponding with the surface of the area from 
which the axial lines have been produced to the east and west parallel to 
the observed data. 

The four axial lines in the front show the trend of the axes in the southern 
part of the area, pitching regularly westward except for the irregularities 
near the contact of the southeastern intrusive massif. The regular north- 
east trend of the northern part of the area is presented by the axial lines 
of the back part of the diagram. The third and fourth axial line from the 
back illustrate the bending of the trend and the change of the pitch 
direction towards the boundary. 


Fig. 8. Block diagram of the trend of the fold axes in the Kuhmoinen area. The 
reconstructed full-drawn fold axes are represented on top of curved vertical planes 
with horizontal dotted lines, Perpendicular to the axes is the plane of section of fig. 10, 


The general trend of the fold axes in the boundary zone discloses a 
certain rigidity in the behaviour of the southern area, against which the 
structure of the northern area has been nestled plastically. Diagrams 
fig. 6 and 7 and map fig. 8 illustrate the tendency of the axes to orient 
parallel to the local direction of the granodiorite contact and to nestle 
against the irregularities of the intrusive body. This tendency points at 
the northern contact of the massif as the main structural border between 
the northern and southern part of the area. 

As appears from the northernmost fold axes in the southern area and 
the regularity of the schistosity orientations and folding in this part of 
the supracrustal series, the structure of the southern area has not been 
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influenced by what happened in the boundary zone. From the central 
granodiorite massif no axes data could be obtained; the mineral orientation 
is nearly constant throughout the massif. Differences have been found in 
the parallelism of the minerals; the northern margin is distinctly less 
oriented than the rest of the massif. The massif has a nearly straight 
contact to the south and a little more irregular contact with the northern 
country rock. 

These small differences between the north and the south of the massif 
may indicate that at least the northern margin of it has been influenced 
by what took place in the boundary zone. The northern contact of the 
massif or the massif as a whole has acted as the structural border. The 
complicated trend of the fold axes near the border has been caused by a 
general NW—SE directed movement of the northern area against the 
east-west oriented border of the southern area. What has been mentioned 
as the boundary zone has therefore to be interpreted as the dragged margin 
of the northern area. 


(To be continued ). 
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11. Folding 


In order to illustrate the general trend of the folding, the schistosity 
data from the scattered rock exposures have been produced in the struc- 
tural map in the most plausible way. Generally the present network of 
measurements proved to be sufficiently dense to follow the trend of the 
folding through the area. Additional indications, assisting the construction 
have been obtained from local details in rock exposures, which are 
considered to be reflections of the nature of that part of the major 
structures. The type of the observed smaller folds, for instance, is looked 
upon as indicative for the way the local major folds have been built. 
Also the plasticity of the deformations shown in the rock exposure will 
give a general idea of the plastical behaviour of the rock, which finds 
expression in the shape of the folds. 

The structure of the major folds with broad bends could easily be 
traced in the field. The location of the axial planes and the hings of the 
closed folds, even with a close net of observations, is hard to determine 
if only homogeneous material has been involved in the folding. In the 
present structural map the reconstruction of the closely folded part in the 
fine-grained gneiss is greatly supported by the presence of phyllite and 
iron ore beds. 

A clearer picture of the general trend of the folding is given in fig. 9, 
in which the probable continuation of the schistosity planes can be 
followed. From this map a N—S section through the area has been made 
(fig. 10). The section is based on the supposition that geological structures 
will be about constant in the direction of the fold axis (WEGMANN, 1929). 
Following the trend of the fold axis the structure shown in the section 
will be found succesively in the surface of the area. The plane of the 
section (fig. 8) is perpendicular to the fold axes and has a central line 
through about the centre of the mapped area. As shown in fig. 8, the plane 
of the section has a distorted shape through the area, inclining about 
55° E in the southern part, bending in northwestern direction and dipping 
about 50° SW in the northern part of the area. As a result the higher part 


94 


of the section corresponds in the south with the western part and in the 
north with the eastern part of the mapped area. In the boundary zone 
the section has been schematized because in this place the twisted section 
plane had to be straightened. 

The nature of the folding differs considerably in the northern and the 
southern part of the area. In the southern part the supracrustal series has 
been strongly folded, whereas in the northern area a slightly bent, homo- 
clinal structure is shown. A number of smaller folds occur in the boundary 
zone, which are more and more closed on approaching the central grano- 
diorite massif. 

In accordance with the behaviour of the material, differences in the 
structure of the southern area were found. In the south, near the village 
of Kuhmoinen, the schlieren gneiss and migmatites have been folded into 
an unsymmetrical, partly inverted syncline with a northward protruded 
front. In its outer strata the syncline is composite and shows a secondary 
anticline in its floor limb. The structure of the syncline reveals a very 
plastical style of folding, during which the outer strata seem to be stripped 
off against a squeezed-out inner part of the syncline. 

The fine-grained gneiss south of the central granodiorite massif has 
been symmetrically folded. In the isoclinal series of the lower part of the 
section three closed synclines are found, two of which by means of phyllite 
and iron ore beds could be recognized in the field. Higher in the section 
two of the folds loose their importance involving an increase of the third 
which has a more open shape here. 

The general shape of the supracrustal series in the section of the southern 
area is that of a synclinorium with a multitude of closed synclines in the 
lower part and two important more open folds in the higher part. The 
tendency of the most plastically behaving parts of the folded rock to be 
stripped off in the outer and squeezed out in the inner parts of the synclines 
indicates a compression of the synclinorium between the in V-shape 
arranged intrusive massifs of the southeast and centre of the area. 

In the northern part of the area folds only occur near the central 
granodiorite massif. The wave length of the closed folds near the massif 
increases quickly northward. Up to half way in the northern area an open 
anticline can be followed in the bending of the schistosity planes. Except 
for the curving of the schistosity around the concordant granodiorite 
lenses, the supracrustal series in the north is regularly homoclinally built. 

The difference in the style of the folding between the two parts of the 
area once more underlines the tectonic individuality of both parts. The 
occurrence of folds only in the southern margin of the northern area and 
the increase of the folding southward can be explained by a squeezing 
of the margin against the southern block. The occurrence of the marginal 
folds coincides with the nestling trend of the northern fold axes, which 
again emphasizes the effect of the structural border between the northern 
and southern part of the Kuhmoinen area. 
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12. The structure of the intrusive massifs 

The older intrusive massifs in the Kuhmoinen area greatly display 
conformable inner and concordant outer structures in the contact zones. 
The granodiorite lenses in the northern part of the area suggest a laccolithic 
shape of the intrusions. The occurrence of nestled contacts — eg. at the 
ends of the northwestern lenses — indicates a relative rigidity of the 
bodies during the plastical deformation of the supracrustal series (DE 
WaarpD, 1950). The intrusions must have taken place in an earlier stage 
of the orogeny than the plastical development of the folding structure in 
the main tectonic phase of the northern part of the area. 

Throughout the complex massif in the southeast of the area a secondary 
orientation has developed in the rock, which crosses the mutual contacts 
between the different intrusives. The successive intrusions here are also 
older than the main tectonic phase in the southern area, which blurred 
the primary intrusive structures and caused a secondary orientation of 
the rock conformable to the contacts and to the structure of the wall rock. 

Linear mineral parallelism in the secondary mineral planes, which is 
geometrically related to the b-axis, shows in the contact zone of the 
massif a systematic divergence from the regular trend. Approaching the 
contact the east-west trend of the b-axes bends southward towards the 
orientation of the contact plane. A simultaneous increase of the dip has 
been observed in the southern part of the contact zone. A similar tendency 
is shown by the trend of the fold axes in the supracrustal series near the 
contact. In diagram, fig. 8 the two axial lines in the front illustrate the 
bending of the b-axes in the contact zone of the massif. 

Although planar parallelism and schistosity planes merely indicate 
conformability and concordancy of the contact, b-axes reveal a nestling 
structure of the axes towards the orientation of the contact plane. This 


Fig. 11. Diagram of s-planes and fold axes at both sides of the contact of the 

southeastern massif. Poles form a zone with average fold axis in A (N 54 E—50 W). 

In B the average of fold axes in the southern area (N 85 E—35 W) and in C the 

direction of relative movement (N 152 E—30 SE) which caused the distortion of the 
s-planes and fold axes, 
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nestling structure suggests a northward movement of the massif with 
respect to the country rock. 

The mineral lineations in b, mentioned in paragraph 8, have been mainly 
observed in the warped contact zone at both sides of the contact of the 
southeastern massif. Distortion of the fold axis is an elongation of the 
axis and a dominating stretching of the rock in that direction, which 
explains the occurrence of mineral parallelism in 6 in the contact zone. 

The structural data of the contact zone have been combined in diagram, 
fig. 11. Small dots indicate the schistosity measurements at both sides of 
the contact. The pole axes form an incomplete girdle which differs from 
the schistosity girdle of the supracrustal series of the southern area in 
pole diagram, fig. 2. The differing position of the schistosity planes in the 
contact zone is related to the bending of the fold axes. The average axis 
of the schistosity girdle is found in A, which is in agreement with the 
orientations of the measured b-axes and fold axes near the contact. Com- 
pared with the average of the fold axes in the southern area in B, the 
axes in the contact zone have been bent from B to A. The direction of 
the movement which caused the bending — perpendicular to the unbent 
part of the axes and in the AB plane — will be found in C in the diagram 
(N 152 E—30 SE). According to this averaged construction the distortion 
of b-axes and s-planes has been caused by a slightly upward, NNW 
directed movement of the southeastern massif with respect to the supra- 
crustal country rock. 

The secondary mineral orientation of the massif, which crosses the 
primary intrusive structures but harmonizes with the folding structures, 
indicates emplacement of the massif before the main folding phase of the 
orogeny. The relative rigidity of the massifs, behaving as resisting masses 
in the plastically folded supracrustal series, also points at a consolidated 
state of the intrusions during the tectonic main phase. During the orogenic 
phase which developed the folding structure of the southern area, the 
massif endured a condition favourable to the origin of a secondary 
structural pattern in harmony with the folding structure in this part of 
the area. The warping of the structural pattern in the contact zone points 
at a continued northward movement of the southeastern massif with 
respect to the supracrustal series in a final stage of the folding period. 

The shape of the massifs in the southern area and their mutual arrange- 
ment promoted a compression of the supracrustal series in between. The 
laccoliths in the northern part of the area on the other hand played 
merely a passive part in the folding. 


13. Faults and dikes 
Faults and straight-cutting dikes of pegmatite, runite, silexite and 
quartz have been found in all rock types of the Kuhmoinen area. The 
straight-cutting phenomena are generally few in the area and only from 
the southeastern massif and the adjacent part of the supracrustal series 
7 Series B 
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in the southern part of the area a fair number of data could be obtained. 
In diagram fig. 12 in which the pole axes of these data have been collected 
a marked preference is shown for a steep ENE—WSW oriented jointing 
of both the supracrustal and intrusive rocks in this part of the area. 
Faults and the different dikes occupy the same area of the diagram which 
indicates a relationship in the way and the time of their origin. As the 


Fig. 12. Pole diagram of straight-cutting faults (circles) and dikes (dots) in and 
around the southeastern massif. 


faults and dikes cross the folding structure and the secondary foliation, 
they are of post-tectonic origin, younger than the last plastical move- 
ments in this part of the area. The data of the rest of the area have a 
similar trend; their number is too small however, to be of comparative 
use here. 

Structurally not related to this fault and dike system is the morpho- 
logical pattern in and around lake Piijiinne, which is also expressed in 
the surface configuration of the Kuhmoinen area. According to SEDERHOLM 
(1932) this pattern was predisposed by a rifting of the country and 
accentuated by erosion. SEDERHOLM concluded to an origin of the rifting 
in probably palaeozoic time. Two marked directions have been found in 
the entire Piijinne area, viz. about NW—SE and NE—SW. In the 
Kuhmoinen area both directions can be found again in the pattern of 
coast lines, lakes and valleys. 


14. Orogenic development in the Kuhmoinen area 


In the southern part of the area, which offers most data, the following 
sequence of occurrences in the orogenic development may be deduced. 


1. supracrustal formation 


2. early orogenic deformation; origin of first design of the folding 
structure, which affected the place and shape of the following 
intrusions 
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3. beginning of the early orogenic intrusions with the basic divisions of 
the differentiation series (prim-orogenic, pre-tectonic) 

4. gradual subsidence towards katatype conditions 

5. beginning of granitization and migmatitization, ectectic migmatites 
(venites) 

6. last pre-tectonic intrusions in the sequence of the differentiation 
series, intrusions of porphyritic granodiorite, entectic migmatites 
in country rock (arterites) 

7. main orogenic deformations in plastical condition, origin of the 
folding structures (tectonic main phase of the orogeny) 

8. granitization, intrusion of pegmatitic granite in partly still plastical 
surroundings (ser-orogenic, post-tectonic) 

9. rigid conditions come to prevail 

10. late orogenic deformations, faults and dikes of pegmatite, sillexite 
and quartz (ser-orogenic, post-tectonic) 
erosion 

12. rifting of the country (post-orogenic) 

Although of simpler nature, a similar sequence of occurrences has been 

enacted during the orogenic development of the northern part of the area. 


15. The orogenic and interorogenic interpretation of the Tampere border zone 

Orogenic belts in precambrian areas are usually indentified by common 
rock types, uniformity in the direction of fold axes or foliation and by 
similarity in ages determined by radioactive methods, as far as available. 
The svecofennian period of mountain building was based by Ramsay 
on petrological and structural characteristics of the Precambrian in South 
Finland and Central Sweden, viz. a strongly folded leptite formation 
(Svionian) with a principal E—W strike. 

The determination of the boundaries of orogenic belts should be based 
on any structural and petrological evidence available. The zone of schists 
and volcanics near Tampere and the subbothnian unconformity were 
considered indicative of a kind of border between the Svecofennides and 
the Central Finnish area. Especially the individuality of the supracrustal 
rock in the Tampere schist girdle would suggest a border-feature of the 
svecofennian mountain chain. 

WAHL (1936 a,b) pointed at the ‘““Molasse” character of the supra- 
crustals in the Tampere zone. He considers this belt as belonging to a 
former border zone of the svecofennian mountain chain. BackLUND 
(1936, 1937, 1941) shares this opinion. The conglomerates and detritic 
sediments were formed by erosion after the earlier folding phases and 
deposited on the northern margin of the svecofennian mountain chain. 
He considers the molasse sediments in the Tampere zone to be the border 
between the orogenic cycles of the Svecofennides and the Gotokarelides. 
In his maps of the regional tectonic units in Fennoscandia the northern 
boundary of the Svecofennides is drawn along the Tampere zone (BAckK- 
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Fig. 13. Svecofennides (dotted lines) and Karelides (full-drawn lines) according 
to MrkKona (in: HreTANEN, 1938); Svecofennides (south and west) and Goto- 
karelides (north and east from dotted boundary) according to BAcKLUND (1941), 
Location of Central Finnish area (C.F.A.) and Kuhmoinen area (black quadrangle), 


LUND, 1937, 1941). The Central Finnish area is indicated as belonging to 
gotokarelian territory (fig. 13). 

The reconstruction of the orogenic chains and periods as proposed by 
BACKLUND is not generally accepted by Finnish geologists (Esko, 1941). 
His classification is found to be hypothetical and to rest on an inadequate 
basis of data. Two orogenic cycles are supposed to be well established 
now, viz. the Svecofennides in western and the younger Karelides in 
eastern Finland (fig. 13). The age relations are based on the intersected 
K—W strike of the Svecofennides by the NNW—SSE striking Karelides, 
on the subkarelian unconformity and on pebbles in karelian conglomerates 
originating from svecofennian territory. 
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According to this subdivision of the Finnish Precambrian the Central 
Finnish area is considered to belong to svecofennian territory (vide 
Mikkoa’s map in Hreranen, 1938). Although the investigations of 
SEDERHOLM (1931) and MriKKona (1931) in the Tampere formations 
proved the existence of denudation planes during the sedimentation of 
the bothnian supracrustal rocks the unconformity is thought to be of 
interorogenic and probably local character. A considerable age difference 
between the bothnian and svionian formations is improbable (Eskoua, 
1936) and both formations are supposed to belong to the same orogenic 
cycle of the Svecofennides. 


16. Conclusions 


A general similarity in the petrologic and structural development of 
the northern and southern part of the Kuhmoinen area does not necessarily 
implicate a similar age of the development in both parts. 

The most important structural difference between the northern and 
southern part of the area is the different trend of the fold axes. The E—W 
orientation of the axes in the southern area suggests a compression in N—S 
direction, in contrast to a more or less NW—SE directed movement in 
the northern area. There is also a marked difference in the nature of the 
folding between the two parts of the area. The southern area is considerably 
compressed against a weak folding of the northern area, except for the 
southern margin of it. 

If the structures in both parts of the area had developed in the same 
tectonic phase, a gradual transition of the different structures into each 
other could be expected. The well-defined boundary, however, actually 
suggests a different time of origin of both individually homogeneous 
structures. Compressive movements obviously have affected the two 
parts of the area from different directions in different periods. 

In the northern part of the area the nestling trend of the fold axes and 
the presence of folds in the southern margin points at a later occurrence 
of its structural development than in the southern part. A strong 
deformation of the area south of the boundary was caused by a N—S 
compression which apparently did not affect the area north of it. During 
the later NW—SE compression, however, the northern area proved to 
have been in a condition to develop a plastically bent structure of the 
axes and marginal folds against the southern area, which behaved in that 
time as a relative rigid tectonic mass. 

The boundary features and the mutual age difference between the 
structures of both parts of the Kuhmoinen area could support the goto- 
karelian consistency of the Central Finnish area of BAckLUND. The trend 
of the axes in the southern part of the area follows the general direction 
of the Svecofennides. The northern part which according to BACKLUND’s 
classification would form part of the Gotokarelides, shows a NE—SW 
axial direction. Excepta for general NNW—SSE strike direction of the 
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Central Finnish area little is known of the orientation of the fold axes. 
The NE—SW trend in the “‘gotokarelian” part of the Kuhmoinen area 
might of course result from a strong influence of the orogenic border and 
thus may differ considerably from the general gotokarelian direction. 

More structural data from this part of Finland will be necessary to give 
a decisive answer to the orogenic individuality or mutual connection of 
the orogenic parts north and south of the boundary in the Kuhmoinen 
area. The structural development north and south of the boundary may 
have occurred the one shortly after the other in successive tectonic phases 
of one orogenic cycle. The petrologic similarity of both parts is an indication 
for an interorogenic nature of the boundary. The strong difference in the 
direction of compression on the other hand would suggest a much longer 
interval, as between the main tectonic phases of different orogenic cycles. 


EXPLANATION TO PETROTECTONIC MAP 


1. phyllite 

2. iron ore deposits 

3. fine-grained gneiss 

4. migmatite 

5. schlieren gneiss 

6. pegmatitic granite parts 

7. porphyritic granodiorite 

8. granodiorite, tonalite, trondhjemite 

9. diorite, gabbro, norite 

10. peridotite 

11. lineations: fold axis (full-drawn), linear mineral parallelism (dotted) 
12. strike and dip of schistosity or planar mineral parallelism 
13. vertical schistosity or planar mineral parallelism 

14. folded or irregular schistosity or planar mineral parallelism 
15. observations without structural data 


For topography of mapped area compare fig. 1. 
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GEOLOGY 


CONTRACTION OF THE EARTH 
BY 


J. H. F. UMBGROVE 


(Communicated at the meeting of December 22, 1951) 


A century ago ELIE DE BEAUMONT suggested that a gradual dissipation 
of terrestrial heat caused a slow and progressive diminution of the volume 
of the earth’s interior. Consequently the earth’s crust had to adapt itself 
to the shrinking interior and became rumpled into mountain-chains. 

The theory came in general discredit principally because thermal 
contraction appeared to be inadequate for effecting a crustal shortening 
of such dimensions as were deduced from a straightening out in imagination 
of folds and nappes in orogenic belts. JEFFREYS is one of the few 
geophysicists who did not reject the contraction theory but even his 
recent calculations show figures which appear to be much too low to 
account for the origin of mountain-belts. 

However, the main objection viz. that the theory is inadequate to 
account for the geological estimates of crustal shortening has lost its 
significance for two reasons. Recent investigations show that apart from 
thermal factors other processes in the earth’s interior probably involve 
increase of density and consequently earth shrinkage. And, secondly, 
older estimates of crustal shortening based on a theoretical unrolling 
of folds and nappes in fold-belts are probably much too high. These two 
new aspects alone would justify a resurrection of the old contraction 
theory, be it in an altered form. 

This short and preleminary communication will be restricted to draw 
attention to two fundamental aspects of earth contraction, viz. the 
estimated amount of crustal shortening and the possible motor of earth 
shrinkage. 


Estimates of crustal shortening obtained from a theoretical unrolling 
of Alpine folds are largely dependent on certain theoretical premisses 
concerning the mechanism of folding and mountain-building. Before 
the theory of nappes was firmly established Hem estimated the crustal 
shortening in the Alps at 120—150 km. In the year 1921, however, his 
estimate was exactly the double amount. And Sraus even suggested 
an amount of more than 1000 km. The most recent figure, published by 
CapIscH in 1946, is 480 km. All the figures pertain to post-Paleozoic times, 
covering an interval of approximately 180 million years. Probably the 
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estimates will become considerably lower if recent considerations on the 
role played by down-sliding of nappes in the Helvetian and Lombardic 
Alps be taken into account. A figure of round 200 km seems a plausible 
estimate. 

Another means of estimating crustal shortening is based on the inter- 
pretation of gravity profiles across the Alps, i.e. from the root that formed 
under the fold-belt due to a process of crustal down-buckling. This method 
has also its weak side because the original thickness of the sialic part 
of the crust is an uncertain factor. By eliminating improbable assumptions 
the range of uncertainty can be limited between 115 and 170 km with a 
best value near 170 km (the latter figure corresponding to an original 
thickness of 10 km of the sialic layer). But probably the figure obtained 
by this method is on the low side inasmuch as part of the root may have 
disappeared by melting and spreading in the substratum. Therefore 
an amount of roughly 200 km crustal shortening seems an acceptable 
figure. 

Sonder, basing an estimate on theoretical considerations of crustal 
mechanics, found an average crustal shortening of 200—300 km for post- 
Paleozoic times. 

Hence, along three different routes of attack a figure of approximately 
200 km is found to be a plausible order of magnitude. 


According to JEFFREYS (1950, p. 146, 164) thermal contraction would 
account for 36 km crustal shortening during the same time interval. 
But recent investigations show that other processes in the earth’s mterior 
probably account for an additional and appreciable amount of crustal 
shortening. 

Seismic data revealed the existence of a transition zone between two 
second-order discontinuities at depths of roughly 400 and 950 km (layer 
C in the terminology of Bullen, see fig. 1) Dunite, a rock which consists 
almost entirely of olivine is usually regarded as representative of the 
constitution of the mantle. Olivine is generally known to be ortho-rhombie, 
but Berna pointed out that at extremely high pressures the silicate 
lattice may become modified into a cubic variety, and that possibly the 
transition zone in the mantle corresponds to an area where a gradual 
change from ortho-rhombic into ecubie olivine takes place. 

Under the prevailing high pressure and the correspondingly reduced 
reaction rates “‘the time required for the formation of eubie olivine might 
be long even by geological scales. Hence BERNAL’s idea might open up 
the possibility of a gradual contraction of the earth during its life’ 
(ELSASSER, 1950, p. 12). 

Brecu, starting from different considerations came to a similar conclusion. 
He examined the homogeneity of the mantle along two different lines of 
attack. The ratio of the bulk modulus K to the density o can be found for 
homogeneous material from laboratory experiments and it can be calcu- 
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lated from the recorded velocities of earthquake waves. It was found 
that this relation is practically constant if caused by compression alone 
but that variation results from change of phase or chemical constitution 
of the material. Using this relation K/o to examine the homogeneity of 
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Fig. 1. Schematic and tentative illustration of the internal structure of the earth. 


the mantle, Brace pointed out that above 200 km the mantle may be 
homogeneous. Below 900 km, down to the 2900 km discontinuity the 
material is again homogeneous. But between 200 and 950 km the quantity 
K/o changes considerably indicating that it may be interpreted as a 
transition zone. It is reasonable to believe that the lower part of the mantle 
represents a high pressure phase of olivine-pyroxene composition earn 
at the earth’s surface) and that the layer between 200 and 950 km “may 
be interpreted as a region in which transition to the high pressure form 
takes place probably with change of chemical composition as well 
(Brrow, in Colloquium 1951, p. 534). 
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Change of chemical composition is a self-evident requisite in the theories 
of Ruspry and BucHER. 

If Rusey is right in his “Geological history of seawater” the total 
volume of the oceans, some 1300 x 106 km® of water, has gradually 
derived from the earth’s interior throughout geologic time. And if there 
is a germ of truth in BucHnr’s recent speculations the continental masses 
too have grown by gradual accretion of material from deep-seated sources. 
But even if one would reject their point of view entirely another route 
leads to the conclusion that change of chemical composition is taking 
place in the mantle. Basalt, the most common and wide-spread extrusive 
rock, has a temperature of about 1200° C when appearing as lava at the 
surface. The temperature in the crust down to its base is several hundred 
degrees lower (cf. Brrcu, 1950, p. 616; See also VERHOOGEN, 1946, p. 760). 
Relief of pressure, and radioactivity fail of adequacy to explain the 
voleanic heat (cf. Graton 1945, p. 204). The same is probably true 
concerning chemical reactions during the ascent of lava in a conduit 
(though chemical reactions with important thermal effects may occur 
at some depth in magma reservoirs the top of which is known to occur 
at only a few kilometres below the earth’s surface, cf. VERHOOGEN, 1946, 
p. 753). Yet numerous accumulations of basaltic material at or near 
its melting point must be present immediately under the crust. For 
it appears that if the earth’s crust fails by a fracture transsecting the 
crust and tapping such an accumulation of hot and potentially eruptible 
basalt, the maximum height of a volcanic pile is mainly controlled by the 
pressure exerted by the crust on the top layer of the substratum (Umpb- 
GROVE, 1951, p. 446). 

Therefore the unavoidable conclusion is that the main factor responsible 
for the high temperature of extruded basalt is heat derived from great 
depth. But it is not only transfer of heat that takes place. Volatiles and 
basaltic material must similarly have risen from deep realms and then 
accumulated under the relatively tight holo-crystalline crust (Daty, 
1946, p. 722 and 724; VerHooacEn, 1946, p. 758 and 770). 

Ultimately the basaltic material as well as the volatiles are supposed 
to be squeezed-out differentiation products of deep-seated peridotite 
(Dany, 1946, p. 722). Both the basaltic material and the volatiles presum- 
ably originate from a depth of at least several hundreds of kilometers. 
Hence it appears likely that, apart from a change of phase, change of 
chemical composition takes place in the mantle down to great depth. 


Speculations on deep-reaching convection currents postulate homo- 
geneity of the material through which the currents are supposed to pass. 
The apparent inhomogeneity of the transition zone of the mantle (see 
also ELsasspr, 1950, p. 15) as well as the apparent change of chemical 
composition offer serious difficulties to the convection hypothesis. 
Doubtless subcrustal mass-displacements must be of common occurrence 
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in the substratum, but it seems questionable at present whether such 
a process would involve deep-reaching convection. 

However that may be, it is a plausible thesis, at our present state of 
knowledge, that the earth is shrinking. Earth shrinkage is probably a 
gradual and continuous process. It involves increasing compression of 
the crust. When a certain limit is reached — a limit set by the physical 
properties of the crust — the crust accomodates itself to this by yield 
in zones of weakness. Then the process starts anew and it continues until 
the crustal stresses have accumulated enough to produce a new yield. 
A gradual and continuous process of earth shrinkage throughout geologic 
time accounts for the rhythm of crustal disturbances. 
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CHEMISTRY 


SYNTHESIS OF PHOSPHATIDIC ACIDS 
BY 


P. E. VERKADE anv J. H. UHLENBROEK 


(Communicated at the meeting of January 26, 1952) +) 


In this paper we describe a new and entirely satisfactory method for 
the preparation of phosphatidic acids (glycerophosphatidic acids) of each 
of the four possible types I—IV. In the formulae the letters D and E 
stand for acyl groups; compounds of particular importance are naturally 
those in which these acyl groups are fatty acid residues. The compounds 
of types I and II are a-phosphatidie acids, those of types III and IV are 
B-phosphatidic acids. Compounds of types I and III or Il and IV will 
henceforth be referred to as diacid or triacid phosphatidic acids 
respectively, dependent on the number of kinds of acids serving as 
component acids in the molecule. 


CH,OD CH,OD CH,OD CH,OD 
| l l 
CHOD CHOE CHO-PO(OH), CHO-PO(OH), 
| | 
CH,O-PO(OH), CH,O-PO(OH), CH,OD CH,OE 
I I lll IV 


We started with the preparation of corresponding acylglycolphosphoric 
acids (glycolphosphatidic acids) VII, because here migration of the acyl 
group, which is frequently so troublesome in the synthesis of glycerol 
derivatives, naturally cannot occur 2). Monoacylglyeols *) V react smoothly 
at room temperature in the presence of an excess of a tertiary base, for 
example pyridine or quinoline, with diphenyl chlorophosphonate, with the 
formation of an acylglycolphosphoric acid diphenyl ester VI. Upon hydro- 
genolysis of the latter substance the two phenyl groups are split off in 
the form of cyclohexane and replaced by hydrogen, so that an acylglycol- 
phosphoric acid VII is formed. 


CH,OD CH,OD CH,OD 
> | > | 
CH,OH ~— CH,O-PO(OPh), CH,O-PO(OH), 
V VI VII 


Diphenyl chlorophosphonate was introduced independently by BrepE- 


) The eontents of this paper were communicated at the meeting of the Section 
Physical Sciences of the Koninklijke Nederlandse Akademie van Wetenschappen 
at Amsterdam on June 24, 1950. Several circumstances have unfortunately prevented 
its earlier publication in these Proceedings. 

*) In part of this work, Mr. J. H. van per Nevur collaborated. 


8) P. E. Verxapg, F. D. Tottenaar and T. A. P. Postuumus, Ree. tray. chim, 
61, 373 (1942). 
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RECK, BERGER and EHRENBERG!) and by Brict and Minuer2) as a 
phosphorylating agent, and has since been repeatedly used as such with 
success. We too have always been greatly satisfied with the results 
obtained with the aid of this substance; it may be recorded in particular 
that hydrogenolysis never involved any difficulties either with the sub- 
stances of type VI or with related glycerol derivatives. There was therefore 
no need for us to use dibenzyl chlorophosphonate, — introduced by 
ATHERTON, OPENSHAW and Topp *) as a phosphorylating agent —, the 
derivatives of which are undoubtedly hydrogenolysed more easily than 
those of diphenyl chlorophosphonate. This is a considerable advantage. 
In the first place dibenzyl chlorophosphonate is much more difficult to 
prepare and less stable than diphenyl chlorophosphonate; secondly it 
may reasonably be expected that the melting points of derivatives of 
the former substance in which we are at present interested will be 
considerably lower than those of the corresponding derivatives of the 
latter substance, which often are already lower than is desirable in the 
interest of the purification of the substances in question. 

In the cases hitherto investigated the yield of pure acylglycolphosphoric 
acid diphenyl ester was 80—85 °% of the theoretical yield. The substances 
crystallized beautifully, for example from petroleum ether, and possessed 
sharp melting points (e.g. stearoyl compound: 37.5—38.5°); when moisture 
was excluded, they were found to have very good keeping qualities. 

The hydrogenolysis of the substances of type VI is effected smoothly 
by shaking them in the presence of a suitable solvent and a suitable 
catalyst at room temperature with hydrogen under atmospheric pressure. 
As solvent we prefer to use anhydrous ethyl acetate, and especially 
anhydrous dioxan. As regards the catalyst, we have found that a 
platinum-on-charcoal catalyst, prepared in a manner analogous to that of 
the palladium-on-charcoal catalyst of VERKADE, COHEN and VROEGE *), 
is eminently suitable. Platinum dioxide prepared according to ADAMS ©¢.s. 
would also be quite suitable but for the fact that the presence in this 
catalyst of persistently retained alkali compounds ®) produced a peculiar 
and unexpected difficulty: as a by-product there is formed a certain 
amount of a difficultly soluble acid sodium salt, which contains one atom 
of sodium for every two molecules of acylglycolphosphoric acid °). 


1) H. Brepereck, E. Bercer and J. EHRENBERG, Ber. 63, 269 (1940); cf. 
H. BrepeRecK, Zeitschr. angew. Chem. 52, 576 (1939). 

2) Pp. Briew and H. Mier, Ber. 72, 2121 (1939). 

) F.R. Arnerton, H. T. OpensHaw and A. R. Topp, J. Chem. Soe. 382 (1945). 

4) P. E. VerKape, W. D. Conen and A. K. Vroxzes, Rec. trav. chim. 59, 1134 
(1940). 

5) Of. R. Apams and R. L. Suriner, J. Am. Chem. Soe. 45, 2173 (1923); 
K. Mimescuer and C. Scuouz, Helv. chim. acta 20, 263 (1937). 

6) JT. R. Hunter, R. L. Roperts and E. B. Kester [J. Am. Chem. Soc. 70, 
3244 (1948)] obtained quinoline salts of a corresponding composition. Comp. also 
O. M. Frizepman and A. M. Seriaman, ibid. 73, 5292 (1951). 
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In the cases hitherto investigated the yield of pure acylglycolphosphoric 
acid VII was 80—90 % of the theoretical yield. The substances crystallized 
beautifully, for example from anhydrous acetone or anhydrous ethyl 
acetate, and possessed sharp melting points, which were considerably 
higher than those of the corresponding diphenyl esters (e.g. stearoyl 
compound: 89.5—90.5°). The elementary analysis yielded excellent results. 
Upon titration in an alcoholic solution with 0.1 N alkali hydroxide, using 
phenolphthalein as indicator, the substances behave as dibasic acids; the 
equivalent weights thus found were in complete accordance with those 
calculated. 

It should be noted that the method of preparation here described is 
obviously confined to such acylglycolphosphoric acids as contain no 
component acid which may be reduced under the conditions of the 
hydrogenolysis, for example an unsaturated fatty acid. 


We subsequently found that the glycerophosphatidic acids I—IV can 
be obtained in a completely analogous way. As starting products for this 
synthesis serve the monoacid and diacid af- and ay-diglycerides VIII—XI, 
which are readily accessible, thanks also to work carried out in our 
laboratory 1). 


CH,OD CH,OD CH,OD CH,OD 
] l 
CHOD > CHOD oS CHOE -+ CHOE + Il 
| | 
CH,OH CH,O-PO(OPh), CH,OH CH,O-PO(OPh), 
VIII XII Ix XIII 
CH,OD CH,OD CH,OD CH,OD 
l L | 
CHOH > CHO-PO(OPh), ie et CHOH -+ CHO-PO(OPh), -> IV 
CH,OD CH,OD CH,OE CH,OE 
x XIV XI XV 


The ay-diglycerides X and XI react somewhat more slowly with 
diphenyl chlorophosphonate than do the af-diglycerides VIII and IX, but 
under suitable conditions (slight excess of pyridine or quinoline; 
slightly raised temperature) they do so without difficulty. In the cases 
hitherto investigated the yield of pure diacylglycerolphosphoric acid 
diphenyl ester XII—XV was 80—90 % of the theoretical yield: for the 
crystallization of these esters we again found petroleum ether to be very 
suitable. The substances, which had very good keeping qualities if moisture 
was excluded, possessed sharp melting points (e.g. aB-distearoyl compound: 
58—58.5°; ay-distearoyl compound: 50.5—51.5°; a-palmitoyl-f-stearoyl 
compound: 50.5—51.5°; a-stearoyl-6-palmitoyl compound: 53—54°; 
a-palmitoyl-y-stearoyl compound: 39.5—40°). From this as well as 
from the fact that in all the cases where this was to be expected a 


1) For a recent survey of the methods of preparation of the diglycerides ef. 
P. E. VerKapr, Chem. Weekblad 28, 449 (1949) 


ile 


pronounced melting point range was found on determination of the 
mixed melting point, it may be concluded that no migration of an acyl 
group occurs during the phosphorylation under the conditions applied 
by us. Nor was any different result to be expected, considering the wide 
experience in the field of the synthesis of glycerides. 

The hydrogenolysis of the substances of types XII—XV to the 
diacylglycerolphosphoric acids I—IV takes place smoothly in the presence 
of a platinum-on-charcoal catalyst at room temperature; according to our 
experience the most suitable reaction medium is anhydrous dioxan. In 
the cases hitherto investigated the yield of pure phosphatidic acid was 
80—85 °% of the theoretical yield. The substances generally crystallized 
from solvents in a more or less gelatinous form — an exception in this 
respect being formed by anhydrous dioxan — and retained the solvent 
more or less persistently; in this, molecular compounds play a part. The 
results of the elementary analysis of the products when completely freed 
from solvent by heating in a vacuum at an appropriate temperature left 
nothing to be desired. The substances obtained proved to be stable 
under these conditions; they possessed sharp melting points (e.g. af- 
distearoyl compound: 70—71°; ay-distearoyl compound: 68.5—69.5°; 
a-palmitoyl-f-stearoyl compound: 73.5—74.5°; a-stearoyl--palmitoyl 
compound: 62.5—63.5°; a-palmitoyl-y-stearoyl compound: 63.5—64.5°). 
From this as well as from the fact that in all the cases where this was to 
be expected a pronounced melting point range was found on determination 
of the mixed melting point, it may again be concluded that no migrations 
occur during the hydrogenolysis under the conditions applied by us. 
The procedure described here leads to decidedly homogeneous diacid and 
triacid a- and f-glycerophosphatidic acids. The purity of the products 
obtained became also apparent upon titration of the substances in warm 
dioxan with 0.1 N alkali hydroxide, using phenolphthalein as indicator, 
when they behave as dibasic acids; the equivalent weights found were 
in complete accordance with those calculated. 

Here again it is obvious that the method described 1s suitable only for 
such diacylglycerolphosphoric acids as contain no component acid which 
can be reduced under the conditions of the hydrogenolysis. 

From a recent publication) it appears that Barr, starting from 
optically active monoacid af-diglycerides, — obtained according to the 
method of SowpEN and Fiscuer?) —, has prepared some diacid 
a-glycerophosphatidic acids I in a fundamentally identical manner. 
However, the products obtained by this investigator were certainly not 
perfectly pure, as is proved conclusively by the data concerning the 
melting points: the diphenyl esters did not melt sharply, and the melting 
points of the acids were not reproducible with the desired degree of 


1) EK. Bamrr, J. Biol. Chem. 189, 235 (1951). 
2) J.C. SowpEen and H. O. L. Fiscuer, J. Am. Chem. Soc. 63, 3244 (1941). 
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accuracy and therefore not mentioned; on the other hand, the esters 
and acids of all the four possible types as obtained by us possess sharp 
melting points. It is beyond the scope of the present paper to compare 
Barr's procedure in detail with our own procedure and thus to trace 
the cause of the smaller success achieved by the former investigator. 
It may only be observed that the hydrogenolysis in glacial acetic acid 
in the presence of platinum dioxide according to ADAMS c.s., as applied 
by Bagr, is decidedly a procedure which is not to be recommended; 
as regards the catalyst in question, this is connected with what has 
already been stated above: the glycerophosphatidic acids also form 
difficultly soluble acid sodium salts. 

In our opinion it would not be undesirable to repeat BArr’s syntheses 
of optically active a-glycerophosphatidic acids while making use of our 
experience in this field. 


In an earlier paper!) the literature on the synthesis of phosphatidic 
acids was briefly reviewed; in connection with the then recent synthesis 
of new types of diglycerides certain methods for the preparation of the 
corresponding phosphatidic acids were also outlined on that occasion. 
In so far as phosphorylation was concerned, this was effected with the 
aid of phosphorus oxychloride. The phosphorylation with the aid of 
diphenyl chlorophosphonate now introduced may no doubt be looked 
upon as a considerable improvement. For various reasons, which will be 
set forth in detail elsewhere, the new method leads to pure phosphatidic 
acids in a much easier way. 

It is growing more and more obvious — we naturally have to leave the 
literature on this subject out of account here — that phosphatidic acids 
play an important role in the living organism. Consequently it is becoming 
increasingly desirable to gain a thorough knowledge of the chemical, 
physico-chemical and biochemical properties of substances of this nature. 
The pure preparations required for this have now become accessible — with 
the above-mentioned restriction with respect to the nature of the 
component acids — as a result of the work discussed above. We intend 
to undertake the investigation of the properties in question of the 
phosphatidic acids. 


CH,OD CH,OH CH,OD 
| | 
CHOH CHOD CHO-PO(OH), 
i l 
CH,O-PO(OH), CH,O-PO(OH), CH,OH 
XVI XVII XVIII 


The synthetic work, too, is being continued in various directions. 
Thus, researches are now in progress using phenyl dichlorophosphonate 
as a phosphorylating agent, while attempts are being made to synthesize 
the three possible types of lyso-glycerophosphatidic acids XVI—XVIII. 


1) P. E. Verxape and J. van DER LEE, Proceedings Kon. Akademie van 
Wetenschappen Amsterdam 40, 858 (1937) 
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(Communicated by Prof. F. A. Ventnc Mernesz at the meeting of February 23, 1952) 


A contribution to the theory of parallel rectilinear slope-recession of 
symmetrical crests. 


I. Introduction 


1. Since the publication of the eminent work “‘Les formes du terrain” 
[1]1) by G. DE La No# and Em. De MarGeriz in 1888, the problem of 
continuous recession of rectilinear slopes with constant slope angle 2) 
of symmetrical crests appears repeatedly in geomorphological literature, 
either taken by itself or in combination with other recession types 
or processes (fig. 1). The continuous parallel rectilinear recession of steep 
slopes of broad plateaux was many years ago an inducement for a 
mathematical treatment. [2,3]. The projective geometric method of 
BakKER and Le Hevux [4] rendered Leamann’s theory applicable in 
practice. On the other hand the treatment of the problem of 
parallel rectilinear crest-recession in geomorphological literature was, 
however, restricted to a few mostly too simple figures. Up to this day 
this problem has not yet been treated from a quantitatively exact 
point of view. In this publication we shall first develop the mathematical 
part and afterwards discuss some geomorphical consequences. To arrive 
at a mathematically justified theory, we start from considering the 
following premisses, which are supposed to remain constant during the 
whole recession-process. 


Fig. 1 (after De ta No# and De Marcerie). 


1) The numbers in square brackets refer to the bibliography at the end of 


part II of this article. ov 
2) We shall call this type of wall-recession ‘parallel rectilinear recession’. 
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Il. Premisses 

a. The rock is homogeneous. 

b. The slopes of the crests are only exposed to weathering and 
weathering-removal (W. PENCK’s Massenbewegungen [5]). 

c. The effect of the weathering is such that the retiring slopes retain 
a constant slope-angle. 

d. At the foot of the walls is a horizontal terrace on which screes 
may accumulate. 

e. The screes accumulated at the foot of the walls have a rectilinear 
cross-profile with a constant slope-angle, which is equal to or smaller 
than the slope angle of the walls of the crests. 

/. There exists a constant ratio between the volumes of rock weathered 
and screes deposited in periods of equal lengths. 

g. During the whole recession-process there are no relative crust- 
movements (e.g. by the activity of faults) between the terrace at the foot 
and the crest, neither is there any notable lowering of the foot terrace 
by erosion processes. 

Moreover it is necessary to draw attention to the following points: 

Premisses e) and f) imply that the geomorphological effect of the climato- 
logical circumstances remains the same. It is essential that the slope-angle 
of the screes has a constant value, although not necessarily the maximum 
one in nature. 


Il. Theory 


1. Ina more complete theory one is also to pose a premiss concerning 
the time. E.g. that in equal periods equal volumes of rocks are weathered 
or rocklayers of equal thickness. Thus a mathematical formulation of 
the process could be found as a function of time and the geomorphological 
consequences studied, a problem especially of great importance for slope 
recession in mesa- and cuesta-landscapes. All earlier investigations are 
to be seen as special situations in which this more general theory applies. 
A complete theory should also permit changes in the constant ¢ in the 
ratio introduced by LEHMANN [3]: 


rock-volume l—c 


serees-volume 1 ” 


and variations of the slope-angle of the screes etc. ete. 


2. Fig. 2 represents a perpendicular section of the crest. 

The height of the crest is h. 

The base of the crest is 2k. 

Base-angle is ~. 

Slope-angle of the screes is a. 

Zeropoint of the Cartesian co-ordinationsystem is 0. 

Led by motives of usefulness, not by a Puritanical preference for 


——_—~ 
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mathematical symbols, we note the content of the premisses [rock- 
volume = (1~—c) x screes-volume] in the following way: 


(1) (“F) dx—bdy) = 1-0) (dy — ©) ay 
(cot a=a, cot B = 5d) 


If the process may be considered from a physionomically geomorphological 
point of view [6] as a continuous one, it is permitted to consider volumes 


of infinitely thin thickness as expressed by differential equation (1). Further- 


: eee GB lalon py 
more the triangle U V W = Se 


has an infinitely small surface of 
the second order. | 
Let us transpose the zeropoint to P and take the positive x'-direction 
in the negative X-direction (so k—xz=~z2') and introduce (y/z’) =u 
or arc tan u = ¢ (See fig. 3). Equation (1) passes into 
= dy ie (1/6) + (1—e) u 
(2) dai 1+ (l—c) au ~ 
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Conclusion from equation (2): 
We have assumed (premiss e) a > 6. 
Case a. 
If a=6, 
dy ih l dy L Lt 
dn. fC ei ee 
y =+f—de' =2fde==+0. 
C = integration constant. 
Boundary condition: « = 0, y = 0 
1 1 
Case b. 
If a= 0; 
dy ms ] dy a i 
Se ie = Fae 3 
Case c. 
If u—> oo, 
E ce 1 dy __1 
te a oe 
Case d. 
lf ¢ > — 00, 
dy 1 
dz’ 


This holds good for every w, so y = (1/a) f —dx’ = (1/a) fdx =(1/a)x +. 
C’ = integration constant. 
Boundary condition: 2 = 0, y = 0. 
So 
(6) y= ou. 
Now dy = udz' +2’ du 
Our differential equation gives 
oll [+ (2—c)u + (1—c) au?) = — du{1+ (1—c) au} 


x 


du 


' 1 


We have to distinguish the cases 


Case a. (l1—c) ¢— ries ak: 
Case b. (1—e) ¢$ PF <9 
OF ' ac ae oe a 
ase C (1—c) 5 = 0. 
Case a. 
(x)? | (1—c) au? + (2—c)u+ ;| = 
(7) —2e eae 2(1—c) au + (2—c) 


= CO eh £(1—e) (a/b) — (2c) V4 (1—c) (a/b) — (2—e)® 
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C= integration constant. 
Boundary condition y = 0, if x =k (w= 0) or w= 0, if a = k, 
Whence 


VOT eae +;\= 


. a tS are tan peed 4 (1c) (a/b) — (20)? 
l = KY Vee) (a/b) — (2—c)? 2a + (2—c) abu 
b 


or as expressed in our previous co-ordinationsystem 


eae aby? + (2—c) b (k—2) y+ (k—2z)? = 


(9) \ ve ee are tan — aby \/4 (1—) (a/b) — (2c)? 
/ ae eV AC c) (a/b) — (2—c)? 2a (k—x) + (2—c) aby 
Case b. 
\ (x)? (1—c) au? + (2—c)u +; = 
ea) ies Se eet are tanh Ae ET rae) 
a GE e | (2—c)?— 4(1—c) (a/b) \ (2—c)? -- 4 (1—c) (a/b) 


2 abi ja 
: : a are tanh Beet) seo) ab) ye a) - a a/b) 
| 2 kV (2—e)?— 4 (1-2) (a/b) 2a + (2—c) abu 
bi 


Equation (11), expressed in our previous co-ordinationsystem, gives 


(EATS AO aa 
(12) < 2c at aby |) (2—c)? — 4 (1—e) (a/b) 
/ _ pp Ve 40) Oh ae 2-05, (ener (Oa) aby 
It may be allowed to remind the reader of 


vs in a+z2 


2 a—nx- 


1 are tanh 2 = 
a a 
So equation (12) can be written as follows 


\ (1—c) aby? + (2—c) b (k—a) y + (k—2)? = 
(18) ¢ 2c 1, 2a(k—n) + (20) aby + aby V(2—0)?=4 (1 
| _ 42 -V@—9®—40—e)(ajo) 2 2alk—a) + (2—e) aby—aby V(2—e)*—4(1 


(For hyperbolic functions see [7] and [8}) 


Case ec. 
PAG 
1 +) , LN Ee 
(14) (a')? | (1=<) au? + (2—c) u4 a — G e2(1—¢) au + (2—«) 


—c) (a/b) 
—c) (a/b) 
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Considering the boundary condition: 
— 4c (l—c )au 
1 oth enw ae 2 
(15) (w’)2 | (1—c) aw? + (2—c) u+ | = = ell) (2c) au + (2-2) 


Expressed in our previous co-ordinationsystem : 
— 4c (l—c) ay 


(16) (1—c) aby? + (2-0) b (k—x) y + (k—a)® = BP e7(1—2) (2) ay + (2-e)"(h—2) 


IV. Discussion 

1. As regards the geomorphological consequences the following: 
From equation (4) it follows that the profile of the nucleus touches in 0 
the consumed hence vanished crest-slope. From equation (5) it follows 
that in the top the nucleus-slope has a slope-angle equal to the slope- 
angle of the screes. This is in accordance with the profile of the nucleus 
in the cases of parallel and central rectilinear slope-recession of plateau 
walls [3,15] and of central rectilinear recession of crests [13]. When c 
approaches — co i.e. if there is no accumulation of debris at all, y = (w/a), 
(RicHTER’s “‘Schiefe Denudationsebene’’[9]), holds for the resulting profile 
[equation (6)]. Indeed, ¢ =— ce represents the limit case of a pure mathe- 
matical theory but in many cases already with c-values, of — 5, — 10, — 20 
etc. an almost rectilinear profile of the nucleus is obtained [10, 11, 12]. 
As has been remarked before, when a = 6b, the solution of differential 
equation (2) is given by y = (x/a) = (x/b) (equation (3)). In this case the 
weathering lasts till on the initial slope a debris layer has been formed 
thick enough to protect the underlying rock from weathering. Strongly 
speaking this last fact should have been stated in LeHMANN’s as well 
in our premisses. BAKKER and Le Heux [13] introduced for the first 
time the conceptions ‘‘direct’? and “indirect”? slope transformation. In 
our case we are concerned with “indirect slope transformation’? because 
a new profile has been formed at the cost of a former one. By substituting 
x =k in (9), (12) or (13) and (16), we can ealculate the final height 
which just as the total nucleus profile is a function of a, 6, ¢ and k. 


V. Another mathematical method 

1. Now we will discuss another method to solve equation (2). This 
method will have the advantage of being more simple and permitting 
a quite easy construction of the integralcurves. We repeat differential 
equation (2): 


dy ae (x'/b) +- (1—c) ay 
as! xv’ + (1—c) ay 


Let us now consider the system of two equations 


it 


dy i 
(MY 2 cay 


FF = x' + (1—c) ay 
(17) | 


in which ¢ is a variable parameter. 
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Every solution of (17) is a solution of (2) and vice versa. 
Suppose 


t pt 
x’ =e ) . : 
-In which a, “, p are constants. 


y = wer") 
By virtue of which (17) gives 


(18) ( (1/c)A+ (l—e+p) p= 


ha p)A+(1l—c) aw =0 
representing a system of two ee equations with two unknowns 
(a, (4). 
A solution will be obtained when 
p—lt+e — (1/b) 
(l—c)a l+~p 
whence 
Case 1. if c?—4(1—c) (a/b) > 0 Di2=tecthd 
(19) Case 2. if c?—4(1—c) (a/b) =0 Pio=te 
Case 3. if c?—4(1—c) (a/b) < 0 Di1.2=4ce+Hid 


in which 
d =\Vc?—4(1 —0) (a/b) 
In the cases 1, 2, and 3 the following solutions apply: 


/ ‘igi ak | i(c+d)t 4 4(c—d)t 
Woke Ge == Age + Ag € 


> 


Y= py erer ar + fig eet 
5 De a! = Ay etet als Ao etet 
( 0) Up =f, ebet ae Ms eict 
3. a! =A, eletidt 4 J, eble—iat 
Y = ty elle+idt 4 fy eX it 
From (18) by virtue of the boundary condition 
| =k 
(21) gee be a raat 
( (4 + fg = 0 
we can solve 4,, Ay, fy, Me, giving: 
\4 ee i 


(22) 


Sta Oe ee 
\ - B(Py—Pp2) ” Me b (ps—Py) 
The following example will illustrate the foregoing theory: 


c=} 

Su ai oie (a = 21° 48’) 

cs aes (8 = 45°) 
1 


9 Series B 


This gives 


ies (4 x 5, i) eCletit ae (4 at. ‘5 i) e! 


1/ 


ot — e'let {cost + § sin t} 


y =—el sin t. 
We can simplify this as follows 

a’ = elt V1 + (3)? sin (¢ + y) 
y = —e'l# gin ¢ \ 
(arc tan § = yp) \ 

By virtue of the boundary condition if 

iw 2 = oe 

ly =0 


for t holds —-y<t<0. 
See fig. 4. 


Fig. 4 


In the first quadrant the curve gives the functional relation between 
y and t. In the third between x’ and t, while in the second we find the 


curve OA" as the solution. (We introduced a small but permissible in- 
accuracy by supposing are tan § = >, qt). 


(To be continued ) 
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VI. Second discussion 


1. LEHMANN [3] calculated for parallel slope-recession of plateaux 
the following differential equation 


(23) (dav — bdy) (h ~ y) = (1 =e) ay (dy — _ 
(h = constant height of the plateau). 


When considering fig. 5 and the way in which we calculated equation (1), 
the meaning of equation (21) is quite clear. 


Fig. 5. Diagram from which the differential equation (1) may be obtained. 
F'F"' represents an infinitely small increase in the convex nucleus (after Orro 
LEHMANN). 


The solution of this equation is 


(24) x =k (J +m) In [— — ky 
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in which 


k= , 
* 
b 
Lome a—ac—b’ 
I , 
Mm = = (hk = constant height of the plateau). 


k has another meaning here then half the base of the plateau. 


2. Now it is possible to give the following supplement concerning 
parallel slope-recession. In the following, symmetrical plateaux are con- 
sidered. We can distinguish a critical top-width given by 


—h(k +5) 


(25) r,=k(l+m) In — 


m—h 


We have to consider three cases 


a. * >r7, see fig. 6a 
OL Fr, see fig. 6b 
ce 7 =e, see fig. 6c, 6d en 6¢ 


(2r top-width of the plateaux). 


In fig. 6a, 66, 6d and 6e the final stages of the profile of the rocky 
nucleus are drawn. (fig. 6e in an enlargement of fig. 6c). 


O P ) 


Fig. 6b 


Fig. 6c represents the situation at the moment that the retiring slope 
has reached the middle of the upper plateau-width. The further develop- 
ment takes place as a sy trical crest-recessic . ‘j 

es place as a 83 mmetrical crest-recession. Comparing Lehmann’s 
differential equation 


dy ba h—cy ; 
dx — bhi (a—ac—b)y (equation (23)) 


with ours 


Tm Aa (equation (1)) 


Fig. 6¢ 
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it is clear that for the points R and Q, where (k —x)/b = h—y, these expres- 
sions are equal, i.e. the profile has a continuous course in the final stage. 
It is very important to observe that the curvature of the nucleus above 
the line / is more pronounced than in the analogous LEHMANN-cases. 
This follows from equation (5). It is illustrated in fig. 6d — 6e in which 
the thin broken lines, curve RC, QB, represent LEHMANN’s curves. 


3. To draw the profile of the nucleus in the final stage in some 
special cases, the procedure should be the following. In the cases a and b 
LEHMANN’s curve can be constructed by the method given by BAKKER 
and Le Hevux [4]. In case ¢ LEHMANN’s curve is valid from 0 to R. 
See fig. 7. To find the co-ordinates of R(&,7) we draw the straight 
line y= 2/6 +h through A. R is the intersection point of LEHMANN’s 
curve (OC) and the drawn straight line. 

The co-ordinates can be found in an analytical way by solving x and y 
from the following system of equations 

m—y\—k(1+m) pe aie L ie. ae Ei , = 
(26) \ (~~) — ee" = ()  (LEHMANN’s curve, see equation (24)) 
/ y = ; x+h 

The first equation is transcendental. 

We can obtain the solution by using, e.g, the method of “Regula Falsi’’ 
[14]. The profile of the nucleus above the line / is obtained by solving 
equations resp. (7), (10), (14) (boundary condition if uw = (y)/(k — &), 
a'=k—€ or solving equations (20), (22), (boundary condition if t = 0 
Ay tdg=& kK-E ty + Mg =). 


VII. Construction of the new profile by means of isoclines 


1. See this method in Bakker and Le Hevx [13] part III and LY. 
1, The differential equation is 


y (1—c) (ady —dz) = (k—2) (= -- dy) (see equation (1)). 
Putting (dy)/(dv) = p and taking k as unit 


y(1=e) (ap) = (12) (7p) or 
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In the case of parallel crest-recession, the isoclines build up a pencil of 
straight lines from the fixed point (1, 0) on the X-axis to the graduations 


- ; - ] l1—bp = : 
of the projective scale ———.——“ on the Y-axis. 
b(l—ec) ap—l 
= : 1—bp 
Construction of the scale y = ae 
In our figure 8 we have taken a = 2.5, b=3, c= — 0.4. 
; ‘ ] 
In this case the factor ——— becomes l. 


b( I—c) 
As only three points are wanted, for the construction of the whole scale 
we chose 
Aip=0, y—}} 
Dip=co, y = — (b/a)} 
O {[p = (1/6), 9 = 0}. 


To find the projection centre C, it may be remarked that for p = (1/a), 
y becomes oo. So, C has the co-ordinates ((1/a); —(b/a)). In our figure 
RL = tan a = (1/a) = KG; OG = KG cot B = (b/a) = OD = EC 

while OH = 0. 4 = (1/a). 

Through the zeropoint A the tangens-scale AF is laid with graduations 
of 0. 1 p from B, 0. 4 (1/a) to F 1. 4(1/b). The dividing points are transposed 
to the Y-axis by central projection. Joined to L (1. 0) they give the pencil 
of isoclines. The profile of the nucleus under the screes is the limit of 
a broken line OPQ, beginning in O and running from isocline to isocline 
in the succeeding directions 1.3: 1.2: 1. 1: ete. 

The meeting-points of the isoclines with the slope are obtained by putting 
«x=by in the equation y(1—c) (ap—1) = (1—2) {(1/b)— p} which becomes 
y(1 — c) (ap — 1) = {(1/b) — y} (1 — bp). 


VIII. Final remarks 


1. It is clear that this theory is applicable to symmetrical cones as 
well. In a forthcoming treatise we shall devote our attention to 
asymmetrical crests and more especially to the movement of the apex, 
(See fig. 9). 


A 


Fig. 9 
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Attention to the subject was first drawn by Prof. Dr J. P. Baxxrr 


in his classes ‘““‘Slopedevelopment, altiplanation and peneplainisation”’ 
and the working out of the problem was strongly favoured by his warm 
interest and aid. We are also indebted to Dr H. Looman for valuable 
discussions, to Mrs. A. v. p. ZEE—pE BRuYyNE for correcting the English 
text, to Misses E. R. BuispENSTEIN, E. v. ELK and C. A. Zrerss for their 
help in preparing the text for the press and especially to Mr J. pm Baar, 
who drew the figures. 
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AERO- AND HYDRODYNAMICS 


ON THE NON-LINEAR THEORY OF THE HOT-WIRE 
ANEMOMETER 
BY 
A. MUGGIA !) anp W. C. van *2 SANT Jzn. 


(Mededeling No. 70 wit het Laboratorium voor Aero- en Hydrodynamica der Technische 
Hogeschool te Delft) 


(Communicated by Prof. J. M. Burcers at the meeting of February 23, 1952) 


1. Let us consider a thin hot wire perpendicular to a steady uniform 
airflow. If U is the velocity of the wind, 7, its temperature far from the 
wire, 7’ the temperature of the wire, d its diameter, S and S, its electrical 
resistances per unit length at temperatures 7’ and 7, respectively, J the 
intensity of the heating current, then according to Kine@’s formula 2): 


(1) SI? = (a + b VUd) (T —T,) 
assuming that the wire length is infinite or great enough to render negligible 


the effect of thermal conduction towards the wire supports. 
It is known that a and b are functions of the temperature, of the form: 


(2) a=a,t+ a (T—T)) + a. (T—T,)? 4+ .... 
(3) b = by + 6, (1 —T,) + 6, (T —T,)? + .... 


I| 


Since also the resistivity of the wire is a function of the temperature 
we can write: 


S—S S—S,\2 
4 a pad | ' 9 
(4) T-T, m, (“= ) + ms ( gt) ees 
We observe that ap, ay, Ba he teats ig Oh, Gee eotans are dependent on the 
properties of the fluid (the air), while m,,m,...... are dependent on 
the wire. 
Equation (1) thus becomes: 

s—sS S—8,\2 
5 2 0 ; 0 
(5) SI? = ky (Zo) + by (BAB) + 
with 


ky = agm, + bym, VUd 
keg = AgMy + aymy? + (bom, + bym,?) VUd 


5s ae Sie 


1) A. Mucera, Laboratorio di Aeronautica, Politecnico di Torino. 
*) L. V. Kina, On the convection of heat from small cylinders in a stream of 
fluid, Phil. Trans, Roy. Soc. of London A 214, 373 (1914). 
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: 2. Now we observe that, while a9, a,, by are positive, b, is negative 3), 
esides, while m, is positive for platinum, m, is negative for tungsten. 


In general the terms bym, | Ud and bym,? ) Ud are not negligible. In the 
case of a platinum wire the first one is positive, the second one negative 
and their s is very all i aris 7] 

eir sum is very small in comparison with am, + aym,2; on the 
ecntrary in the case of a tungsten wire they are both negative. This is 
the reason why it appears to us that in general it is not permitted to 
neglect the terms containing b, and m,, as was done by Bercuoy 4). 


Fig. 1 


Moreover, we observe that m, is somewhat larger for platinum than for 
tungsten. We can conclude that for a platinum wire k, will be positive 
and nearly independent of U and d, while for a tungsten wire k, may be 
positive, zero or negative, depending on the value of the product Ud; 
if Ud is not too large it will be nearly zero. 


8) §. Corrstn, Extended applications of the hot-wire anemometer, N.A.C.A. 


Techn. Note no. 1864 (1949). 
4) R. Betcuov, Théorie non-linéaire de l’anémométre a fil chaud, Med. 61, 


Proc. Kon. Ned. Akad. v. Wetensch., Amsterdam 52, 195 (1949). 


132 


3. This explains the difference in behaviour of platinum and tungsten 
wires as to the non-linearity. This difference was already observed (but 
not explained) by BrercHov and WELLING °), 

We made some experiments on tungsten at the ‘‘Laboratorium voor 
Aero- en Hydrodynamica”’ of the Technische Hogeschool at Delft. To be 
in accordance with the above theory, it is necessary to choose wires of 


sufficient length. If R and R, are the values of the resistance for the entire 
wire at the temperatures 7 and T), we have, according to (5) 
ie® 

(6) Rom =a + ey (R-B) 
(kz, ky, .... escape calculation and measurement). 

The diagram for (RI*)/(R—R,) as a function of R—R,, with U as a 
parameter, will show a series of nearly horizontal straight lines, whose 
slope may be dependent on U. Owing to the smallness of this slope 


°) R. BercHov and W. We ture, Quelques expériences sur la non-linéarité 


des fils chauds, Med. 66, Proc. Kon. Ned. Akad. v. Wetensch., Amsterdam BR Pero) 
(1950). 
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compared with the errors of measurements and calculations, we could 
not yet experimentally show this dependence on U. 

As an example fig. 1 shows some experimental results relative to a 
tungsten wire of 5w diameter and 7,3 mm length. §) 

With short wires the thermal conduction towards the wire supports 
strongly exaggerates of the non-linearity effect. So we can clearly show 
the dependence of the non-linearity on Ud when we choose a short wire. 
An exact calculation becomes very complicated. Fig. 2 gives some experi- 
mental curves for a tungsten wire of 4 mm length and 5 diameter. 

To show more clearly the difference in behaviour of tungsten and 
platinum wires we add some curves relative to a platinum wire of 7 
diameter and 3,3 mm length. The slope of the curves is practically inde- 
pendent of the velocity, which demonstrates the independence of the non- 


linearity from the product Ud. 


Summary 

The non-linear term of the equations for the static heat loss of a hot 
wire is examined. The difference between platinum and tungsten wires 
as to non-linearity is studied and some experimental results are given 
concerning tungsten and platinum wires. 


Résumé 

On examine le terme non-linéaire de ’équation statique du fil chaud. 
On étudie la différence entre les propriétés des fils de platine et de tungsténe 
sous ce rapport. Des résultats d’expériences faites sur des fils de tungstene 
et de platine sont ajoutés. 


8) In figs. 1 and 2 the velocity has been indicated by V instead of (i. 


CRYSTALLOGRAPHY 


A THEORY OF CRYSTAL MORPHOLOGY 


, BY 


P. HARTMAN anv W. G. PERDOK 


(Kristallografisch Instituut der Universiteit van Groningen) 


(Communicated by Prof. PH. H. KuENEN at the meeting of January 26, 1952) 


Crystals in general develop certain zones and faces, which in so far 
as they are independent of external growth conditions, must be related 
to specific directions in the crystal structure. This is strikingly demonstrated 
by fibrous crystals (asbestos, cellulose) where chains of strongly bonded 
atoms run parallel to the fiber axis. 

But also in crystals lacking such extreme properties we will always 
find one or more bonds, characterised by a high energy of formation on 
crystallisation. To attain a state of low free surface energy, the crystal 
must form as many as possible of the high energy bonds, thus developing 
zones according to the directions of these bonds. It is known that if 
crystal growth were an equilibrium phenomenon, the length of the zone 
axes for a very small crystal should be, as a first approximation, 
proportional to the corresponding bond energies.') But the following 
reasoning will show, that these bonds must also have a chain connection. 

Suppose there is a strong bond between two building units A and B, 
that there is only one such bond per unit cell and that the bond between 
A and B’ as well as the bond between B and A’ are very much weaker, 
A’ and B’ being structurally equivalent with A and B. Now it will be 
obvious, that such a bond A—B cannot have any influence on the crystal 
shape, because a crystal of a given volume always contains the same 
number of unit cells and also the same number of bonds A—B, so that 
the crystal will not gain bond energy by growing out into the direction 
of A—B. If, on the other hand, the bonds A—B’ and B—A’ are of the 
same strength as A—B, then the crystal will attain a lower free surface 
energy state on growing out into the direction of the bond chain 
B'-A-B-A'. 

From this consideration we conclude, that the high energy bonds can 
only exert an influence on the shape of the crystal, if they form uninter- 
rupted chains throughout the structure. In complicated structures the 
chains may consist of several links to reach a structurally equivalent 
building unit. In general the effective zone direction can be found as the 


) J. W. Gress, Scientific Papers, 1 (1906). 
P. Curts, Bull. Soc. Fr. Min., 8, 145 (1885). 
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vector sum of all the partial bond vectors: hence it. is parallel to the 
translation relating the two equivalent building units. This vector sum 
we call a periodic bond chain vector (P.B.C. vector). Sometimes the length 
of the P.B.C. vector is a submultiple of the translation distance, owing 
to pseudo-halvings, pseudo-thirdings ete. 

The main feature of our theory is, that the P.B.C. vectors govern the 
morphological development of a crystal: the most important zones are 
parallel to the P.B.C. vectors of which the chains contain the strongest 
bonds, and the most important faces contain building units which are 
points of junction for the greatest number of coplanar P.B.C. vectors. 


It is well known, that crystals, specially minerals, can show a very 
rich form development, that means: besides the larger faces of usually 
low indices, there are found a number of smaller faces with higher indices. 
In general all these faces are found on zones, which were already defined 
by the intersections of the larger faces, so that they have at least one 
strong bond chain in their surface. V. GoLpscuMipT already pointed out 
in his “law of complication” that the indices of the faces in the same 
part of a zone in many cases might be derived by repeated addition of 
the indices of the faces with the simplest indices. P. Niceir showed that 
the same “‘law” holds for the zone axes and that it is essentially a vector 
addition scheme. In terms of our theory this means, that the attachment 
of material from the disordered phase to the growing crystal takes place 
in steps, which are links of the high energy bond chains. Consequently 
zone directions other than those of the P.B.C. vectors, denoted by 
, q,--.-, Wil be found as a vector sum of the form mp + nq-+.... 

Now we can ask ourselves, why these other zones and faces should 
develop at all. For if crystal growth is continued for a sufficiently long 
time, as a matter of fact the smaller faces disappear and only the larger 
ones are left, owing to their small displacement velocities; these may be 
called “equilibrium” faces.1) This shows that in the stage of crystal 
growth under (quasi) equilibrium conditions the smaller faces do not 
develop, but only try to maintain themselves against being “devoured” 
by the equilibrium faces. Consequently the crystal must have been before 
in a different stage of development, in which these smaller faces have 
originated. We can imagine the following picture of the two stages: 

When crystal growth is starting from a small germ, there is in general 
a considerable degree of supersaturation. The supply of material then is 
so abundant, that any building unit, once attached to the surface of the 
seed, cannot diffuse back again into the disordered phase. Hence all kinds 
of zones mp + nqg-+.... grow out with about the same velocity, so that 
the germ develops to a “‘seed’”’ with an approach to an isometric shape. 
As time proceeds and the growth conditions come closer to “equilibrium” 


1) Of. A. F. Wetts, Phil. Mag., 37, 184 (1946). 
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conditions, the seed will develop more and more, so that its “‘faces”’ 
which might be represented by only one mesh, become real crystal faces 
with a certain extensiveness. When, from now on, growth conditions 
remain constant, no new faces can be formed which were not present 
in origin on the seed: a competition sets in during which the faces with 
the greater displacement velocities are forced to disappear and are cut 
out by the equilibrium faces. It is obvious, that morphologically forms 
will be the more important, the slower their faces disappear. In this 
manner our theory can account for the morphological order of importance 
by predicting an order of disappearance. 

For this purpose the faces have to be divided into three classes, which 
should be considered separately, because of their entirely different 
character: 


Class F or flat faces, containing two or more coplanar P.B.C. vectors: 

Class S or stepped faces, containing one P.B.C. vector: 

Class K or kinked faces, containing no P.B.C. vector. 

(See for the terminology W. K. Burton and N. Casrera: Disc. Far. 
Soc. no. 5 (1949) 33). 


A building unit attaching to the surface of an F-face will release a 
relatively small amount of energy, so that the displacement velocities 
of the flat faces will be small. Consequently the F-faces will become the 
larger (equilibrium) faces. 

The attachment of a building unit to the edge of a step of an S-face 
involves the formation of at least one strong bond more than in the case 
of an F-face, consequently the displacement velocities of the S-faces 
will be greater. The relative displacement velocities of the S-faces with 
respect to each other is subject to two influences. working in opposite 
directions. Firstly, if building units are attached only to the step edges, 
the faces with the smaller steps will have the greater displacement 
velocities; secondly, if building units are also attached to the flat part of 
the step and then migrate towards the edges, the faces with the larger 
steps will have the greater displacement velocities, consequently the faces 
with the larger indices will disappear sooner. As observations indicate 
clearly that the latter is true, the second influence predominates. 

The behaviour of the K-faces is almost the same as that of the S-faces. 
Their displacement velocities are still greater, as the attachment of a 
building unit into a kink involves the formation of at least one strong 
bond more than in the case of an S-face, In general the quicker disappearing 
faces will be found in the K-class, while the persistent faces will belong 
to the F-class. The only K-faces we found in descriptions of minerals 
were always (111)-faces, referred to three noncoplaner P.B.C. vectors as 
coordinate axes, showing again the influence of surface migration. 

The considerations just given only lead to a rough picture of the 
morphology of a crystal, but we found in a great number of examples 
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that this general picture is correct and that it proved to be sufficient for 
crystals of simple morphological development. But in some cases statistical 
investigations are possible, giving a far more detailed picture as to the 
morphological order of importance of the forms. As far as these statistical 
results are reliable, a theory of morphology should be in agreement also 
with the details. We will now point out, how a more detailed picture of 
the morphology can be drawn from our theory. 

For the F-faces we can expect, that their morphological importance 
increases with their plane energy. The plane energy is defined as the 
energy per molecule, released when one layer of building units has been 
formed, parallel to the lattice plane of the flat face (y’ + y'' in the sense 
of KossEL); it is the complement of the surface energy in the sense of 
orn. As far as approximate calculations of these energies could be made, 
we found this expectation confirmed. It will be obvious, that such 
calculations cannot be done for S- and K-faces, as in this case the plane 
energy has no physical reality in the growth process. 

A more detailed account for the morphological importance of the 
S-faces can be obtained from the vector addition scheme, as was first 
shown by P. Niecii.+) In our view the chance of appearance for an 
S-face during the first stage depends on the length of its steps, for the 
minimum surface area of a face, to which the seed must offer room, is 
one mesh. It is obvious, that if the first stage of growth is governed by 
the laws of probability, an S-face will not appear, before the neighbouring 
faces of lower “addition order” are present. Hence the “‘level’’ of a face 
in the addition scheme represents its chance of appearance. However, 
this does not coincide completely with the morphological importance, 
because there is also a chance of disappearance during the second stage, 
which depends on the angles of the S-faces, included with the F-faces. 
At last, to obtain a survey of the whole complex of S-faces, a certain 
weight was given to the different parts of the zones. Our results for the 
morphology of sulphur, of which the details will be published elsewhere, 
are given in the table: 

For the flat faces the plane energy is given in arbitrary units; the 
values P and F are the “‘Kombinationspersistenz”’ resp. ‘‘Fundort- 
persistenz” given by P. Niaat. ?) The values under the head “Donnay— 
Harker” are their calculated mesh area’s. 

In the table of the stepped faces only the order of the forms is given. 

Among the 48 observed forms 7 belong to the kinked faces, of which 
only 2 have an F-value exceeding 3. 


As crystal morphology is the result of a process of crystal growth, 
which is governed by laws of energy, we can ask ourselves, why purely 


1) P. Niger, Lehrbuch der Mineralogie und Kristallchemie, Teil I, 539 (1941). 
2) P. Nieew, Z. Krist., 58, 490 (1923). 
10 Series B 
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Flat faces 


Form Plane energy Ne F Donnay Harker 
111 11300 98 100 107 
O1] 7900 78 gs 145 
001 7110 i 91 135 
101 6570 53 49 172 
O10 3770 63 42 257 
100 2440 33 24 317 


Stepped faces 


Donnay P.B.C. . Donnay P.B.C. ‘ Donnay P.B.C. 
Harker theory : Harker theory Harker theory 
113 113 113 113 228 244 244 | 22.12 242+ 
220 220 220 220 335 442 551 446+ 424+ 
115 115 115 115 | 422 22.12%. 22.12 171+ 446+ 
131 224 224 224 | 0165 551 337 551 553 
133 013 013 133 | 155 337 031 | 301% 042 
013 133 133 013 | 105 024+ 155 33.11 11.13+ 
224 131 131 131 | 024+ 031 33.13 | 553 355+ 
311 103 103 103 | 11.11 204 204 | 107+ 882+ 
103 331 331 117 337 11.11 11.11 | 017+ 58.114 
117 117 117 331 442 402 402. | 035+ 773+ 
313 311 311 228 424+ 511 511 | 77 288+ 
331 228 235 311 031 301+ 151 | 402 BHA fe 
242+ 313 313 119 | 6511 151 33.11 | 042 771+ 
119 119 442 313 | 353+ 155 442 44.10+ 559+ 
244 33.13 119 442 204 33.11 553 | 38.13 035+ 
151 335 335 335 355+ 015+ 042 | 711+ 822+ 
515+ 422 305 377+ 037+ 
533+ 105+ ITT 305 028+ 
| 1113+ 515+ obs | 694 733+ 


Forms marked by a plus sign have never been observed, 


geometrical theories like DonNay—Harker !) can give good results in 
predicting the morphological order from the mesh area. Specially when 
the Donnay—Harker method is applied to the F-, S- and K-faces 
separately, in the manner we have pointed out for our theory, or for 
parts of zones between two F-faces, its results are greatly improved when 
compared to the results for the complete set of crystal forms. 

To understand this it may be emphasized, that a small mesh area 
implies that building units are lying close together, so that their distances 
are small and their energy of attraction as well as the plane energy are 
considerable. Therefore, if the bonds are all of the same type, the bond 
energy is a monotonely decreasing function of the distance and the plane 
energy will be a monotonely decreasing function of the mesh area. 


 ¥. D. A. Donway and D: Harker, Am. Min., 22, 446 (1937). 
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Anomalies of the Donnay—Harker treatment can be expected as soon 
as bonds of different type (metallic + homopolar, or ionic + van der 
Waals) occur in the same crystal structure: in general when a smaller 
distance does not always imply a stronger bond, and the reverse. This 
is strikingly illustrated in the case of pyrite and hauerite. As both 
structures are geometrically identical, the form {210} should have the 
same morphological importance for both minerals. Nevertheless, this form 
is far more important in the case of pyrite than for hauerite. The reason 
of this anomaly can be found in the different bond type. The zone [120] 
in pyrite is parallel to a P.B.C. vector which contains bonds between 
sulphur atoms of different S,-groups. Such bonds between similar atoms 
cannot exist in hauerite, which structure consists of Mn** and 8, ~-ions!). 

A further reason why the geometrics of the lattice can influence the 
results of the growth process can be found in the chance of appearance, 
which depends on the length of the step contours. 


Conclusions 

The morphology of a crystal is governed by a set of periodic bond 
chains; those chains are the more important ones, which contain the 
strongest bonds. This does not always imply that in these chains also 
the shortest distances between building units are found. Separate bonds, 
which do not form chains, cannot exert any influence on the morphological 
development. 


1) L. Pauxtine, The nature of the chemical bond, 2nd Ed., 186 (1945). 


PETROLOGY 


ACCESSORY TRANSPARENT MINERALS IN TIN GRANITES OF 
NORTH BANKA, INDONESIA 


BY 
C. KIEFT 


(Communicated by Prof. H. A. BrouwEr at the meeting of January 26, 1952) 


Introduction 

This communication purports to contribute to the knowledge of the 
accessory transparent minerals in granitic rocks of the western section 
of the extensive granite mass exposed on either side of Klabat Bay in 
North Banka. The area under consideration falls within the Djebus (or 
Djeboes, according to the Dutch manner of writing) district, the geology 
of which has been described by Prof. J. WEsTeRvELD (1936). It was 
Prof. WESTERVELD who kindly put his rock sample collection of North 
Banka at the writer’s disposal for further mineralogical examination and 
who discussed with him many of the problems to be solved with regard 
to the effective separation of the various heavy mineral species of which 
it was ultimately proved that they occurred in the mother rocks of the 
well-known residual cassiterite deposits of this remarkable island. 

The writer feels also indebted to Dr W. P. pp Rorver for his help in 
identifying some of the heavy mineral species. 

The publication of Plate If has been made possible through a 
grant from the MoLtenGcRAarr Fund. 

As far as seems to be known, only the tin granites of Cornwall and 
Devonshire in south-west England have so far been searched thoroughly 
for accessory constituents, whereas those of the Malayan and Indonesian 
tin belts have hitherto remained insufficiently investigated in this respect. 

Through petrographical work with the aid of thin sections, WesTERVELD 
(1936) already demonstrated the development of orthite, zircon, titanite, 
apatite, fluorspar, and tourmaline among less common constituents in the 
Djebus granites, the rather regular distribution of orthite being one of 
the most interesting results of this study. The relatively high content of 
rare earths in the Banka granites indicated by this latter fact has been 
confirmed by W. van ToONGEREN’s spectrographical analyses of East 
Indian rock samples, which show, according to WHESTERVELD (1941, 
pp. 194, 195), that the quantitative figures for Y,03, La,O,, Ce,O3, and 
Nd,O; in Banka and Billiton granites (VAN TONGEREN, 1938, pp. 146, 
147, 178) are among the highest found for intrusive rocks from the 
Indonesian Archipelago. 
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Contrary to the granitic mother rocks, the residuary cassiterite deposits 
of Banka have been investigated rather thoroughly for their heavy 
mineral content. H. JuNKER (1939), for instance, mentions the occurrence 
of the following species in tin sands: xenotime, topaz, cassiterite, monazite, 
tourmaline, anatase, brookite, rutile, zircon, magnetite, titaniferous iron 
ore, and some native gold. Xenotime has also been identified by J. H. 
Druir (1935) in beach sands from the island Berhala in the Straits of 
Malacca, while monazite has been found by the same author as a primary 
mineral in granite from a near-by locality. 

The mineralogical examination of the Devon and Cornish tin granites 
by A. Brammatt and F. H. Harwoop (1928, a and 6), A. BRAMMALL 
(1928), M. CHATTERJEE (1929), P. K. Gosu (1927, 1928), and J. G. C. 
LeEcu (1929) revealed the existence of the following rare species in the 
Dartmoor, Bodmin Moor, St. Austell, and Falmouth granite bodies, in 
alphabetical order: amphibole, anatase, apatite, andalusite, autunite, 
beryl, brookite, cordierite, cassiterite, corundum, dumortierite, kyanite, 
fluorspar, garnet, monazite, pyroxene, rutile, sillimanite, spinel, titanite, 
topaz, torbernite, and zircon. Paragenetically, these minerals might 
tentatively be grouped as indicated below. 


(1) Orthomagmatic constituents of the granite: amphibole, apatite, 
monazite, pyroxene, titanite, zircon. 

(2) Minerals formed by residual, pneumatolytic-hydrothermal solutions : 
cassiterite, dumortierite, fluorspar, topaz, tourmaline. 

(3) Minerals formed by pneumatolytic alteration of biotite (liberation 
of Ti): anatase, brookite, rutile. 

(4) Minerals formed by assimilation of country rock: andalusite, cor- 
dierite, corundum, kyanite, garnet, sillimanite, spinel. 

(5) Minerals formed under atmospheric conditions : autunite, torbernite. 


Choice of samples 

The material used for the present investigation consists of eight granite 
samples from the Djebus district, of which the localities are marked with 
Roman figures on the accompanying map, Plate I. A closer specification 
of the nature of these rocks, and of the localities where they were collected, 
is given in the following list. 

I. Coarse-grained, porphyritic biotite-granite (no. 89). Sea-shore near 

mouth of Tenam valley. 
IL. Coarse-grained, weakly porphyritic biotite-granite (with the biotite 
largely altered into chlorite) (no. 75). Near village Bakit. 

Ill. Coarse-grained, porphyritic biotite-granite (no. 99). Mount Kepor. 

IV. Coarse-grained, weakly porphyritic, amphibole-bearing biotite-granite. 
West of village Ketap, near Medang valley (no. 63). 

V. Coarse-grained, strongly porphyritic biotite-granite (no. 84). Sea-shore 
southwest of village Penganak Laut. 
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VI. Medium- to fine-grained biotite-granite with narrow tourmaline- 
sulphide-veinlets up to +1 mm thickness (no. 42). Mount Gantan. 

VII. Medium-grained biotite-granite crossed by a tourmaline-sulphide- 
band of + 1 cm thickness (no. 41). Mount Gantan. 

VIII. Mediwm-grained biotite-granite crossed by numerous narrow 
tourmaline-sulphide-veinlets (no. 72). South-side of island Kambing in 
Klabat Bay. 


Specimens I—V have an almost similar appearance in that they are 
all coarse-grained biotite-granites, but nos. VI—VIII differ rather strongly 
from them by their finer grain, combined with a more leucocratic character, 
a smaller quantity of biotite, and a tendency of the quartz grains to be 
developed as phenocrysts. Besides, the latter samples all contain tour- 
maline-sulphide-veinlets, whereas the former are free of them. The ore 
mineral of the veinlets is chiefly arsenopyrite. 


Preliminary treatment of samples 


The granite specimens were pulverized in a mortar and one part of 
the powder was subjected to the initial treatment usually applied in 
sedimentary mineralogy: washing away the finest particles followed by 
heating of the grain residue in rather strong HCl and HNOs, successively. 
The heavier fraction was afterwards separated from the lighter one by 
means of bromoform (specific weight 2.9), after which the former. under- 
went a second separation with the aid of methylene iodide (specific 
weight 3.32). The two heavy fractions thus obtained were gathered in 
Canada balsam on thin sections for microscopic examination. 

Another part of the powdered material, instead of being washed, was 
sieved through a silk cloth, after which the coarser fraction was separated 
with bromoform. The heavy mineral fraction acquired in this way was 
then submitted to the action of a strong magnet, resulting in the almost 
complete extraction of biotite — which mineral escaped oxydation 
through this dry treatment — and of at least part of a few other magnetic 
minerals, e.g., tourmaline and xenotime. That xenotime can be con- 
centrated in this way is already known from the successfull application 
of this method to South African granites and mineral concentrates by 
J. VAN DER Lincen and A. R. R. WaLkKsrR (1925, a and 6). By heating 
the magnetic fraction with acids, followed by successive separations of 
the dry residue with bromoform and methylene iodide, as in the case 
of the first preliminary treatment, relatively higher concentrations of 
tourmaline and xenotime could be realized than without magnetic 
extraction. 

The non-magnetic heavy mineral fraction acquired by the second 
method was submitted to a separation with methylene iodide, after which 
both heavy mineral concentrates obtained through the second way of 
preliminary treatment, were collected in Canada balsam on slides for 
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microscopic study. By avoiding an acid treatment of the non-magnetic 
mineral fraction, from which biotite had already been more or less com- 
pletely removed, it became possible to get concentrates of mineral species 
otherwise corroded by HCl, ete. — of fluorspar, scheelite, apatite, and 
orthite, for instance. 


Transparent minerals found in the heavy minerals concentrates 

In the table given below the accessory transparent minerals found 
in the rock samples under consideration are presented in accordance with 
their distribution over the various granite specimens, the figures indicating 
their relative abundance in each case. Since zircon appeared to be very 
regularly distributed in all heavy grain preparations, the symbol 4 has 
been inserted invariably for this mineral and the frequency indexes for 
all other less common constituents have been estimated by taking that 
for zircon as a comparative value. 
Table of relative abundances of rare mineral species in samples of North Banka granites 

(Djebus district) 
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Explanation of figures: 1 = sporadic; 2 = various grains; 3 = rather many grains; 
4 = many grains; 5 = very many grains. 


The morphological and optical characteristics of some among the 
minor constituents enumerated in the tabular scheme give rise to the 
following remarks. 

Titanite appears in grains with irregular outlines and cut by irregular 
cracks. They are distinctly coloured and show a pleichroism varying 
between reddish violet and colourless, Grains orientated with their acute 
bisectrix at right angles to the slides display a strong dispersion and 
abnormal blue colours, furthermore imperfect extinction between crossed 
nicols and irregular interference figures. It is sometimes difficult to 
distinguish titanite from cassiterite. 

Cassiterite (Plate II, Figures 1, a-c) also exhibits very irregular fracture 
surfaces and a lack of idiomorphism. Cleavage could only occasionally be 
observed (Plate II, Figures 1c). Inclusions are rare, while the colour of 
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this mineral varies between colourless, light yellowish brown, red-brown, 
and blood-red. Besides, the cassiterite grains show a certain degree of 
pleochroism and are sometimes distinctly twinned (Plate IT, Figures la, Ic). 

Scheelite, too, only appears as grains without clear crystal outlines in 
the heavy mineral fractions (Plate IT, Figures 3, a-c). Its grains are 
rather transparent and colourless, being moreover characterized by a 
very high relief and by interference colours sometimes resembling those 
shown by clinozoisite-epidote. Inclusions of and transitions into fine-grained 
mineral aggregates of unknown composition may sometimes be observed. 
Cleavage according to (111) is sometimes visible, while the grains are 
distinctly optically uniaxial. A final check on the identification of scheelite, 
which hitherto seems never to have been found among minor constituents 
of granite, was furnished by the fact that under a binocular magnifying 
glass the grains of this mineral covered themselves with a skin of yellow 
WO, when treated with HCl, whereas the yellow colour turned into blue 
upon the addition of SnCl,-solution. 

Orthite has only been observed as irregular fragments in the heavy 
fractions, whereas in thin slides this mineral shows distinct idiomorphism 
(Plate II, Figures 7, 8), and occasionnally rims of epidote (Plate II, 
Figure 8). Its colour varies between light yellowish brown and brown 
with a greenish tinge. In thin sections, the orthite individuals appear 
surrounded by pleochroic halos when in immediate contact with biotite 
and it may not infrequently be observed that in a single biotite crystal 
pleocrhoic halos are visible around enclosed zircons as well as around 
orthite (Plate II, Figure 7). 

Monazite appears as transparent, light lemon-yellow grains. Thick 
fragments are weakly pleochroic, whereas the smaller ones are almost 
colourless. Irregular outlines, conchoidal fracture surfaces and traces of 
cleavage planes according to (001) are other characteristic phenomena 
(Plate II, Figures 6, a—c). The mineral does not show alterations or 
inclusions. 

Xenotime (Plate II, Figures 5, a-d) occasionally exhibits crystal outlines 
in the heavy fractions, though idiomorphism appears to be much less 
conspicuous than in the case of zircon. Cleavage according to (110) is 
sometimes clearly visible (Plate II, Figure 5d), being probably the cause 
of the splitting up of individual crystals into flakes during the act of 
pulverizing. In most cases the xenotime grains show minute opaque 
inclusions impairing the transparency of the mineral. According to H. B. 
MinNnER (1940, p. 353), this phenomenon recalls the cerium oxyde films 
developed superficially on monazite. Main characteristics by which 
xenotime could be distinguished from zircon were its high birefringence 
surpassing that of the latter species, its perfect cleavage, its less pronounced 
relief and finally its refractive indices for which values of + 1.72 and 
~ 1.783 were found by the immersion method for ,, and n,, respectively. 
Besides it was proved that the xenotime was optically uniaxial and 
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Cassiterite (twinned). Sample VIII (x 130). 
Cassiterite Sample VIII (x 130). 
Cassiterite (twinned). Sample VIII (x 130). 


Topaz. Sample VIII (x 130). 
Topaz. Sample VIII (x 130). 


Scheelite. Sample I (x 130). 
Scheelite. Sample IV (x 130). 
Scheelite. Sample II (x 130). 


Zircon. Sample VIII (x 130). 
Zircon. Sample V (x 130). 
Zircon. Sample II (x 130). 
Zircon. Sample IV (x 130). 
Zircon. Sample I (x 130). 
Zircon. Sample IV (x 130). 


Xenotime. Sample VII (x 130). 
Xenotime. (basal section). Sample VIII (x 130). 
Xenotime. Sample VI (x 130). 
Xenotime. Sample VII (x 130). 


Monazite. Sample VI (x 130). 
Monazite. Sample VI (x 130). 
Monazite. Sample VI (x 130). 


Orthite (large crystal in contact with two flakes of biotite and showing 
irregular cracks) and zircon (tiny crystals enclosed in biotite) surrounded 
by pleochroic halos. Thin section of sample IV (x 22). 


Orthite (idiomorphic erystal with irregular cracks) surrounded by 
fringe of epidote; both minerals enclosed in large flake of biotite. Thin 
section of sample I (x 130). 


KIEFT: Accessory transparent minerals in tin granites of North Banka, Indonesia. pLATE It 
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positive, showing, in addition, an extinction parallel to the cleavage. 
The colour of the grains is mostly pale yellowish brown, while in thick 
fragments pleochroism could be observed. Unlike the zircons, the xenotime 
individuals are devoid of zonal structures and of inclusions. 

Zircon always appears as beautifully idiomorphic crystals, unaffected 
by the crushing of the granite specimens. Prismatic forms predominate, 
but equidimensional ones are by no means uncommon (Plate IT, Figures 
4, a-f). Coloured individuals occur beside colourless ones, with all tran- 
sitions between both. The crystals are mostly cloudy and larger ones may 
even be almost opaque. Pleochroism, only exhibited by the coloured 
varieties, goes from brownish violet for 2, to light greenish brown with 
a weakly violet tinge for n,. The coloured grains are apparently more 
common than the colourless ones. 

Many zircons show a well developed zonal structure and numerous 
inclusions. The latter may be divided into: (a) colourless prisms, (b) 
irregular, very small crystals, probably in part titanite, (c) irregularly 
shaped, vermicular forms and tiny bubbles, probably gas-filled vesicles 
and (d) irregular, diffused, opaque spots, only occuring in coloured crystals. 

The maximum size of the zircons amounts approximately to 0.5 mm. 


Comparisons and conclusions 

The following conclusions may be drawn from the observations 
mentioned above. 

(1) Orthite and xenotime are important orthomagmatic constituents. 
During the investigations of the author, xenotime was only found in 
those granite varieties which are richest in silica (samples VI, VII, VIII), 
so that this mineral seems to be most strongly concentrated in very acid 
facies of the great Klabat granite mass. Neither of these minerals is 
mentioned among the English tin granites. 

(2) Scheelite obviously has to be grouped paragenetically with the 
pneumatolytic-hydrothermal minor granite constituents on account of its 
regular association with fluorspar. Its occurrence in granites of the 
Malayan tin belt has now been demonstrated for the first time, although 
as a pyrometasomatic alteration product of limestones scheelite has 
already been known for a long time, ¢.g., in the Kramat Pulai deposit 
in Kinta Valley, described by E. 8. WiLLBouRN and F. T. IneHam (1933). 
The mineral is not mentioned among the Cornish and Devon granites. 

(3) Cassiterite has only been found in one sample, no. VIII, a fine- 
grained granite cut by numerous tourmaline-arsenopyrite veinlets, in 
which this mineral is apparently also accompanied by rather much 
topaz. It might be concluded from this observation that cassiterite only 
occurs in the North Banka granites as an epigenetic and pneumatolytic 
vein mineral. Although the very wide-spread development of cassiterite- 
bearing veinlets in the granite areas of Banka and Billiton might 
account for considerable concentrations of tinstone in residual deposits, 
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Prof. WESTERVELD (1941, p. 229) suggested that the cassiterite may also 
be a primary granite mineral, in view of the almost ubiquitous occurrence 
of streamtin deposits in the granite country on these islands. Since 
the present investigation only dealt with a limited number of samples, 
a thorough study of extensive granite material from all the larger granite 
bodies of Banka (and Billiton) appears worth while in every respect to 
solve the question whether tinstone also occurs as a minor constituent 
in granites not affected by later tourmalinization or allied processes. 

In view of the results of the present investigations Prof. WESTERVELD 
furthermore suggested, that even if cassiterite occurrences in granite are 
almost exclusively limited to veinlets with e.g. tourmaline (or topaz) it 
should still be asked whether this mode of development should be 
called ‘“‘secondary”’ or ‘epigenetic’, since the crystallization of tourmaline, 
cassiterite, topaz, arsenopyrite, etc. on master joints, evidently followed 
very closely upon the consolidation of the margins of the granite bodies 
from agencies derived from a not very distant liquid or gaseous source. 

(4) Topaz (Plate I, Figures 2 a, b) is best represented in the cassiterite- 
bearing sample, no. VIII, but has also been identified in granite specimens 
I—III. Its greatest concentration in no. VIII points to a more or less 
intimate association with tinstone, a very common phenomenon in many 
tin-producing areas (Saxony, Cornwall, ete.), but the apparent absence 
of cassiterite in nos. I—III may be explained by the additional develop- 
ment of topaz as a pneumatolytic granite mineral not necessarily associated 
everywhere with tinstone. 

(5) The almost complete absence of anatase, brookite, and rutile in the 
North Banka granite — only one grain of brookite was identified — is 
apparently related to the very insignificant pneumatolytic alteration 
suffered by the Klabat granite, in which respect this large body differs 
greatly from the granites of south-west England, in which similar processes 
gave rise to important formations of China clay and China stone. 

(6) Contaectmetamorphic minerals, apparently rather common in the 
Cornish and Devon granites, have not been identified in the Djebus 
granite. 


Amsterdam, Geological 
Institute of the University 
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PALAEONTOLOGY 


THE FLUORINE CONTENT OF PITHECANTHROPUS AND OF 
OTHER SPECIMENS FROM THE TRINIL FAUNA 


BY 


R. A. M. BERGMAN ann P. KARSTEN 


(Prof. Dr R. A. M. Bergman: Royal Tropical Institute, Amsterdam : roy, Dr. 
Karsten : Laboratory for Analytical Chemistry, Technical University Delft) 


(Communicated by Prof. H. Boscuma at the meeting of February 23, 1952) 


In 1897 already, J. M. vAN BEMMELEN made an examination of the 
fluorine content of an elephant bone (probably Stegodon), collected by 
Dr Dugots, at the same place where Pithecantropus was found. The 
amount of bone used was 5 g per analysis, and the amount of fluorine 
found was 1.67, 1.67 and 1.72 in %. The elaboration of a micro-method 
by Dr Oakey has made it possible to examine practically every bone 
without destroying it. A review of the method and the results recently 
obtained, has been given by Dr Oaktey at the Viking Fund, New York 
1950. 

In view of the very important results achieved by the new method 
it seemed advisable to have an analysis made of the remains of Pithe- 
canthropus and of the skulls from Wadjak. We found Dr BronaErRsmMa 
Curator of the Dubois-collection at Leiden, willing to provide us with the 
material of different pieces of the collection and Ir H. L. Kins willing to 
make the chemical analysis. 

From the original skull of Pithecanthropus a fragment has been examined, 
and the substantia compacta from the femora I, IT, IV, V,and VI. From 
femur IT, at first a sample of the spongiosa has been taken, from femur III 
the outer layer of the compacta. From femur I, a sample also has been 
taken from the exostosis. With regard to the fluorine content of the pilot 
bones a skull of Duboisia kroeseni nr 2047 has been examined and samples 
of the numbers 2718, a crocodile, 2798 and 2474, bovines. From both of 
the skulls Wadjak I and Wadjak II a sample has been taken. 

The fluorine content of the Pithecanthropus skull bone and of the 
compacta from the femora varies between 1.02 and 1.56. The fluorine 
content of the exostosis of femur 1 and of the outer layer of femur ITI 
varies from 0.67 to 0.76. 

Analysis of the spongiosa from femur II gave a completely different 
result, 0.064. In this case a froth was registered when this material was 
mixed with acid. The content of the pilot bones varies from 1.17 to 1.75. 
The amount of fluorine in the Wadjak skull I in the first sample is 0.038, 
and in skull IT 0.25 and 0.29. The exact figures are given in a table be ow. 
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The two samples with the excessively low content of fluorine were taken 
from the spongiosa of femur IL and from the skull of Wadjak I. These 
results are most probably due to the fact that we took our sample from 


Obie: Fluorine % 
et 
Pithecanthropus | 
erectus Dubois . . SIM ee er hoe hae ote VOD: 1 90 

femur T compacta. 2 2... « «-| 1.05-) 2.19 
femur Lil compacta. 29... . . . | 1/34. | 1.43 || 1.35 
femur LY compacta... . 2.7 2. | 1.38. / 1.43 
femur V compacta 1.10 | 1.02 
femur Vi-compacta.. ... 4. < . 1.50 | 1.56 
feraur J @xosbosig. =. . <. ..« . | O76 | 0:74 
femur JIT outer layer. ..... . | 0.76 | 0.67 | 0,70 
femur IT spongiosa. ...... . | 0.064) 0,069 
formu IT -compacts, . 4 « ase... « LOL 1200 
Trinil Fauna. . . Nr. 2047 skull Dubosia kroeseni. . . 1.35 | 1.46 
Neve 27S crocodile 5 a le 1.48 | 1.50 
Nr 98s bOvinees. swe te ss Hg i 2) 
Wier c ese Oy ICS on, tee oS Bodo 0's Mery | Wags 
Wesidltaile st sha Brae AN a eae co > Se ey 1 VOLO: IM 0200 
See eee fede stays a 1 OL08S 
sikoulill UE yorerenoreil 5 6 & ag o 6 Bo yy OMe 


the spongiosa, where non-osseous material is incrustated in the meshes 
of the tissue, whilst for the Wadjak skull it may easily have been that we 
collected part of the material in which it is embedded. 

A new sample taken from the compacta of femur II gives 1.01 % 
fluorine and a sample taken from the occipital bone of Wadjak I gives 
0.63. This region has been chosen because the occipital bone is not in 
contact with the material which is filling up the skull. The fluorine content 
of the skull of Wadjak II might account for the dating of this specimen 
in early upper pleistocene. Furthermore the amount of fluorine in the 
exostosis and in the superficial layer of femur ITI, although high, is 
remarkably lower than in the compacta of the same specimina. 

Judging by the fluorine content, the skull and the femora of Pithe- 
canthropus, and the animal bones from Trinil can be dated in the middle 
pleistocene (table 10, OAKLEY); there is a very good concordance between 
the fluorine content of the human remains and that of the animals of the 
same deposit. The Wadjak skull II might, according to the fluorine test, 
be from the upper pleistocene (table 10, OaKLEy). 

The amount of fluorine, found by the micro-method used in this 
investigation, corresponds very well with the figures from the former 
investigation by VAN BEMMELEN. 

Very important with regard to the controversy on the comtempo- 
raneousness of the Pithecanthropus skull and the femur, is the fact that 
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the fluorine content of both pieces is of the same order. This does not 
give conclusive evidence that both fragments belong to the same indivi- 
dual, nor even to individuals of a single species, but it is a conclusive 
argument for settling the dispute about the relative age of those bones, 
as it is evidence for a similar degree of antiquity of both pieces. Finally 
the contemporaneousness of the animal and of the human remains now 


has been established. 
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ASTRONOMY 


THE INTERPRETATION OF THE OBSERVED HYDROGEN LINES 
IN THE INFRARED SOLAR SPECTRUM. I 


BY 


C. DE JAGER anp L. NEVEN *) 


(Communicated by Prof. M. G. J. Mrnnarrt at the meeting of January 26, 1952) 


Summary: Calculations of the profiles of the Paschen and the Brackett 
lines in the infrared solar spectrum are made on the base of statistical 
widening by the Stark effect of the surrounding ions. Comparison of the 
observations with the calculations shows that the calculated profiles 
are much narrower than the observed; the differences being greatest for 
the Brackett Jines. 
~The assumption that the electrons contribute also, next to the ions, to 
the statistical Stark widening cannot explain the discrepancy. The dif- 
ferences can be explained if for the Paschen lines a widening is adopted, 
2-3 times greater than the widening calculated on the base of the Stark 
effect. For the Brackett lines this factor is 3-1. 

Finally it is shown, that there is no clear indication of the existence of 
superexcitation, which phenomenon was suggested earlier to explain the 
great strength of the Brackett lines as compared with the Paschen and 
Balmer lines. 


1. Introduction 

It was shown by one of the authors ') that the classical theory of the 
formation of the hydrogen lines in the solar atmosphere is not yet fully 
capable to describe the observed profiles of these lines in the photographic 
spectral region; the mechanism of the formation of the line wings is still 
uncertain. 

In general the profiles are described as widened statistically by the 
Stark effect of the surrounding particles. VERWEY ”) and others attributed 
this effect to the influence of the electric fields of ions and electrons; 
UNSOLD 3), however, found some arguments in favour of the view that 
only ions are effective. It was found !) that the first of these assumptions 
explains the observed profiles better than the second assumption but 
that the influence of impact broadening by passing ions is probably not 


*) Observatory of Uccle, Belgium. 
) C. pe Jager. Thesis, Utrecht. In print. 
2) Publ. Astr. Inst. Amsterdam No. 5, (1936). 
) We dc So hey, alles) (GeO). 
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negligible. More refined theories, which take both statistical and impact 
widening into account and which describe the transition between both 
widening mechanisms, exist 4) °), but their results are not concordant. 
Moreover, they do not agree with the results of the observations. 

Besides the problems of the contribution of electrons to the statistical 
widening and the transition of impact into statistical widening, there is a 
third problem: that of the possible superexcitation of the high levels of 
the hydrogen atom. Miss Rosa®) and TEN BRUGGENCATE, GOLLNOW, 
GUNTHER and STROHMEIER “) interpreted differences between the observed 
and calculated limb spectra of the Balmer lines in terms of this pheno- 
menon; however, these differences can also be explained by assuming 
another temperature in the outer solar atmosphere. But on the other 
hand observations by the present authors of the Paschen and Brackett 
lines in the infrared solar spectrum *) showed the remarkable fact that 
the equivalent widths of the Brackett lines in the solar spectrum are of 
the same order of magnitude as those of the corresponding Balmer lines 
and greater than those of the corresponding Paschen lines. It has further 
been found that the number of visible Brackett lines in the solar spectrum 
is greater than the number of Paschen lines. This might indicate super- 
excitation, since the Boltzmann factors, for the Balmer and Brackett 
series differ by a factor 107° at a temperature of 5000°. 

The purpose of the present paper is to compare the observed profiles 
of the Paschen and Brackett lines in the solar spectrum) (centre of 
disc) with the theory of the hydrogen lines. The theoretical profiles will 
be computed with the aid of a model of the solar atmosphere, derived by 
one of the authors). It was shown ®) that this model is in agreement 
with the observed energy-wavelength curve and with the limb darkening 
in the wavelength region between 0-7 and 2-34, where the observed 
Paschen and Brackett lines are formed. 


2. The calculation of the profiles 


The radiation J(A; 0) emitted within a Fraunhofer line is given by 


(A; 8) = ff S(A; z) e-*°* sec 8 dr (1) 


0 


S(A; 7) is the source function: 


S(A; 7) = b pore { S@)+K(\r=2) de + Ae B(a; 1). 


) L. Sprrzer, Phys. Rev. 55, 699 (1939); 56, 39 (1939). 

) M. Krocpann, Ap. J. 110, 355 (1949). 

*) Za. t. Ap. 24, 38 (1947). 

) Zs. f. Ap. 26, 51 (1949). 

) C. DE Jacrr and L, Neven, Proc. Kon. Ned. Akad. v. Wetensch. Amsterdam 

53, 1577 (1950). 
*) L. Neven and C. pg Jagr, B.A.N. 11, 291 (1951). 
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o and x are the coefficients of scattering and absorption; the suffix , denotes 
selective effects; , denotes continuous effects. 
T=1, +7, with 7, = f #,0 dx and t, = t (o, + x,) odx 
0 
Bia; t) is the Planck function. 

In the case of the Balmer lines one deals practically only with scattering !) 
with z,/o,<1; this scattering is non-coherent with complete redistri- 
bution. It may be assumed that this is also the case for the Paschen and 
Brackett lines. The difference S— B is only non-zero in the outermost 
parts of the solar atmosphere, where 7, is of the order of magnitude 0-01 
to 0-25. It will be shown in the following, that the excitation of the 
Paschen and Brackett lines which contributes to the observed profile 
occurs mainly in the deeper solar layers, even for the central parts of the 
lines. Hence S— B will certainly be very small over the whole region of 
depth which is important to us, and the redistribution in the lines can be 
formally described by ‘‘absorption”’. 

We will put in the following S— B= 0. 

The further calculation proceeds without difficulties. 

First we express the selective absorption coefficient in the continuous 
absorption coefficient at 5000 A, by the formula *) 


7 718.56 (1- =) . 6 
My ee? 12 f eke 10 _ S44) (2) 
Xo me Hy Pe+ x5 1, 

f is the oscillator strength, given by MenzEL and PEKERIS ?°); 

n is the lowest level of the transition; 

6 = 5040/T; 

% = continuous absorption coefficient at 5000 A due to H~ per neutral 
H atom and per unit of electron pressure. (CHANDRASEKHAR and 
BREEN ")) 

%, = continuous absorption coefficient at 5000 A due to neutral H per 


neutral H atom; ?”) 
S(Ad) is the Stark profile of the absorption coefficient for statistical 
widening as defined below, generally expressed as a function of a or 


8, with 
oe — Alli: 
B = F/F,=a/s, (8 is defined below); 
F, = the “normal field strength” = 46-8 (P,/T)*®....... ~ (3) 


(We consider only the ions in the statistical widening, neglecting the 
influence of the electrons). 


*) Notations partly after Unséip, Physik der Sternatmospharen; Chapter 47. 
Va VieNe 965) 779(1 936): 

11) Ap. J. 104, 444 (1946). . 
) Unséup, Physik der Sternatmospharen. (Springer, Berlin 1938), table 28. 
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The function S was calculated earlier +), following PANNEKOEK }4), The complicated 
SrarkK pattern of the high hydrogen lines may be described by a rectangular profile. 
This is combined with the probability distribution of the field strengths, as 
calculated by Hoitrsmark and Verwey *) and yields the function S(44). This 
function is used to describe the excitation coefficients *) in the lines; it is generally 
given as s,,S(f); this is its most general form. 

The width of the rectangular profile, approximating the Stark pattern is given 
according to PANNEKOEK *) by 4A = + s,F; s, is given in table 1, 


TABLE 1 


s, values for the Paschen and Brackett lines 


3 

3 

3 

3 

3—10 295 4—13 | 0-525 
G-11 0-348. | aa 0-587 
3—12 0-403 | | 


The ratio x,/x) is now calculated with formula (2). Then rt, is found 
as a function of t, by numerical integration with the formula 


To 
¥, = 1 Mie OTe. 
0 


The continuous optical depth 7, is caleulated with the data given in 9); 
finally we determine t = 1, + t, as a function of t, for each of the wave- 
length distances in the regions of the thirteen lines, given in 8). 

The integration, according to (1) is performed numerically, approxi- 
mating the integral by a sum according to Gauss with 8 terms and a 
rest-term. 


The resulting calculated profiles are given in table 2. 


3. Comparison with the observed profiles 


A first impression is already obtained from figure 1, where the cal- 
culated and the observed profiles of some typical lines (3—5 and 4—7) 
are given. It is clear, that the observed profiles are much wider and 
shallower than the calculated. The central depressions of the calculated 
profiles are greater than those of the observed profiles, while the wing- 
depressions show the inverse character. 


18) M. N. 98, 694 (1938). 

*) We call (x, + o,) the excitation coefficient in order to avoid confusion with 
the word absorption coefficient. This latter word is often used in two senses: some- 
times it means x, and sometimes it means (x, + ¢,). When we call (x, + o,) the 
excitation coefficient we want to express that (%, + 6,) 18 proportional to the 
number of electrons which are excited upward from a lower level, while x, and 
g, are proportional to the number of subsequent absorption and scattering processes. 


157 


TABLE 2 


Calculated profiles of the Paschen and Brackett lines in the first approximation 
(calculated on the base of statistical Stark widening, only by ions). The table gives 
the residual intensities x 1000 


rE 


AMA) | eof Ver ee a eee ee 
| | | 
0 | 564 664 726 832 865 907 926 
0-5 || 762 | 789 857 
1 pe Sas | | BSI 915 
1-5 || 876 919 939 
2 || 895 953 956 968 | 970 973 980 
4 941 973 986 988 989 988 993 
7 966 | 990 997 996 997 994 999 
10 977 997 999 997 999 999 1000 
15 |} 986 | 998 998 999 1000 
20 || 992 | 999 
30 | 995 | 999 | 
s II | 
AMA) || 4-7 | 4-10 | 4-11 | 4-12 | 4-13 | 4-14 
| | | 
0 |} 751 ; 814 | 857 | 869 | 893 908 
l | 865 | 879 | 893 | 926 914 | 
2 || 915 | 916 | 932 937 | 943 | 948 
4 || 943 | 961 | 966 | 967 | 972 | 972 
7 | 975 | 983 | 987 986 987 | 987 
10 |} 980 | 991 | 992 994 993-994 
15 | 995 | 997 997 | 998 998 998 
20 | 996 | 998 | 999 999 999 999 
30 || 999 | 999 | 999 | 999 1000 1000 
50 | 999 | 1000 1000 1000 


A comparison of the data in table 2 with the observed profiles, given 
by pE Jacer and NEveEN 8) (tables 2 and 3), shows that the same is the 
case for all the lines, the effect being stronger for the Brackett lines than 
for the Paschen lines. 

An explanation of this discrepancy can be sought either in our as- 
sumptions about the structure of the solar atmosphere, or in these about 
the widening mechanism of the hydrogen lines. We think, that the first 
possibility can be rejected because the structure of the solar atmosphere 
is rather well established (see °)). It is true that small deviations in the 
adopted temperature curve can already cause great deviations in the 
resulting profiles, (roughly speaking a variation of 1 % in the temperature 
causes a variation of 10 °% in the excitation coefficient) but this can not 
explain the so totally different character of the observations as com- 
pared with the result of theory. This character of the differences, being 
the same for all lines of each series, indicates that the explanation should 
be looked for in the widening mechanism. Moreover, if a temperature 
correction would give a better agreement for some infrared lines, this 
would cause at the same time a disagreement in the profiles of the lines 
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of the Balmer series, which originate at nearly the same depths; the 
temperature model used by us has indeed been derived from observations 
of these latter lines. 


Ax = 
0 5 10 15 20 25 A 


10 20 30 40 50 


AX 
Fig. 1. Comparison between the observed (full drawn) and calculated (dashed) 
profiles of two infrared hydrogen lines (3—5 and 4—7). The dotted curve is the 
result of a calculation in further approximation (anticipating the calculations 
presented in section 4 of this paper). 


4. “Observed” s,8(B) profiles 


A method that may be fruitful in the search for the true widening 
mechanism is the method of the derivation of an observational S(6) profile. 
We assume that the line profiles are still formed by the statistical Stark 


broadening but that the form of the s,S(8) curve differs from the curve 
adopted in the previous calculations. This new Stark profile can be found 
as follows (see also figure 2). 


aX Ax 


| : ____--- calculated 
D(aa) epee Cn res 


observed 


D(ad)=D(ox) 


Fig. 2. Tentative derivation of a new widening function. 


Let us suppose that we have calculated at a certain wavelength distance 
Ad in the line a depression D(AA). We observe a depression D'(41). Now 
we seek the wavelength Ad’ for which D(A2’) = D’(AA). 

We assume now, that the true value of the function (x,/x))(t) in the 
solar atmosphere for the wavelength distance Ad is not the value which 
was used in our calculations for 4/. but the value, used for the wavelength 
distance Aj’. 

This method for deriving an observational value of the line absorption 
coefficient in the solar atmosphere is valid only if the true function 
((%,/%9)(t))4a is equal over the whole range of t to the function ((x,/%)(t)) aa 
used in the calculations for AZ’. It is true that the same depression D’ 
can also be obtained by many other (x,/x))(7)-functions. But since we 
have no observations of the centre-to-limb variations of these infrared 
line profiles, it is not possible to find observationally further corrections 
to the adopted (x,/x))(t)-function and the method indicated above seems 
to be the best at present. 

Hence, if we assume that the new value of ((x,/#)(t))4, which will be 
called ((x,/%9)(t))4, 18 identical with ((x,/%o)(t))4z, this gives already a 
great part of the “observed” s,S(f) curve, since the value of Pp for one 
wavelength Aj varies with depth in the atmosphere according to 
p = Aa/FS,. However, this identity is only significant in a restricted 
t-region, since only a part of the atmosphere contributes sensibly to the 
depression of the lines. 

In the further calculations we will restrict this t-interval still more; 
we will derive one point of the “observed” s,S(f) curve for each wave- 
length by the introduction of the mean optical depth 7 where the dip of 
the line profile at a certain wavelength A/ is formed in the solar atmosphere. 

In this way a new s,S() curve is found, which will be called s,,S,(f). 
It will serve as a second approximation; with this new function the line 
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profiles will be calculated anew. Since the convergence is slow, this second 
approximation is in all cases necessary; in most cases three or four 
approximations are performed. We proceed till the differences between 
the calculated profiles and the observed are of the order of 1 %. Then a 
final correction is given to the s,S-curve; this curve is adopted finally. 

In table 3 an example of the calculation is given for the two lines given 
in figure 1. The s,S(f)-functions adopted finally are given in table 4. 

Some additional data will now be given on the execution of the cal- 
culations. 

The mean optical depths t, where the dip of the line profile at a certain 
wavelength distance AA is formed in the solar atmosphere is calculated 
in two steps; after having calculated the mean optical depth t with the 
formula 


co 
fxvx{B(r=2)—B(ti4=2)} e-*dx 
0 


f B(tj)e dr, 


0 


NI 
I 


we transform these t-values into T,-values. 
Then the derivation of the observational s,S($) profiles proceeds 
according to the scheme: 


sof. =F 

+ ey oe (Ae Sa) 
A 2/A = : 

#(AA ; Tp) 


This method of deriving an observational Stark-profile can be explained 
further with the aid of figures 3 and 4. 

We first turn to figure 3. There, curves are drawn, showing the relation 
between x,/x) and AA, according to formula (2) for different values of the 
optical depth 1, for the lines 83—7 and 4—7, in the first approximation. 
(See the full drawn curves; the attached numbers are the values of 7). 
Now, as is known, only a small part of the atmosphere contributes 
effectively to the formation of the line; we have indicated the “limits” 
of this effective layer in the figure, which limits, more or less arbitrary 
have been put at those depths where 1, = 0-2 (upper limit), and where 
T=T, +7, = 4-0 (lower limit). See the shaded regions in the figures. 

Finally the mean optical depths t of formation of the line, calculated 
with formula (3), are given by a dotted line, designated by M. 

Example: For the line 3—7, the calculated line depression at 42 = 4 A 
is mainly formed between t= 1-2 and 1 = 2-0. The mean depth is 
T = 1-4, 

The comparison of the observation with theory learns that the depres- 
sion, observed at a wavelength A is the same as the depression calculated 
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at the wavelength 2’. The relation between both wavelengths can be 
shown with an example in the figure for 3—7. The depression, observed 
at AA =7-0A was calculated for Aj’ = 3.0 A. (See in the figure the 
second dotted line, designated by C). A horizontal line intersects the 
M-curve at the given wavelength AZ and the C-line at Aj’. 

From the figure we read that the value of x,/x(t), for Ad’ = 3-0 A, 


ie) 5 10 15 20A 


Fig. 3. The excitation coefficients and the depth of formation in the solar 
atmosphere for the lines 3—7 (lower fig.) and 4—7 (upper fig.). These curves are 
calculated with the first approximation for s,S(f). 
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is 0-56. (See the —-.-— line). Hence the ‘observed’? mean value of 
x,|%) for AA = 7-0 A is 0-56 (see the —+—-+ line) and not 0-17 as had 


been assumed in the first approximation. The ratio is 0-56/0-17 = 3.3 
and the ratios thus calculated are given for these two lines (at several 


depths) in figure 4. 


Ky 


Fig. 4. Adopted and corrected x,(AA)/x 9 — curves for 3—7 and 4—7. 


ASTRONOMY 


THE INTERPRETATION OF THE OBSERVED HYDROGEN LINES 
IN THE INFRARED SOLAR SPECTRUM. II 


BY 


C. DE JAGER anv L. NEVEN *) 


(Communicated by Prof. M. G. J. Mrynarrt at the meeting of January 26, 1952) 


5. Absolute values of the excitation coefficients 

It may be necessary to have the new s,8(f)-values also in absolute 
(c.g.s.) units. We have made this transformation; table 5 shows the 
excitation coefficients in the Paschen and Brackett lines per neutral 
hydrogen atom and per unit of electron pressure. The table needs probably 
some explanation. : 

The ratio x), /%) between the ‘“‘observed” excitation coefficients and 
the continuous absorption coefficient at 5000 A has been derived from our 
observations. Now, from the well-known tables of CHANDRASEKHAR and 
BREEN the values of the continuous absorption coefficient at 5000 A per 
neutral hydrogen atom and per unit of electron pressure could be found 
by interpolation. Multiplying this quantity with the ratio x, /%, gives 
the tabulated values. Each of them refers to one optical depth t), given 
in the table. 

Since, for the theoretical interpretation of these data, the temperature 
and pressure must be known at these depths t), we give in table 6 the 
model] of the solar atmosphere, used in these calculations. 


6. Interpretation of the “observed” s,S'(B) curves 

The new s,S(f) values, given in table 4, are represented in figure 5. 
The points indicate an s,S(6) profile, which is flatter and broader than 
the adopted profile. The scatter of the points is, however, considerable. 
Partly this is caused by the uncertainty in the calculations and the 
imperfect way of approximating the observed s,,S(/) functions, but partly 
the scatter is real. If we should adopt e.g. a mean curve and if we should 
calculate the line profile anew with this mean curve, deviations would 
be found, too great to be explained as observing errors. 

Let us first consider whether the introduction of electrons next to ions 
in the mechanism of statistical widening would give a better agreement. 
In any case it causes a widening and flattening of the s,S(f) profile as 
compared with the first adopted profile, because Fy, becomes 2" times 


*) Observatory of Uccle, Belgium. 
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TABLE 6 


The model of the solar atmosphere 


= : 
ia | 0 log P log ioe 
P2008) M120) 8) bdete 0-12 
0-02 | 1-136 | 4.32 +0-06 
0-03 1-098 | 4.42 0-20 
0-04 | 1-075 4.50 0-31 
0-06 | 1-048 4.60 0-49 
a3 | ikeaexe 4.67 0-58 
0-10 | 1-003 | 4.72 0-68 
0-15 VO SOT 2 4.892 0-87 
0-20 0-941 4-89 lows 
0-30 0-883 4.98 1-29 
0-40 0-843 | 5-01 1-48 
0-50 0-829 | 5-04 1-54 
| 
0-60 0-819 | 5°06 1-61 
0-80 0-803 5-13 1-74 
1-00 0-785 5yoo1 5) 1-85 
1-20 | 0-769 de 17 1-96 
1-40 | 0.754 5-19 2-08 
1-60 | 0-739 5-20 2.19 
1:86 | 0.728 5-21 2.28 
2.00 | 0-718 5-22 2.36 
| 
| 

2.50 | 0-700 | 5.24 2.50 
3-00 | 0-690 5-26 2-60 
4.00 | 0-670 5-28 2-76 
5-00 | 0-658 5-30 

7-00 | 0-644 5-33 

9.00 | 0-637 | 5-35 


greater and hence s,,S(/) becomes smaller by the same factor. At the same 
time a certain value of # now corresponds with a value of Ad(= Fs,) 
which is 2’ times the old value. A change of F, corresponds with a shift 
of the curve s,,S(f) towards the right and low side of the diagram. In 
figure 5* we have also drawn the curve which correspond with this latter 
case (the dashed line). It is clear that the agreement is somewhat better, 
especially for the Paschen series. 

But the agreement is still insufficient; the introduction of electrons 
cannot explain the whole effect. The Brackett lines are wider than the 
Paschen lines and it seems that the character of the line wings is dif- 
ferent. The wings of the Paschen lines follow more or less the asymptotic 
b—l:-law of the statistical Stark effect, but those of the Brackett lines seem 
to follow quite another law, something like (71. 

It will not be very easy to find an explanation of this extraordinary 
behaviour of the lines, but for practical purposes it is necessary to know 
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Fig. 5a 


at least in what way the observed lines must be described. Assuming that 
it is the factor Fs, which describes the widening of the lines, we must 
adopt a greater value either for F, or for s,. We do not change Fy, since 
this would implicate another electron pressure in the sun — and one 
differing for the Paschen and for the Brackett lines! — but we will adopt 
another effective s,-value, so chosen, that the Stark profile calculated 
with it describes the lines as well as possible. 
We adopt as the “best” values: 


Sn eff 2 
Sn 


‘3 for the Paschen lines 


Sn eff 


i 


3-1 for the Brackett lines. 


Sn 
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Fig. 5b 


Fig. 5. “Observed”’ s,,S(f) curves for the Paschen lines (fig. 5a) and the Brackett 
lines (fig. 5b). 


The corresponding s,S(() curves are drawn in the figures (dotted lines). 
Very clearly the agreement is not good but the lines seem to give the best 
overall fit to the “‘observed”’ points. 

We suggest that in future calculations on the Paschen and Brackett 
lines these correction factors should be introduced as long as the true 
cause of the widening is not yet found. 


7. Superexcitation 
The observed equivalent widths of the lines of the high series of hydrogen 
are of the same order as those of the Balmer series, though the Boltzmann 


12 Series B 
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factor is 102° times smaller in the case of the Brackett lines. As has been 
said earlier, this might suggest that the “‘observed” value of [xd is 
greater than the theoretical value, which means superexcitation. But the 
area of the mean “observed”’ s,S(f) curves which can be derived from 
figure 5 is of the same order of magnitude as that of the theoretical curve 
s,S(B). The widened ‘“‘mean’”’ curve (dotted line) has been constructed so, 
that fs,,S(B)dB has exactly the same value as for the original curve. As 
already stated, the deviations of the points in figure 5 are considerable 
but since the scatter is random, we conclude that there is no clear indication 
of superexcitation, neither in the Paschen nor in the Brackett lines. 

Since our calculations show in general agreement with the observed great 
equivalent widths of the higher series it is interesting to inquire how this 
result has been reached without the introduction of superexcitation. 
Three mean factors have to be considered. 


1) The effect of the Boltzmann factor is counterbalanced by the n?/? 
term in formula (2). 


2) The wavelength region of the Brackett lines and of the Brackett limit 
coincides more or less with the minimum in the continuous absorption 
coefficient at 1-5 4, which should enhance the Brackett lines with 
respect to the Paschen lines. But this effect has only small influence. 


3) More important is the influence of the saturation of the lines and 
especially of the Balmer lines — which are the narrowest lines — and 
of the first lines of the Paschen and Brackett series. This is shown 
quantitatively in table 7, where for the Balmer, Paschen and Brackett 
lines we have given the factor A = A?/n?e8887-U"™ the equivalent 
widths EW and their ratio: EW/A. It is obvious that this ratio is 
small for the low serial numbers and tends to an asymptotic value 
for great serial numbers. But this asymptotic value is ten times smaller 
for the Balmer lines than for the Paschen and Brackett lines. This is 
caused by the saturation, as can be shown immediately when con- 
sidering the central intensities of the lines: these have for 2—15 and 
2—16 about the same values as for 3—5 and 3—6; the ratio EW/A is 
also of the same order for these lines! Graphically this is shown in figure 6. 
We have plotted there the quantity EW/A from table 7 against 
the central intensity of the hydrogen lines. The figure shows that 
there exists one relation between both quantities, showing the very 
great influence of the saturation of the lines on the equivalent widths, 
This influence is much greater than both other effects which have been 
discussed. We also observe, that small differences between points of 
different series can always be explained by the fact that the widening 
of two lines of different series but with the same central intensity is 
not the same. Further the influence of the wings of neighbouring lines 
may be important in the case of the high Balmer lines. 


TABLET 7 


Explanation of the strength of the hydrogen lines, showing the influence of 


saturation on the equivalent widths 


92} n2 « e-13,56 (1—1]n" NOE 
Line A*fn?(- 108) <x 101 Syn CW) EW x 1018 “central 
| (2A) (Angstrém PAs intensity 
| units) 
—_e—n——— — — — nm — 
| 
2 = 1-103 | 4-294 4.03 0-954 Only 
ee 0-112 0-429 3-80 8-85 0-18 
2—5 0-0337 | 0-129 2-76 21-4 0-18 
2-6 0-0149 | 0-0571 2371 59-0 0.24 
23 0-00487 | 0- 0187 2-46 132 0-26 
92-10 0-00222 | 0- 00850 3-59 422 0-35 
2-11 0-00161 | 0.00616 2.42 392 0-45 
212 0-00121 | 0.00463 1-44 er 0-58 
I= 16 0- 000581 | 0- 00226 0-62 274. 0:71 
2-16 | 0.000480) 0. 00184 0-48 261- (0-75) 
3—5 0.0223 0.0130 £39 "| 337- 0-63 
3—6 0- 00602 0- 003515 2-43 692. 0-75 
ps 0- 00252 0.001471 1-60 1090. 0-79 
3—9 0.000792 | 0- 000462 0-75 |. 1625 0-96 
3-10 | 0-000512 . 0- 000299 | 0-74 2480- 0-96 
Sete 0.000854 4 0- 000207 | 0-56 | 2710- 0-97 
3—12 | 0-000256 | 0.000150 | 0-49 3270- 0-97 
47 0.0491 —-0-01483 | e387 497. 0-79 
4—10 0-00574 | 0-00173 3-18 1840- 0-92 
4—11 0-00371 | 0.00112 | 2-53 2260 0.94 
412° | @-00255 "| 0.000770 | 1-85 2400 0-96 
4—13 0-00183 | 0- 000552 | 1-33 2410- 0-96 
44 0-00136 | 0-000411 0-83 2020- 0-97 
10° 
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Fig. 6. Influence of the saturation of the hydrogen lines in the solar spectrum 
on the equivalent width. 
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Finally we want to draw attention to a fundamental error which is 
generally committed in discussions concerning the lines of the hydrogen 
series. Often one finds the following reasoning (see e.g. 14). From the 
observed fact that the value of the “number of contributing atoms” N,,H, 
deduced with the formula 


EW = 


a 
~ 2 vai 
nr 4 ee A n H 


mo 


from the observed equivalent widths of hydrogen lines, approaches a 
limiting value for increasing m-value of the line, it is concluded that this 
limiting value of V,H must be the true value, as it would be found for 
an infinitely thin layer. Support for this conclusion is found in the fact 
that the residual intensities in the line centres of the high members are 
generally small, and that “hence the lines are formed in a thin layer’. 
However, from figure 6 it would seem that the error thus made is for the 
Balmer lines at least a factor 10! 

But this factor 10 has not much meaning either; for even the high 
Brackett lines are not formed in a “‘thin layer’. The hydrogen lines are 
formed in deep layers of the solar atmosphere and the highest members 
originate in the deepest layers. The line absorption coefficient is generally 
very great, but the depression of the lines is considerably reduced by a 
veil of continuous radiation due to the higher layers: this causes the low 
central intensities. *) 

Example: The central depression of H, 4, is about 25 %. It has been 
calculated +), that the mean optical depth of the formation of this 
depression is about t,= 2-0. We now assume, that from 7, = 0 till 
t, = 2-0 the line absorption is zero, but that the absorption is complete 
(100 %) for r,> 2-0. The depression is in that case found with 

oo co 


J B(r) e-*dt—Jf B(x) e-tdr 


0 2 


. Le.) 
J Blt) e-* dr 
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We now assume B(r) = 1+ 4r; this gradient is derived from limb 
darkening observations. 

In that case we find for the depression a value of 32°, which is very 
near to the observed value, showing that it is well possible that the 
hydrogen line absorption is for this line almost complete in the layers, 
deeper than 1, = 2-0. Hence the absorbing layer is not optically thin. 

But then the question might rise, why the value of NH, deduced in 
the way, indicated above, does approach a limiting value, if plotted against 


m, One might wonder why this value does not change continuously with 
4) Unsénp, Physik der Sternatmosphiiren, pag. 289 f. with further references 
to GUNTHER, Merritt, Witson, RosentrHAL and DaAuME. 
1) C. pE Jacmr, lic. 


*) The same fact has already been noted by miss Rosa 8), 
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increasing m. The answer is very simple: the differences between the 
profiles of the high members of the hydrogen series become smaller and 
smaller for increasing n-values. 

In the formula for the line excitation coefficient 


x (a) ex me 72} S(a)/Fo ~n2. 1Q— (1-2) 13.56 6 
x (A) me? A eee a BY ; 


the only parameters which change with increasing m-values are A, f,,,, and 
the continuous absorption coefficient x;. But A does not change much at 
the end of the series since it approaches the wavelength of the series 
discontinuity, and so does x,. Further we can approximate f,,,, for high 
m-values by Kramers’ asymptotic formula 


=— ae eS 
gas = CONSUL. Thmo. 


Hence we find for the relative variation of f,,, 


+ = =m"; this is of the order 0-05 for m ~ 20. 
Consequently the fact that the V,,H values in the hydrogen series approach 
a limit for great m-values is wholly independent of the ‘thickness’ of the 
absorbing layer. 

In conclusion we should like to express our sincere thanks to Professor 
MInNnAERT for many helpful suggestions during the course of the cal- 
culations and during the preparation of this paper. We owe much help 
to miss J. BLom who performed a great part of the calculations. 


GEOREBYSICS 


EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE. a 


BY 


L. Pv. G KONING 


(Communicated by Prof. F. A. VENING MEINESZ at the meeting of January 26, 1952) 


Il. Japan and adjacent areas 
Introduction 


In a preceding paper the author 1) developed a method for the analysis 
of the geographical distribution of earthquakes, in relation to their 
depth and magnitude. The application of this “‘iso-magnitude line” 
method to earthquakes in the East Indian Archipelago led to a number 
of interesting conclusions. These conclusions stimulated the author to 
apply his method also to earthquakes in other parts of the earth. In the 
present paper the results are given of his investigations on the relation 
between the geographical distribution, depth and magnitude of earth- 
quakes occurred during the period 1904—1946 in Japan and adjacent 
areas. 

The earth has again been divided into the following layers: 0—50, 
50—100, 100—150, 150—200, 200—250, 250—300, 300—400, 400—500, 
500—600, 600—650 km. For each layer an epicentral map has been 
composed on which lines of equal magnitude have been drawn (iso- 
magnitude lines). These maps are described and discussed in detail. 
Finally a large number of profiles through the seismic zones have been 
constructed in which the course of the iso-magnitude lines (intersections 
of the iso-magnitude surfaces with vertical planes) is shown. 


The magnitude maps 
Figures 1—10 represent the magnitude maps for the various layers. 
0—5O km layer (fig. 1) 


In the Asiatic-Pacifie marginal regions the shallow earthquake epicentres 
occur in well-defined zones. The map for the 0—50 km layer gives the 
impression that one large linear (in this projection) belt occurs and two 
smaller ones. The principal belt extends from eastern Kamschatka over 


*) L. P. G. Konrne, Earthquakes in relation to their geographical distribution, 


depth and magnitude. I. East Indian Archipelago, Proc. Kon. Ned. Akad. vy, 
Wetensch., Series B, 55, no. 1, 60—77 (1952) 
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the Kurile Islands, Japan and Formosa up to the coastal region of China. 
The two smaller seismic belts, an eastern and a western, extend from 
the principal belt in an almost SSE direction. 


SCE eStie 
| 


o-magnitude lines for the 


Fig. 1—10. Maps showing the tentative course of the is 
various layers in the earth. 
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The eastern belt begins in the main island of Japan, Honshu, and 
extends over the Bonin Islands up to the Marianas Islands. The western 
belt begins near Formosa, extends over the Philippines and is connected 
with the U-shaped strip in the eastern part of the East Indian 
Archipelago. +) 

The epicentral density in the main zone as well as in the western one 
is much larger than in the eastern belt of the Bonin-Marianas Islands. 
This fact gives the impression that the latter is seismically less important 
than the two first mentioned. It appears from the maps that the Honshu- 
Bonin-Marianas belt and the eastern part of the main belt (Honshu- 
Kamschatka) is more important than the Formosa-Philippines belt and 
the western part of the main belt (Honshu-Riu-kiu-Formosa). The course 
of the iso-magnitude lines on the maps for the different layers in Japan 
and adjacent areas are not precise *). This may be due to the small 
number of earthquakes with determined magnitude values and to the 
unavoidable subjectivity which played a role while drawing the maps. 
In spite of these imperfections some outstanding particularities occur in 
the geographical distribution of the epicentres. The strongest earthquakes 
have magnitude values of M = 8— 8}. It may be pointed out that 
these intensities are absent in the East Indian Archipelago. Considering 
the geographical location of these centres of relatively strong seismic 
intensity a more or less regular distribution seems to be present. These 
centres only occur in the NE-SW belt from Kamschatka to Formosa, 
namely near Formosa, at the south coast of Central Honshu, near one 
of the Central Kuriles and at the east coast of Kamschatka. 

The number of centres of relatively strong seismic activity with 
M = 7} is considerably larger. With regard to these centres a more 
or less regular distribution in the geographical location in the NE-SW 
trending belt is also to be observed. It is noteworthy that groups of 
centres with M = 7} occur, these groups showing a corresponding regular 
distribution. 

The geographical distribution of the centres of relatively strong seismic 
activity suggests that the stress conditions in the 0—50 km layer, being 
responsible for the origin of earthquakes with M > 73, are determined 
by a process which is demonstrated in a regularly “fluctuating” way and 
functionally related to the direction of the seismic belt. 

In Japan and adjacent areas the magnitude values vary from 
M = 54 to M = 8} within the 0—50 km layer. In the deeper layers 
values of M = 5 frequently occur. 


50—100 km layer (fig. 2) 


The iso-magnitude lines on the map for the 50—100 km layer show 


*) I. P. G. Koma, Op, ¢cit., p. 61. 
*) L. P. G. Kontna, op. cit., py 70; 


177 


an almost corresponding course as those on the map for the upper layer. 
Again a nearly linear belt is present, extending from eastern Kamschatka 
to the Riu-kiu Islands. The Formosa-Philippines belt, showing an inter- 
ruption between Formosa and Luzon in fig. 1, is uninterrupted on the 
map for the 50—100 km layer. A connection between this belt and the 


Fig. 2 
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main belt at the Riu-kiu Islands, however, is absent. The seismic belt 
extending from Central Honshu over the Bonin Islands up to the Marianas 
Islands shows an interruption on the map for the 50—100 km layer. 

Comparing the two maps for the 0—50 and 50—100 km layers some 
differences, apart from the above-mentioned interruptions, can be observed. 

Firstly the belts on the map for the 50—100 km layer are distinctly 
more narrow than those on the map for the 0—50 km layer. Secondly 
a change in the values of the magnitudes is observed. In the upper layer 
earthquakes occur with magnitudes varying from 5} to 83, while in 
the 50—100 km layer the shocks have magnitudes between 5 and 75. 
The seismic intensity decreases with increasing depth. Lastly the 
significance of the Formosa-Philippines belt diminishes in the 50—100 km 
layer, while that of the Honshu-Bonin-Marianas belt shows a gain in 
significance. Several centres with M = 7} occur in the upper layer in the 
first-mentioned belt, while these centres are absent in the other belt. 
The already mentioned decrease in seismic intensity is demonstrated in 
the Formosa-Philippines belt where only one centre of relatively strong 
seismic activity with M = 7} occurs on the map for the 50—100 km 
layer. On the other hand in the Honshu-Bonin-Marianas belt in this layer 
a stronger activity begins to develop (one centre with M = 73). 

The more or less regular distribution of the centres of relatively strong 
seismic activity, observed on the map for the 0—50 km layer, appears 
also to be present on the map for the 50—100 km layer. Considering 
the location of the centres in the main belt beginning near eastern 
Kamschatka, the horizontal distances between them appear to be almost 
identical up to Central Honshu. In the continuation of this belt, however, 
the distances become distinctly larger (in the Honshu-Formosa belt), 
A good correspondance appears to exist between the distances comparing 
the centres in the Kamschatka-Honshu and Honshu-Bonin-Marianas 
belts. The mutual distances between the centres occurring in the 
Kamschatka-Honshu-Bonin-Marianas belt on the maps for the 0—50 and 
50—100 km layers are of about the same size. 

On the map for the 50—100 km layer the geographical location of the 
centres of relatively strong seismic intensity with M = 7 in the Honshu- 
Formosa and Formosa-Philippines belts also shows a more or less regular 
distribution. The distances between these centres are larger than in the 
other belts. They are also larger than in the corresponding belts of the 
higher layer. These observations may point to the fact that the Kam- 
schatka-Honshu belt forms with the Honshu-Bonin-Marianas a single 


uninterrupted belt. The same holds good for the Honshu-Formosa and 
Formosa-Philippines belts. 


100—150 km layer (fig. 3) 


The course of the iso-magnitude lines on the map for the 100—150 km 
layer is less complicated than on the two preceding maps. The linear 
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belt Kamschatka-Formosa is no longer representing one uninterrupted 
zone. Only the part from Kamschatka to Honshu remains as a continuous 
belt. The other parts of the seismic regions are composed of some areas 
of varying size with groups of shocks. 
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The difference in the development between the Formosa-Philippines 
and Honshu-Bonin-Marianas belts, already observed in the 50—100 km 
layer, continues in the 100—150 km layer. 
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The magnitude values in the Formosa-Philippines belt still decrease 
(values of 1 >7 do not occur) while in the Honshu-Bonin-Marianas 
belt they increase (M = 8). 

Considering the geographical location of the centres of relatively strong 
seismic intensity, it appears from the map for the 100—150 km layer 
that in the two connected belts (Kamschatka-Honshu and Honshu- 
Bonin-Marianas Islands) they are more or less regularly distributed. 

The bending in the Kamschatka-Honshu-Bonin-Marianas belt, con- 
cluded from the more or less regular distribution of the centres is now 
established by the course of the iso-magnitude lines. 

In the Honshu-Formosa-Philippines belt (the two zones have also been 
joined together to one belt) there is also a certain regular distribution 
of the groups of shocks present. 

Finally it is a remarkable fact that the number of foci is considerably 
smaller in the 100—150 km layer than in the higher niveaus. 


150—200 km layer (fig. 4). 

While in the 100—150 km layer the number of earthquakes is already 
smaller than in the higher ones, in the 150—200 km layer this is even 
more striking. The course of the iso-magnitude lines on the map for this 
layer, points again to the presence of a single curved belt, extending from 
Kamschatka to the Marianas Archipelago, passing Honshu and_ the 
Bonin Islands. 

The more or less regular distribution of the areas of relatively strong 
seismic activity corresponds well with the distribution, with regard to 
the direction of the belt, in the higher niveaus. 

The seismic belt Honshu-Formosa-Philippines is composed of several 
separate areas, in which a varying number of shocks is concentrated. 
The decreasing significance of these seismic regions is distinctly shown 
by the smaller number of earthquakes occurring in the 150—200 km layer. 

A more or less regular distribution of the separate seismic areas is 
again observed on the map. 

From the analyses of the maps for the four upper layers it follows that 
there are two seismic belts in Japan and adjacent areas. The principal 
belt extends in horizontal direction from Kamschatka over the Kuriles, 
Hokkaido and Honshu and bending to the SSE over the Bonin Islands 
up to the Marianas Archipelago. Its vertical extension goes down to a 
depth of 650 km as will be discussed in the following pages. The second 
and minor belt starts in Honshu, extends over the Kiushu and the 
Riu-kiu Islands to Formosa and bends to the south over the Philippines 
and joins the seismic belt in the eastern part of the Indian Archipelago. 


200—250 km layer (fig. 5) 
The map for the 200—250 km layer clearly shows a small number of 
shocks. There are only two earthquakes with magnitude of about 7. 
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The smallest value is M = 5. The diminution of the number of earth- 
quakes with increasing depth keeps step with the decreasing seismic 
intensity. 
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Moreover it appears from the course of the iso-magnitude lines that in 
this layer an uninterrupted seismic belt does not occur. From a geographical 
point of view the location of the separate seismic areas corresponds well 
with that of the belts on the maps for the higher layers. 

The strongest decrease in the seismic intensity takes place in the 
Formosa-Philippines region, where only one earthquake with magnitude 
value M = 6 occurs. A more or less regular distribution of the seismic 
areas is also present in the maps for this layer. A remarkable fact, observed 
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on most of the maps is, that the magnitude values often strongly vary 
over small areas. Shocks with M = 5 and M = 7 occur sometimes close 


together. 
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250—300 km layer (fig. 6) 


The decrease already mentioned above of the number of earthquakes 
with increasing depth, combined with a diminution of the seismic 
Intensity appears to continue in the 250—300 km layer. In most areas 
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the magnitude values do not exceed M = 6}. Only two shocks have 
Meee Ts 
On the map for this layer the Honshu-Formosa-Philippines belt has 
disappeared. A last demonstration of the seismic activity in this part of 
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Fig. 6 


the earth is represented by the occurrence of only two earthquakes with 
M =6 and M = 63. Apparently the stress accumulation is insufficient 
to cause strong earthquakes. 

Quite different are the relations in the Kamschatka-Honshu-Bonin- 
Marianas belt. In this belt five areas of earthquake concentrations occur. 
The seismic areas near Kamschatka, Central Honshu and in the Bonin- 
Marianas regions have a geographical location which corresponds well 
with that in the above-lying seismic belts. The seismic region which 
passes the northern part of Hokkaido and which extends to the coast 
of China, together with a newly developing area between NE Korea and 
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this coast have a somewhat divergent location. Apparently the seismic 
belt from Kamschatka to Honshu over the Bonin and Marianas Islands 
now changes in shape. 


300—400 km layer (fig. 7) 


The map for the 300—400 km layer gives an entirely different picture 
than that for the 250—300 km layer. In the first place the number of 
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earthquakes is considerably larger. In the second place the intensity of 
the shocks shows a considerable increase, one shock reaching a magnitude 
value of M = 8 — 8}. In the third place there is in this layer again a 
continuity in the distribution of the hypocentres, demonstrated on the 
map by a single seismic belt (with the exception of two shocks, one near 
Kamschatka and one in the Kurile Archipelago). The change in shape 
of the seismic belt mentioned above, is even more strongly accentuated 
in the 300—400 km layer. This seismic belt now extends from Kamschatka 
over the Kuriles, passes 8. Sachalin and N. Hokkaido, goes far into China, 
bends to the SSE and passes over Honshu and the Bonin Islands. 

In this layer regions of strong stress accumulations alternate in a more 
or less regular way with such of less strong accumulations, this phenomenon 
being demonstrated by the geographical distribution on the map. 


185 


400—500 km layer (fig. 8) 

The map for the 400—500 km layer shows some resemblance to that 
of the above-lying layer. One belt of epicentres extends from China over 
Honshu to the Bonin Islands. It is true that there is no direct connection 
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between this belt and the two separate areas of shocks east of Sachalin. 
However, based upon the course of the iso-magnitude lines on the map 
for the 300—400 km layer, the seismic belt and the areas above- 
mentioned may be seen as belonging to a single locally interrupted zone. 
This zone has its extension: Kamschatka — 8. Sachalin and N. Hokkaido 
— Chinese coastal region — Central Honshu — Bonin Islands. 

The seismic intensity in this layer varies between M = 5 and M = 7}. 
The more or less regular distribution of the centres of relatively strong 
seismic intensity is only demonstrated by the course of the iso-magnitude 
lines M = 64 in the NNW-SSE trending belt. 


500—600 km layer (fig. 9) 

After an increase in the seismicity with regard to the number and the 
intensity of the shocks in the 300—400 and the 400—500 km layers now 
a decrease sets in. There are only five separate areas on the map of the 
500—600 km layer in which epicentres are concentrated. 

The maximum value of the magnitude amounts to M—7. The 
geographical location of these areas corresponds well with that of the 
seismic belt and areas on the two foregoing maps. Between the areas of 
seismicity the distances are nearly the same, so that a more or less regular 
distribution appears to be present. 
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600—650 km layer (fig. 10) 


Only five earthquakes occur in this layer. They are concentrated in 
a small area east of Sachalin. The intensity of the seismic energy varies 
between M = 6 and M = 7. 
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EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE. 3B 


BY 


L. P. G. KONING 


(Communicated by Prof. F. A. Ventnc MeInesz at the meeting of January 26, 1952) 


Summary 


Summarizing the analyses of the magnitude maps the following facts 
stand out: 


1. Comparing all the magnitude maps it appears that the map for 
the 0—50 km layer shows a more complicated picture of the course of 
the iso-magnitude lines than those of the deeper layers. On the other 
hand there exists in a general sense a striking similarity in the course of 
the iso-magnitude lines with regard to their general location on the maps 
of the 0—50, 50—100, 100—150 and 150—200 km layers (fig. 1—4). The 
iso-magnitude lines on these four maps border distinct seismic belts 
(apart from the local interruptions in the belts due to the lack of data 
and the subjectivity in the drawings) the spatial positions of which 
change with depth, according to Wapari’s?) rule; the deeper shocks 
occur more towards the Asiatic continent than the shallow shocks. 
Although small such a displacement towards the Asiatic continent with 
increasing depth is observed. On the contrary the maps for the deeper 
layers (300—400 km and deeper) show a much more important displacement 
of the seismic belt towards the Asiatic continent. 

On only one of the maps (400—500 km layer, fig. 8) a distinct seismic 
belt occurs, while on the others the belts are composed of several 
separate areas. 


2. The analysis of the magnitude maps revealed a more or less regular 
distribution in horizontal sense of the centres of relatively strong seismic 
intensity. This distribution is observed on all the maps. Generally speaking 
the mutual distances between the centres or between the local seismic 
areas seem to increase with growing depth. The regular distribution 
already observed in horizontal direction, may also be interpreted as a 
function of depth. 


1) K. Wapari, On the activity of deep-focus earthquakes in the Japan Islands 
and Neighbourhoods, Geoph. Mag. 8, No. 3—4, 305—325 (1935). 
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3. In Japan and adjacent areas two more or less independent seismic 
belts can be distinguished: 


a. a curved belt of shallow, intermediate and deep shocks in the upper 
250 km, extending from Kamschatka to Honshu and further from 
Honshu passing the Bonin Islands to the Marianas Archipelago; 

b. a second belt of the same shape, but comprising only shallow and 
intermediate earthquakes. This belt begins near Honshu, trends to 
Formosa and extends to the Philippines where it joins the seismic 
belt in the northeastern Indian Archipelago. 


The difference between these two belts, demonstrated by the occurrence 
of shocks of all depths in the first-mentioned belt and of only shallow 
and intermediate depths in the second one, is also illustrated by the 
larger seismic intensity in the former. 


4. As soon as at a depth of about 250 km the Honshu-Formosa- 
Philippines belt disappears, the remaining belt changes in shape. This 
new shape is retained in the deeper parts of the earth. 

In fact there are two seismic zones within this belt both with a 
thickness of some hundreds of kilometers but of different shape. These 
two zones are separated by a gap of varying thickness. The representation 
of the spatial positions of the seismic belts in Japan and adjacent areas 
is given in the profiles (fig. 12 and 13). 


The profiles 


In order to obtain more information about the spatial distribution of 
the hypocentres in the earth up to a depth of about 650 km, with regard 
to their magnitudes, a large number of profiles has been constructed 
through the seismic belts in Japan and adjacent areas. 

Originally the writer constructed a number of profiles the location of 
which was determined by the direction of the seismic belts represented 
on the maps for the 0—50 and 50—100 km layers: one series of profiles 
perpendicular to the direction of the Kamschatka-Honshu-Formosa belt 
and a second series perpendicular to the directions of the Formosa- 
Philippines and Honshu-Bonin-Marianas belts. 

These profiles showed a complicated structure which was unexpected, 
on account of the course of the iso-magnitude lines on the maps. During 
the analyses of the magnitude maps, it followed that in Japan and 
adjacent areas two more or less independent curved seismic belts are 
present. Therefore two new series of profiles have been constructed: one 
perpendicular to the Kamschatka-Honshu-Bonin-Marianas belt and the 
other perpendicular to the Honshu-Formosa-Philippines belt. These 
profiles show the relatively simple structure, to be expected, on account 


of the above stated. The geographical location of these profiles is indicated 
on fig. 11, 


Location of the profiles P. 1—P. 50 through the seismic belts in Japan 


Higa sl: 


and adjacent areas. 
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Magnitude 


Fig. 12 and 13. 


Profiles through the seismic belts in J. apan and adjacent areas. 
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Description of the profiles 


Considering the profiles (fig. 12, P. 1—P. 29) constructed through the 
main seismic belt in Japan and adjacent areas, extending from Kamschatka 
to Honshu over the Bonin Islands up to the Marianas Archipelago it 
appears that here earthquakes occur up to a depth of about 650 km. 
The belt begins with shallow and intermediate shocks near Kamschatka 
(fig. 12, P, l-and-P. 2). 

In the following profiles shocks of all depths occur. It is striking that 
there is always a distinct gap between the deepest and intermediate 
earthquakes. The thickness of the gap is variable. Its maximum thickness 
(300 km) is shown in the profiles P. 8 hate lag sau 

The profile P. 14 is characterized by an extension of the seismicity at 
great depth in a horizontal direction towards the Asiatic continent. In 
the following two profiles (P. 15 and P. 16) this horizontal extension is 
much stronger. In profile P. 17 this extension disappears abruptly. The 
profiles P. 17—P. 29 generally show a same picture as the profiles 
P. 1—P. 13: a zone of shallow and intermediate earthquakes and, at 
larger depths, a second zone of shocks separated from the first one by 
a gap of varying thickness. In P. 29 only shallow and intermediate 


earthquakes occur. 
In the seismic belt, extending from Central Honshu over the Riu-kiu 
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Islands to Formosa, then bending to the Philippines only shallow and 
intermediate earthquakes occur up to a depth of 250 km. From the 
profiles (fig. 13, P. 30—P. 50) it appears that the seismic process takes 
place in a zone of some hundreds of kilometers broad and deep. 

The structure of this belt is comparable to that of the belt extending 
along the west coast of Sumatra. The strongest shocks generally take 
place not in the surface layer, but in the deeper parts of the earth. 

In 1935 Wapatr!) published two maps on one of which deep-focus 
earthquake zones are indicated. He distinguished three seismic belts: 
the Soya deep-focus earthquake zone, extending from Kamschatka to 
Vladiwostock, the traversing deep-focus earthquake zone, extending from 
Vladiwostock to the Marianas Islands, and the small Kiushiu deep-focus 
earthquake zone on the Kiushiu and the Riu-kiu Islands. From the 
course of the seismic isobaths up to a depth of 400 km on Wapatr’s 
second map, the conclusion might follow that the hypocentres of the 
deep-focus earthquakes are arranged along a surface plunging towards 
the Asiatic continent. BrrLacr’s2) hypothesis for the East Indian 
Archipelago corresponds with this arrangement. 

The larger number of data collected during the last years and the 
publication of the magnitude values by GuTENBERG and RicHTeEr 8) 
have led the author to develop his iso-magnitude lines method. With 
this method it was possible to restudy the problem of the spatial 
distribution of the deep-focus earthquakes in different parts of the earth. 


Concluding remarks 


The present investigations on the geographical location of the epicentres, 
the depths and the magnitudes of a large number of earthquakes having 
taken place in Japan and adjacent areas during a period of about 40 years 
in this century seem to justify the following conclusions: 


1. The hypocentres of the shallow, intermediate and deep earthquakes 
in Japan and adjacent areas, can not be arranged in one or more surfaces 
sloping down to a depth of the order of 600 km. Their spatial distribution 
is represented in the profiles fig. 12 and 13. 


2. In Japan and adjacent areas there are two more or less separate 
seismic belts: a first belt beginning in Kamschatka, trending over the 
Kuriles between Sachalin and Hokkaido to China and then bending to 
the SSE, passing Central Honshu and extending over the Bonin and 
Marianas Archipelago; and a second belt extending from Central Honshu, 


1) K. Wapartt, op. cit. p. 317 and p. 321. 
*) H. P. Bertace, A provisional catalogue of deep-focus earthquakes in the 
Netherlands East Indies, 1918 —1934, Gerl. Beitr. z. Geoph., 50, 1—17 (1937). 


8) B. GuTenpera and C. F. RicuTer, Seismicity of the earth, (Princeton 
University Press, 1949). 
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passing the Riu-kiu Archipelago up to Formosa, bending from there to 
the S, continuing over the Philippines and joining the seismic zone in 
the northeastern part of the East Indian Archipelago. 


3. In analogy with the East Indian Archipelago there exists in this 
part of the earth a more or less regular distribution of the centres of 
relatively strong seismic intensity in a horizontal as well as in a vertical 
sense. 


4. It seems that the distinction between two groups of shallow shocks, 
suggested for the East Indian Archipelago, can also be made in Japan 
and adjacent areas, in this case far less evident. 


Amsterdam, Geological Institute 


GEOPHYSICS 


EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE 


BY 


L. P. G. KONING 


(Communicated by Prof. F. A. VENING Mernesz at the meeting of February 23, 1952) 


Ill. The southwestern Pacific 

Introduction 

As pointed out in a previous paper !) it seems justified to consider the 
earthquakes, which have occurred during a relatively short period as 
having taken place simultaneously. In that case it is also justified to plot 
on maps all the epicentres of shocks of approximately the same depth. 

For these investigations the author made use of the data of earthquakes 
which occurred between 1904 and 1946, and the magnitude values of 
which have been determined by GuTenBerRG and RICHTER ; 

As shown in preceding papers *) the analysis of the maps as to the 
geographical distribution in relation to the magnitudes of the shocks, 
leads to conclusions. 

For this purpose the earth has been divided into the following layers: 
0—50, 50-100, 100-150, 150—200, 200—250, 250—300, 300—400, 400— 
500, 550—600, 600—660 km. 

Of each layer an epicentral map has been composed on which lines of 
equal magnitude have been drawn (iso-magnitude lines). In the present 
paper the author gives the results of the application of this method to the 
seismic areas in the southwestern Pacific. 


The magnitude maps 
Figures 1—10 represent the magnitude maps for the various layers. 
0—50 km layer (fig. 1) 


On the map for the 0—50 km layer the seismic belts in the southwestern 
Pacific form a frame around the Australian continental mass. On the 
map this frame appears to be composed of two narrow, elongated zones 


*) L. P. G. Konia, Earthquakes in relation to their geographical distribution, 
depth and magnitude, I, East Indian Archipelago, Proc. Kon. Ned. Akad. y. 
Wetensch., B 55, 60—77 (1952). 

*) B. Gurensere and C. F, RicuHTER, Seismicity of the earth, (Princeton 
University Press 1949). 

8) L. P. G. Konrne, Earthquakes in relation to their geographical distribution, 
depth and magnitude, I, East Indian Archipelago, II, Japan and adjacent areas, 
Proc. Kon. Ned. Akad. v. Wetensch., B 55, 60—77, and 174—193 (1952) 


in which the epicentres are concentrated. One belt extends in a NE-SW 
direction over N. Zealand, the Kermadec and Tonga Islands up to the 
Samoa and Fiji Archipelagoes. The other belt approximately perpen- 
dicular to the first one begins east of N. Caledonia, extends in NW-SE 
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Fig. 1—10. Maps showing the tentative course of the iso-magnitude lines for 
the various layers in the earth. 
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direction over the N. Hebrides, Solomcn and Bismarck Islands, passes 
the north ccast of N. Guinea and presumably finds its continuation in 
the seismic belt over the Palau Islands, Yap and the Marianias Archipe- 
lago. Here this belt seems to be connected with the Marianas-Bonin- 
Honshu-Kamchatka belt in Japan and adjacent areas !). 

Comparing the two belts on the map, some important differences may 
be observed. The course of the iso-magnitude lines in the N. Zealand 
belt is less complicated than that in the N. Guinea belt. Futhermore, in 
the N. Guinea-Bismarck-Solomon Islands belt the epicentral density is 
nearly constant, this being demonstrated by the distribution of the 
epicentres which here is more regular than in the N. Zealand belt. In 
the latter a number of areas occur in which the epicentral density is 
especially larger. The difference between the two belts is also clearly 
demonstrated by the course of the iso-magnitude line for M - 63. This 
line surrounds without interruption the whole belt from N. Guinea to 
N. Caledonia; in the other belt the iso-magnitude line for M — 62 encloses 
several areas. It will be shown later that at a larger depth the N. Zealand- 
Kermadec-Tonga-Samoa Islands belt subdivides into a number of separate 
areas. 

Considering the geographical location of the centres of relatively strong 
seismic intensity a more or less regular distribution seems to occur. In 
the N. Zealand-Kermadec-Tonga-Samoa Islands belt the distances 
between these centres are larger than in the N. Guinea-Bismarck-Solomon 
Islands belt. The centres are marked by the iso-magnitude line M = 7}. 
Within many of these centres shocks with magnitudes of M = 8—s} 
occur. 


50—100 km layer (fig. 2) 

The course of the iso-magnitude lines on the map for the 50—100 km 
layer is less complicated than on the map for the layer dealt with above. 
The same phenomenon has been observed on the corresponding maps for the 
East Indian Archipelago and Japan ?), 

The complicated structure of the upper layer of the earth in contrast 
with the more simple structural relations in the deeper parts is undoubtedly 
a factor which determines the different courses of the iso-magnitude lines 
on the maps for the two upper layers. 

Another difference between these two maps is demonstrated by the 
considerably smaller epicentral density on the map for the 50—100 km 
layer. Not only does the number of shocks decrease in this layer, but 
also the intensity becomes smaller, 

On the map for the 0—50 km layer four centres of earthquakes with 
M = 8—8} occur in the NW-SE trending belt from N. Guinea to N. Cale- 
donia and three centres of shocks with the same magnitude in the second 


*) L. P. G. Koning, op. cit., De L7G; 
*) L. P. G. Konrne, op. cit., p. 70 and 178. 
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belt. These numbers of centres of relatively strong seismic intensity 
diminish to two in the N. Guinea—N. Caledonia belt and to zero in the 
N. Zealand-Samoa Islands belt in the 50—100 km layer. This decrease 
in seismic activity is also illustrated by the absence of shocks with M = 7} 
in the N. Guinea-N. Caledonia belt west of the Solomon Islands. The 
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strongest shocks appear to occur in that part of the belt, which extends 
from the Solomon Islands to the N. Hebrides and N. Caledonia. 
On the map for the 50—100 km layer the N. Zealand-Samoa-Fiji Islands 
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belt has broken up into a number of separate areas as already mentioned. 
The maximum value of the magnitude M = 74 is only reached in two 
shocks, located in the southern region. 
The more or less regular distribution of the centres of relatively strong 
seismic intensity, already observed in the two belts on the map for the 
0—50 km layer is also recognizable on that for the 50—100 km layer. 


100—150 km layer (fig. 3) 
The course of the iso-magnitude lines on the map for the 100—150 km 
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Fig. 3 


layer shows a striking difference with that on the maps for the two upper 
layers. On these two latter maps the N. Guinea-N. Caledonia belt has 
been drawn as an uninterrupted belt. Quite different are the seismic 
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relations in this belt on the map for the 100—150 km layer. In the first 
place the number of shocks is considerably smaller whereas in the second 
place the belt is composed of two separate areas: one area, in two centres 
of which the magnitudes amount to M = 7, is located over the north- 
eastern part of N. Guinea up to the western Solomon Islands; a second 
area is a narrow and elongated belt, extending from the eastern Solomon 
Islands to the N. Hebrides and east of N. Caledonia. In this belt one 
centre with M = 8—8} occurs and another centre has a magnitude value 
of M = 7}. The belt which extends from N. Zealand to the Samoa Islands 
is composed of two small and one large area. The number of earthquakes 
considerably decreases with increasing depth. The intensity also shows a 
distinct diminution. 

A more or less regular distribution of the centres of relatively strong 
seismic intensity is still present in the N. Guinea-N. Hebrides belt. In the 
N. Zealand-Samoa Islands belt, however, such a distribution is almost 
lacking. 

The decrease in the seismic intensity may also be concluded from the 
first occurrence of a shock with M = 5 (N. of N. Zealand). 

The belt which represents the continuation of the Honshu-Bonin- 
Marianas Islands belt in southwestern direction then passing Guam, 
Yap and the Palau group also diminishes in size and intensity. On the 
map for this layer this belt is only located in the Guam region. The number 
of shocks is much smaller than in the corresponding area of the higher 
niveaus, while the intensity of the earthquakes now does not exceed 
magnitude values of M = 7. 


150—200 km layer (fig. 4) 

The geographical location of the seismic areas as well as the course of 
the iso-magnitude lines on the map for the 150—200 km layer do not 
differ fundamentally from that on the map for the 100—150 km layer. 

A narrow and elongated belt in which only six earthquakes occur 
extends from northeastern N. Guinea over the Bismarck Islands. 

Comparing this area with the corresponding one of the 100—150 km 
layer a considerable decrease in the number of shocks is evident. More- 
over a diminution of the magnitude values keeps step with this decrease. 
The same holds good for the second seismic area which extends over the 
N. Hebrides to south of N. Caledonia. In this area only one centre with 
M = 734 and two centres with M =7 occur. 

These two areas represent the remaining parts in the 150—200 km. 
layer of the large belt extending from N. Guinea to the western Solomon 
Islands in the higher layer. Between N. Zealand and the Fiji Islands one 
narrow belt has been drawn on the map. In this belt a slight increase in 
the number of the shocks and in the magnitude values seems to occur. 
East of the Fiji group one centre with M = 7} occurs. On the northern 
island of N. Zealand where in the 100—150 km layer three shocks took 
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place with magnitudes varying from 5—73, now two earthquakes occur 
with magnitudes of M = 5—5t, demonstrating here the decrease in 
seismicity with increasing depth. 
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200—250 km layer (fig. 5) 


The decrease mentioned above continues in the 200—250 km layer, 
On the map for this layer only one area occurs near the N. Hebrides and 
N. Caledonia. This area is smaller than the corresponding one on the map 
for the 150—200 km layer. More to the east two small seismic areas occur 
in the northern of which one shock shows a magnitude of M = 7. The 
other shocks have magnitude values smaller than M — 7. 
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250—300 km layer (fig. 6) 

On the map for this layer the decrease in seismicity is illustrated in an 
area over the N. Hebrides, containing only three shocks, with magnitudes 
varying from M = 6} to M —7. Between the Fiji and the Samoa groups 
another area is located in which five epicentres have been plotted with 
magnitudes varying from M = 5?—71. More to the south one shock with 
M = 6% occurs. 


300—400 km layer (fig. 7) 
Compared with those on the maps for the two higher layers the relations 
on the map for the 300—400 km layer appear to be quite different. A 
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relatively strong seismicity begins to develop in the Bismarck Archi- 
pelago. On the other hand the seismic area near the N. Hebrides disappears. 
The seismic zone between the Fiji and the Samoa Archipelagoes, present 
on the map for the 250—300 km layer shows an increase in size in the 
300—400 km layer. Now the intensity of the earthquakes shows a tendency 
to increase with increasing depth. One centre with M — 7% occurs. 


400—500 km layer (fig. 8) 

The development of the seismic area in the Bismarck Archipelago, 
observed for the first time in the 300—400 km layer, does not continue in 
the 400—500 km layer. On the contrary a decrease in the seismicity is 
again observed. In the eastern belt, beginning east of the Fiji Islands 
and extending to the south, the number of shocks and their magnitudes 
show a slight decrease. One centre with a magnitude value of M = 73 
occurs, while the magnitudes of the other shocks vary between M = 54—7. 
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550-600 km layer (fig. 9) 

On the map for this layer only one area occurs, which extends from 
east of the Fiji Islands to the south. The course of the iso-magnitude 
lines is now more complicated than on the maps for the two above-lying 
layers. It is a striking fact that the number of shocks is also much larger. 
Two centres of relatively strong seismic intensity seem evident. 
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600—660 km layer (fig. 10) 


On the map for this deepest layer one area is present well in corre- 
spondence with that on the map for the 550—600 km layer. The number 
of shocks as well as the magnitudes are smaller. Only one centre with a 
magnitude of M — 74 oceurs. 


Summary 


Considering the magnitude maps the following points appear to be of 
special interest. 
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1. In the southwestern Pacific two belts of seismic activity surround 
the Australian continent: (a) a belt of shocks with depths up to about 
400 km, extending from N. Guinea and passing the Bismarck and Solomon 
Islands up to the N. Hebrides and N. Caledonia, and (b) a second belt 
extending from the south of N. Zealand, and passing the Kermadec and 
Tonga Islands up to the Fiji and Samoa Islands. In a limited area near 
the Fyi-Samoa and the Tonga Islands the earthquakes obtain greater 
depth than else in the southwestern Pacific. In most cases a gap between 
the deepest and the intermediate or shallow earthquakes is observed. 

2. A more or less regular distribution of the centres of relatively strong 
seismic intensity on the maps for the upper layers is observed. 

3. The map for the 0—50 km layer shows a more complicated repre- 
sentation of the geographical distribution of the epicentres in relation to 
their magnitudes than the other maps. This phenomenon has already been 
observed on the corresponding maps for other parts of the world). 


The profiles ; 

In order to obtain some information as to the course of the magnitudes 
as a function of depth a large number of profiles has been constructed. 
The geographical location of these profiles is indicated on fig. 11. The 
profiles have been drawn approximately perpendicular to the main direction 
of the belts. 


Description of the profiles 

From the profiles P. 1—P. 28 (fig. 12), which have been constructed 
through the seismic belt, extending from the Marianas Islands over 
N. Guinea to N. Caledonia, it follows that the belt is mainly composed. 
of shallow and intermediate shocks. Only in the profiles P. 14—P. 16, 
P. 23 and P. 26 shocks occur up to a depth of 400 km. 

The difference between the two belts in the southwestern Pacific is 
clearly illustrated in the next set of profiles (fig. 13, P. 29--P. 48). Here 
the deepest shocks occur in the profiles P. 29—P. 36. These profiles show 
a striking resemblance with those constructed through the deep earth- 
quake zones in the East Indian Archipelago 2). Generally a gap between 
the intermediate and the deep earthquakes is present. 


Concluding remarks 

The present investigations on the geographical distribution, the focal 
depth and the magnitude of earthquakes, which occurred in the south- 
western Pacific during the period from 1904—1946 justify the following 
conclusions. 

1. The earthquake foci in all depths in the southwestern Pacific show 
a spatial distribution as illustrated in the figs. 12 and 13. Though the 


1) L. P. G. Konrine, op. cit., p. 70 and 178. 
2) ,, P. G. Konrne, op. cit., p. 72—709. 
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Fig. 11. Location of the profiles P. 1—P. 48 through the seismic belts in the 


southwestern Pacific. 


geographical location of the epicentres gives the impression that the foci 
can be arranged in two surfaces dipping towards the Australian continent 


to a depth of some hundreds of kilometres the figures 12 and 13 clearly 
show that such an arrangement is impossible, 
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2. There are two large seismic belts in this part of the earth: a belt 
which extends from N. Guinea to N. Caledonia and a belt, which extends 
from the south of N. Zealand to the Samoa and Fii Islands. The first- 
mentioned belt may be seen as the continuation of the Kamchatka- 
Honshu-Bonin-Marianas Islands belt. 

3. A more or less regular distribution of the centres of relatively 
strong seismic intensity exists in a horizontal as well as in a vertical sense 
in the upper 150 km. 


Amsterdam, Geological Institute 


CHEMISTRY 


AUTOXIDATION OF SATURATED HYDROCARBONS IN THE 
LIQUID PHASE 


(Second communication) 
BY 


J. P. WIBAUT anv A. STRANG 


(Communicated at the meeting of 29 March, 1952) 


This publication is a continuation of our communications presented 
at the meeting of March 31, 1951 and of May 26, 195114). 

After discussing our experiments with various catalysts we shall try, 
by reference to all the collected data, to draw up a reaction scheme 
which is in agreement with the kinetic experiments. 


7. Effects of various catalysts 
The effects investigated by us can be classified as follows: 


a) the influence of the metal in the metal-organic compound 
b) the influence of the organic part in the metal-organic compound 
c) the catalytic influence of radical forming compounds. 


a) As Ropertson and Warers [1] suggested, the catalytic effect 
of metal ions can be imagined as consecutive oxidations and reductions 
of the catalyst. This leads to a reaction scheme similar to that of HaBER 
and Weiss [2] for the decomposition of hydrogen peroxide under the 
catalytic influence of ferrous ions. 

In sections 3 and 5 the mechanism of this reaction was already explained. 
Table 4 shows clearly the effect of metals with more than one valency. 


TABLE 4 


Maximum rates of oxidation (measured in ml O, per hour) of 61.4 millimols of 
2,5-dimethylhexane with 0.11 millimol of metal stearate; temperature 78.1°. 


Stearate of Maximium rate of oxidation 
a nnn 
Cort 35 
Mntt 32, 
Cett++ 20 
Fet++ 118} 
Cdt++ 4.0 
Zntt 0.5 


1) Proc. Kon. Ned. Akad. v. Wetensch., Amsterdam, Series B, 54, 102, 229 
(1951). The paragraph on page 229 entitled: Relation between rate of oxidation and 
structure of the hydrocarbon, should be numbered 6, in stead of 5. 
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The magnitude of the effect corresponds with that of the oxidation- 
reduction potential of the metal concerned. The mechanism according 
to which Cd and Zn exert their decomposition effect on the peroxide, 
has not yet been elucidated. The formation of acetone indicates that 
these metals act by decomposing the hydroperoxides. The decomposition, 
however, proceeds more slowly than when using cobalt stearate as 
catalyst. 

The decomposition of the hydroperoxide is here the rate determining 
factor in the oxidation process (60 % of the original quantity is still 
present after heating 1.2 mmols of 2,5-dimethylhexane dihydroperoxide- 
2,5 and 30 mg of Zn stearate in 20 ml of toluene for three hours at 100°, 
Without a catalyst 98 % of the hydroperoxide is recovered). 

On the other hand, cobalt stearate decomposes the hydroperoxide so 
quickly that the overall oxidation rate is determined by other reaction 
steps. Hence we expect a high concentration of hydroperoxide in the 
zinc-catalysed oxidation and a very low concentration in the cobalt- 
catalysed oxidation. (Table 5). 


TABLE 5 


Comparison of the yields of peroxides after oxidation of 0.351 mol (40 g) of 2,5- 
dimethylhexane at 100° under the influence of 1 % of zine stearate or 1 % of cobalt 
stearate. Duration of the experiment: three hours 


Zn stearate A Co stearate 
catalysis catalysis 
Quantity of 0, absorbed in millimols. | 65.6 | 74.5 
Total quantity of peroxide in mg eq. . 43.7 11.5 
Dihydroperoxide of 2,5-dimethylhexane in 
RO OCs Seo fan aie Ge a ne Meine oe 12.9 not isolated 
Carbon dioxide in millimols. . . . . . , 2.6 6.6 


6) Altering the organic part of the metal-organic catalyst has no 
pronounced effect. The cobalt compound of acetylacetone [3] i, less 
active than cobalt stearate ; the cobalt compound of 2,2-dimethylhexadione- 


3,5 (acetylpinacolone) is very readily soluble in alkanes and as active as 
cobalt stearate, but decomposes soon after the oxidation has started. 


c) Besides by means of catalytically active metal compounds, the 
oxidation of 2,5-dimethylhexane can also be carried out with dibenzoyl 
peroxide as catalyst. At 91° the maximum rate of oxidation was 7 ml of 
oxygen per hour per 61 mmols of hydrocarbon in which 1 % of dibenzoyl 
peroxide had been dissolved. The oxidation proceeds much more slowly 
than with cobalt or magnanese stearate. The total quantity of oxygen 
consumed is recovered as peroxide. It is a well-known fact that dibenzoyl 
peroxide can decompose thermally to form phenyl radicals [4]. A phenyl 
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radical can react with a hydrocarbon molecule RH to form a hydrocarbon 
radical R, which is oxidized to a peroxi radical: 


C,H,COOOOCC,H,; > 2 C,H;COO: 


C,H,COO- = CH, +0, 
C,H; + RH Oo. ak: 
Ros Os -> ROO: 

ROO: + RH -> ROOH + RB: 


This frequently used method to demonstrate a radical process shows 
that the oxidation of paraffins can be considered as a similar process. 

Inthe absence of catalytically active metal salts, the stable hydroperoxide 
is not decomposed and forms the final reaction product. The oxidation 
continues as long as radicals are supplied by the benzoyl peroxide. 


8. Mechanism of the reaction 


In the previous parts the initiation, propagation and side reactions 
have been dealt with. 

However, there must also be a chain-breaking reaction, because other- 
wise the steadily increasing quantity of radicals, which quickly react 
with oxygen, will lead to an explosive oxidation reaction. 

It seems impossible to isolate from the complex reaction mixture 
compounds which enable us to determine the nature of this chain- 
terminating reaction. This induced us to study the kinetics of the oxidation 
in the same way as was already done with tetralin by WaTERS, ROBERTSON 
and GEORGE [5]. 

It is then possible to choose a chain-terminating reaction corresponding 
with an oxidation rate calculated from the kinetic experiments. 

Therefore we investigated in what way the maximum rate of oxidation 
of some hydrocarbons is affected by: 


1. changing the partial oxygen pressure; 
2. changing the hydrocarbon concentration ; 
3. changing the catalyst concentration. 


Re 1 

In the experiments concerning the influence of the oxygen pressure 
a mixture of oxygen and nitrogen instead of pure oxygen was fed into 
the apparatus described above. The results are summarized in table 6; 
the values for the oxygen pressure have been corrected for the vapour 
pressure of the hydrocarbon used. 

Although these experiments are merely tentative, they clearly show 
that a decrease in partial oxygen pressure to approximately half its 
original value does not affect the rate of oxidation. If the partial oxygen 
pressure is further reduced, the rate of oxidation decreases too. 

The transition from a rate of oxidation which is independent of the 
oxygen pressure to one depending on the oxygen pressure can be explained 
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TABLE 6 


Relation between partial oxygen pressure and maximum rate of oxidation 


—_—_—_—_—_—_—_—_—_—_—_—_—_—_—_—————— C—n—n—n— eee 


2,5-dimethylhexane with 2-methylheptane with hexadecane with 
70 mg cobalt stearate 105 mg cobalt stearate 70 mg cobalt stearate 
at 78.1° at 87.3° at 110.4° 
Max. rate of Max. rate of | Max. rate of 
Po, in | oxidation per Po, in oxidation per Po, in oxidation per 
em Hg | 61.4 mmols of | ecm Hg 92.1 mmols of | em Hg 61.7 mmols of 
hydrocarbon hydrocarbon | hydrocarbon 
47.0 1) 35 ml/h 46.0 1) 22.5 ml/h | 76.02) 47 ml/h 
21.4 36 ml/h 19.1 22.0 ml/h 36.4 47 ml/h 
10.5 30 ml/h 5.6 | 20.0 ml/h | 26.0 20 ml/h 
| | 


*) These experiments were carried out with pure oxygen. 


by a change in the termination of the reaction chain. This will be described 
below. Apparently the oxidation of the alkyl radical proceeds very fast 
and does not influence the rate of oxidation. 


Re 2. Change in hydrocarbon concentration 


These oxidation experiments were carried out with pure oxygen in 
the apparatus and according to the method described before, Chlorobenzene 
was used as diluent. For a solution of a given concentration of the hydro- 
carbon in chlorobenzene the absorption of oxygen was measured as a 
function of the time. The maximum rate of oxidation was calculated 
from the slope of the curves. 

In figures 1 and 2 the maximum rates of oxidation have been plotted 
as a function of the concentration for 2,5-dimethylhexane and for 2- 
methylheptane. The oxygen consumption is expressed in millilitres 
oxygen per 61.4 millimols of hydrocarbon per hour. 
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In the case of 2,5-dimethylhexane the maximum rate of oxidation 
is found to be proportional to the hydrocarbon concentration, while in 
the case of 2-methylheptane the maximum rate of oxidation is proportional 
to the second power of the hydrocarbon concentration. 
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Straight lines through the measured points go through the origin. 
They do not end in a point which corresponds with the rate of oxidation 
of the undiluted hydrocarbon. No satisfactory explanation can be given 
for this deviation. It may be that the rate of peroxide decomposition 
under the influence of the metal catalyst largely depends on the solvent. 
At low hydrocarbon concentrations there is a large quantity of monochloro- 
benzene. The rate of decomposition of the peroxide in this solvent may 
be higher than in the pure hydrocarbon. 


Re 3. Change in catalyst concentration 

In figure 3 the maximum rate of oxidation is represented as a function 
of the concentration of the catalyst for 2,5-dimethylhexane and _ for 
2-methylheptane. 

The curve for 2,5-dimethylhexane gives the number of ml of oxygen 
consumed per hour by 61.4 mmols of hydrocarbon at 78.1°. This curve 
has a remarkable shape, which was also found by GrorGsE and ROBERTSON 
in the oxidation of tetralin [6] and by Guoren, RipEAL and RoBERTSON 
in the oxidation of alkanes [7]. At first the rate of oxidation increases 
with the concentration of the catalyst; above a given concentration, 
however, the rate of oxidation is independent of a further increase in 
concentration of the catalyst. 

The curve for 2-methylheptane gives the consumption of oxygen per 
hour and per 92.1 mmols of hydrocarbon at 87.3°. In this case the 
measurements were not carried out at the lowest catalyst concentrations. 
It is remarkable that a very small quantity of catalyst is sufficient for 
the oxidation to take place at a maximum rate. In the case of 2,5- 
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dimethylhexane not more than 0.09 mmol of cobalt stearate per 100 mmols 
of hydrocarbon was needed. 

The collected facts enable us to formulate a number of requirements 
which the reaction scheme should meet. 
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1) The oxidation must be initiated by the catalytic decomposition 
of a primarily formed hydroperoxide. Radicals are formed which initiate 
a chain reaction. 

2) The hydroperoxide is regenerated by reaction of the alkyl radicals 
with oxygen. This takes place via a chain reaction, as is shown by the 
retarding effect of pyrogallol on the catalytic oxidation of 2,5-dimethyl- 
hexane. 

3) The influence of the structure on the rate of oxidation must make 
itself felt. 

BoLuanD [8], surveying the works of Farmer, Gee and himself, gives 
a rough estimation of the reaction constants of the various reaction 
steps in the olefin oxidation, and concludes that the influence of the 
structure on the oxidation rate depends on the reaction: 

ROO: + R’H + ROOH + R*’ 

With olefins this reaction takes place between a peroxi radical and 
a C-H bond of a saturated carbon atom (the point of attack in olefins 
is the a-methylenic carbon atom [9]). Hence this reaction is comparable 
with the corresponding reaction in paraffins, So it is likely that the 
influence of the structure of paraffins on the oxidation rate is expressed 
in the same way as in the case of olefins, 

The linear relation between the number of carbon atoms and the maximum 
rate of oxidation makes it very probable that this influence of the structure 
on the rate of oxidation must be due to the reaction between a hydrogen 
atom bound in a CH,-group and an alkoxi or peroxi radical. The fact 
that a rise in the number of tertiary carbon atoms increases the rate of 
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oxidation also points in this direction. The following reactions must there- 
fore be included in the reaction scheme: 

RO} +RH->ROH +R: 

ROO: + RH + ROOH + R: 

This picture is in accordance with the experiments of LARSEN, THORPE 
and ARMEIELD [12], who observed that the oxidation rate of cetane is 
slightly higher than that of n-decane. 

4) The reaction mechanism must be such that the rate of oxidation 
calculated from it is independent of the concentration of the catalyst. 
Since, however, different catalysts give different rates of oxidation, the 
reaction constant of the catalytic peroxide decomposition must occur in 
the equation for the rate of oxidation. 

Using a suggestion of WATERS, who tried to explain the same phenomena 
in the catalytic oxidation of tetralin, we arrive at the following mechanism: 
To be independent of the catalyst concentration it is necessary that the 
radicals which are formed under the influence of the catalyst and which 
initiate the oxidation participate in the termination of the reaction chains. 

The peroxide decomposition proceeds according to the reactions: 

Cot++ + ROOH > Co+++ + RO: + OH- 
ROO- + Cot++ —- ROO* + Cott 

The production of the radicals RO and ROO will increase with increasing 
cobalt stearate concentration. Consequently, the production of the 
radicals R will increase according to the reactions: 

RO: + RH > RB: + ROH 
ROO: + RH — R: + ROOH 

Since the alkyl radicals can quickly react with oxygen, this might 
give rise to an increased rate of oxidation. If, however, the radicals RO: 
or ROO: participate in a chain-terminating reaction, for instance: 

RO: + ROO: > ROR + 0, 
or ROO: + ROO: > ROOR + 0, 
the rate of the terminating reaction will increase with increasing 
concentrations of these radicals. The result of these two opposing influences 
is that the production of radicals R remains constant and hence the rate 
of oxidation does not change. 

5) The scheme must be in agreement with the reaction products 
found. Therefore the oxidation of the alkyl radicals formed during the 
decomposition of the alkoxi radicals must be taken into account. 

By starting from literature data Grorcr and WaLsH [10] proposed a 
scheme for the decomposition of hydroperoxides and the products formed 
during these decompositions. 

Ry ee ep 
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The alkoxi radical decomposes with formation of a ketone or aldehyde 
and of a new alkyl radical r- According to Groran and WALts# this 
cleavage occurs in such a way that the longest alkyl group bound to the 
oxygen-carrying carbon atom is invariably separated. The radical r- 
can react with oxygen and a hydrocarbon molecule to form a hydroperoxide 

r+ 0O,—>r00: (B) 
r OO: + RH +rOOH + R: (C) 


This peroxide can decompose again according to reaction (A), as a 
result of which a new oxidation cycle is started. If this continued oxidation 
is to be fully accounted for, it is difficult to draw up a formula for the rate 
of oxidation. We therefore leave out of account the oxidation of radicals 
formed by decomposition of the peroxide rOOH. This is possible because 
each new quantity of alkyl radicals is only part of the quantity of peroxide. 
The radical r, formed according to reaction (A), gives upon oxidation a 
primary hydroperoxide, which easily separates water and is converted 
into an aldehyde. Only part of the peroxide rOOH therefore gives rise 
to the formation of new alkyl radicals. The quantity of oxygen consumed 
in the primary process is therefore much larger than that required for 
the secondary processes. 

6) By mutual reaction the radicals can form inactive compounds 
and thus terminate the chain reaction. 

The following reactions are possible: 


R* +ROO:- + ROOR 
R' +RO- +ROR 

RO- +ROO-+ROR +0, 
ROO: + ROO: + ROOR + 0, 


Chain-terminating reactions in which the radical R- participates, are 
less probable, at least at normal oxygen pressures. 

The reactivity towards oxygen is great and hence the life time will be 
small. This will diminish the probability of a reaction with other radicals. 
On the other hand, the life time of the radical ROO: is long. These radicals 
only disappear by a reaction with the hydrocarbon, which is the slowest 
reaction in the oxidation process [8]. 

The radical RO: too is very likely more reactive than the radical ROO: 
and will react quickly with the abundant quantity of hydrocarbon. 

Thus the ROO: radicals are most likely to give a combination reaction 
with separation of oxygen, 

However, one might expect that under the influence of the metal 
catalyst the dialkyl peroxide formed will produce new radicals and start 
oxidation chains. 

This objection is not very convincing; Minas and SureEnor [11] 
for instance proved by means of the tertiary butyl peroxide that the 
ditertiary alkyl peroxides are very stable towards several chemical agents, 
probably due to sterical hindrance [13]. 
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The dialkyl peroxides, expected to be formed from the hydrocarbons 
used in our experiments, are of the same type. 

On the basis of these considerations the following reaction scheme 
seems to be the most acceptable for 2-methylheptane: 


ane + M++ +> RO: + M+++ + OH- (1) 

Initiating reaction \ coor aoe abiene 
ROO- + M+++ + ROO: + Mt+ (2) 
RO: + RH +> ROH + R: (3) 
Propagating reaction i reas 2) 
QR ae - "RH = ROOH-—— R: (5) 
Terminating reaction 2 ROO: —+ ROOR + O, (6) 
\ RO- +r + (CH,),C = O (7) 
Side reactions é tbe meas (8) 
| rOO: + RH +> rOOH + R° (9) 
{ rOOH — inactive products (10) 


Some symbols have been introduced for the sake of simplicity: 
RH = (CH,),CH.CH,.CH,.CH,.CH,.CH, 
R: = (CH,),C.CH,.CH,.CH,.CH,.CH, 
-CH,.CH,.CH,.CH,.CH, 


M++, M+++ = metal ions of the catalyst. 


r 


Oxygen is consumed in reactions [4] and [8], while it is regenerated 
in reaction [6]. Hence, the rate of oxidation is given by the formula: 
d[O.] 

dt 

This function must be expressed in more directly measurable magnitudes. 
Closer inspection of the reaction scheme shows that the radicals and pero- 
xides are all intermediate products in the oxidation process. Immediately 
after the formation they are removed by other reactions. When the 
maximum rate — which is exclusively considered here — has been 
reached, the reaction mechanism has developed completely and a stationary 
condition has been obtained. 

The rate of formation and the rate at which the intermediate products 
are discharged have then become equal. We may assume the concentrations 
of these intermediate products to be constant. 

This gives a series of equations from which the unknown radical 
concentrations can be solved: 


q{R-] _ , 4[ROO] _ , dRO] _ , g(ROOH] _, Ar] _ , Ur00] _ 4 


dt dt dt dt dt dt 


= + kJR:1[O,.] + &[r J {[0.,] — k,[ ROO }? (11) 


By means of these relations and reaction equations (1)—(10) incl. 
the maximum rate of oxidation can be expressed in a formula: 
= d[O2] “a A(k;)*[ RH} ( k,[ RH] + 2k; ) (12) 
ie k, k,[RH]+k; y 
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where 
k,[M++] 
~ ky{M++] + k[Mt+++] ° 


Table 2 in section 5 has shown that the alcohol formation takes place 
at a higher rate than the decomposition of the alkoxi radical to acetone 1), 
At most 1.7 mmols of acetone are formed from 4 mmols of dihydroperoxide, 
the rest almost entirely consisting of alcohol. Therefore: 

k,[RO-][RH] > k,[RO-] Hence k,[RH]> k,. 

To obtain readily measurable rates of oxidation the hydrocarbon has 
not been diluted too strongly. The term k,[RH] will then remain so large 
that the term 2k, will not play a part. A change in hydrocarbon concen- 
tration will only influence the term between braces to a_ slight 
extent. This value will not deviate much from 1. The rate of oxidation 
becomes proportional to the square of the hydrocarbon concentration. 

The formula derived here meets the requirements. 

Factor A represents the influence of the various catalysts; the concen- 
tration of the catalyst has no effect. Only the ratio of the two states of 
valency is decisive for the rate. 

As indicated by formula (12), the rate of oxidation is independent 
of the oxygen pressure. This is in accordance with the experiment. At 
low oxygen concentrations the rate of oxidation becomes dependent on 
this concentration. The fact that this cannot be concluded from formula 
(12) is due to simplification of the reaction scheme. 

Radicals other than ROO can also break off the oxidation chains. 
Besides reaction (6) the scheme must contain the following reaction: 

R: + ROO: + ROOR (13) 

This reaction will practically not occur at high oxygen concentrations, 
because the radical R gives a quick reaction with oxygen. 

By substituting (13) for (6) in the reaction scheme, the following 
formula is obtained for the maximum rate of oxidation: 

d[ Og] k,k, 
Bee as 2 


k, k, k, [RHITO 
[RH] [O,] + ees Sr (RATO) (14) 


if 
2kaz (1+ 5) (kkgRH] + ky) 


As a result of reaction (13) the rate of oxidation becomes dependent 
on the oxygen pressure. 

To avoid very complicated calculations, the rate of oxidation has 
been calculated for the two terminating reactions separately (cf. 12 and 14), 

In reality the two reactions take place simultaneously. At high oxygen 
concentrations the maximum rate of oxidation calculated with the above 
equations will no doubt be independent of the oxygen pressure, while 
at low oxygen concentrations ‘it will be dependent on it. This formula 
for the rate of oxidation will be simplified to formula (12) in the case 


1) Compare Proc. Kon. Nederl. Akad. v. Wetensch. B, 54, 109 (1951). 
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of high oxygen concentrations; at low concentrations it will change into 
formula (14). 

To explain the very high rate of oxidation of 2,5-dimethylhexane the 
hypothesis has been drawn up in section 6 that a peroxi group linked 
to a carbon atom in the second position takes over a hydrogen, atom of 
the carbon atom in the fifth position. The close approach of these two 
groups makes this intramolecular reaction take place quickly. 

The following scheme for the oxidation of 2,5-dimethylhexane is obtained 
by means of this hypothesis. 

The following abbreviated notations have been introduced for the sake 
of ready reference: 


HRH = (CH,),CH.CH,.CH,.CH(CHs), 
‘R- = (CH,),0.CH,.CH,. O(CH,), 
As in the case of 2-methylheptane, the first side reaction has been 
taken into account: 
(CH,),C(OH).CH,.CH,.C(CH,), — (CH,),C(OH).CH,.CH,’ + (CH,),C = O 
| 


9 
or: HORO: -> HOr: + (CH;),C = O (25) 
HOOROOH + Mt++ ->-OROOH + M+++ + OH” (15) 
HOOROOH + M+++ + -OOROOH + Mt+ + Ht (16) 
Initiating reaction /*OROOH + HRH — HOROOH + ‘RH (17) 
HOROOH + M*t* > HORO: 4+ M*t* + OH (18) 
HORO: + HRH — HOROH + ‘RH (19) 
‘RH + O, > ‘OORH (20) 
: ; ‘OORH —+ HOOR: (21) 
Propagating reaction ¢ HOOR: + 0, _. HOOROO: (22) 
] HOOROO: + HRH -> HOOROOH + ‘RH (23) 
Terminating reaction *‘OOROOH + ‘OORH — HROOROOH + O, (24) 
\ HORO: —> HOr: + (CH;),C = O (25) 
Side reaction 2 HOr- + O, — HOrOo: (26) 
/ HOroo: + HRH — HOrooH + HR: (27) 


From this scheme the following equation is obtained for the rate of 


oxidation: 


e a = -+ ky [RH] [O2] + k,o[ HOOR*] [O.] — k»4['OOROOH] [OORH] +l (28) 
+ kgg({HOr’] [02] 


The same treatment as applied in the case of 2-methylheptane yields 
the following equations: 
. . . ORH 
d[-RH] ae d[-OROOH] eh: d[ OOROOH] atte d[-O ] yi 


’ 


dt 3 dt ; dt dt 
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d{HOOR’] ; d{[HOOKOOH] as d[HOROOH] a d[HORO:] ay 
dt el dt sow dt ‘ dt 
d[{HOr:] ' d[HOrOO:}] pa 


dt ; dt 


The formula for the maximum rate of oxidation thus becomes: 


AO] (2A) Ka Koy ae ke, kgs ky, (A—1) (A—2) [HRH] 


aie; ka Ky, (4—3A) (ky, [HRH] + k,,) 


where 
oa ky, [M*+*+] 
kys [Mt+*] + ky, [M+++] 


This formula is in good agreement with the experiments. The factor 
k,, causes the rate of oxidation to be dependent on the rate at which 
a hydrogen atom passes from the tertiary carbon atom to the peroxi 
group in the same molecule. A high value of this factor might explain 
the high rate of oxidation of 2,5-dimethylhexane. 

For the latter scheme, too, the combination of peroxi radicals has been 
chosen as terminating reaction. These radicals have the longest life time 
and consequently the greatest probability of mutual reaction. 

We wish to express our thanks to the Management of the Koninklijke 
Shell-Laboratory, Amsterdam for their assistance and support, which 
enabled us to carry out this investigation. 


Amsterdam, 13th March 1952 
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(Natuurkundig Laboratorium der Rijks-Universiteit te Groningen) 


(Communicated by Prof. F. ZeRNIKE at the meeting of March 29, 1952) 


Summary. The stochastic relations between the results of a series of 
successive quantum measuring acts constitute a MArKkorr chain. The 
significant statements of quantum mechanics can be expressed in terms 
of conditional probabilities between different elements of this chain. 
More indirect conceptions of quantum mechanics as e.g. quantum state 
also have a conditional meaning. The statistical disorder or uncertainty 
of a quantum system can be measured in terms of entropy or information. 
It is increased by intervention of a measuring instrument and can be 
decreased by gaining information out of the measurement. The choice of 
the elements of the Markorr chain which will be compared with each 
other is the “‘subjective’’ feature of the description, the statistical relations 
between the chosen elements form the “‘objective’”’ feature. 


1. Introduction 

In quantum mechanics the analysis of the measuring process is of 
fundamental interest, but its treatment is still far from satisfactory. This 
note has no more intention than to point to some statistical aspects of 
quantum measurements in connection with the intervention of the 
measuring act and the produced information. 

We restrict the discussion to micro measurements and shall not deal 
with the extra statistical complications of macro measurements, which 
are the subject of quantum statistical mechanics. Our limitation to non- 
relativistic formulations is convenient but not essential. 


2. The Markoff measuring chain 

2.1 Coupling. First we recall some points of a very schematical descrip- 
tion of the measuring process ') 2). Suppose we want to measure in an 
object system K a set of commensurable observables with eigenvectors 
x(t). The latter form at every time ¢ an orthonormal and complete set. 
At different times ¢, and ft, the sets are related by a unitary operator 


T,(4, ty) 
(2. 01) 2 ty) = > 62(ty) (26 (Ey) « P(t) ) = TE (tasty) 29h)» 
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which gives the differential relation 


with the hermitian operator 


hid ae 
(2. 03) F(t) = (- = STPte t)) 


ti=t 


If at the time ¢, the state vector of K happens to be one of the eigen- 
vectors x!)(t,), it will be at ¢, 


(2. 04) S,.(tosty) %°(t) 
with 

te 
(2. 05) Si(testy) = exp (—+ [ dt H,(t)). 


th 


If the x/)(t) are eigenvectors of the Hamiltonian H(t), (2. 01) and (2. 04) 
can be made identical by a suitable choice of phase factors of the x{(é), 
otherwise this cannot be done. , 

In order to perform the measurement, the object system K is cowpled 
with a link system L” during a time interval (tj, t{). If at the time ¢{ the 
imtial state vectors of K and L” are x{"\(t') and A respectively, the total 


" 


entangled state vector at ft} is 


(2. 06) exp (- + {at Hyy(t)) 2 (t) AQ? 


/ 


In order to obtain a properly designed measurement, H{) has to satisfy 
2 conditions: 


(2. 07) (i) {HAO — FO} P(t) = 4) GY), 


where Gj/(t) only operates on the state vectors of L™, and the ortho- 
normality condition 


(2. 08) (ii) (AD*. AM) = 6,,,, 
where 
4 
(2. 09) AM = exp (- + [at Gi2(0) awn 
t! 


1 
is the final state vector of L, so that (2. 06) reads 
(2. 10) (Titer) P(t) ) AY = ef (fh) AM. 


Condition (i) makes that during the coupling the values of the observables 
of the set remain ‘undisturbed’. If condition (ii) is fulfilled they are 
uniquely marked in the link system; the measurement is then called 


DA | 


het hl 


maximal.For a sufficiently strict fulfilment of conditions (i) and (ii) it 
may be necessary that (i) the change of the Hamiltonian in switching 
on and off is not too abrupt and (ii) the time interval of coupling is 
sufficiently long. 

If, after this coupling has been finished, the link system L™ is in a 
similar way coupled with a measuring instrument M with initial state 
vector mj’, the total entangled state vector at a later time ¢ will be 


(2. 11) (Sx (t,t) 2669 (t1) ) AQP pes? 
With the orthonormal and complete set of vectors x(t) we can con- 


struct a set of transition operators k!)(t), which transform the vectors 
into each other according to 


(2. 12) KD (t) P(t) = x(t) Spry. 


The most general “quantum state” of K is a mixture represented by a 
statistical operator k(t). k(t) can be expanded as 


(2. 13) k(t) = > Tr(k() k(t) k(t). 

The statistical operators at different times ¢, and f, are connected by 
(2. 14) k(t.) = S;,(tg,t1) k(t,) S,(¢,,t2) 

or 

(2. 15) k(t.) = > Tr(k(ty) kys(4) ) Si(tety) Kri(ta) Si (ty, te) - 


vp! 


If we make the same measurement as before with the initial statistical 
operators k)(¢;), 1{}) and m{}, the total final entangled statistical operator is 


(2. 16) > Tr(k(ty) kent) ) (Se(6t1) Ket) S.(tr4) ) I? mays? . 


Now let us design m subsequent measurements of 1 sets of observables. 
Observables belonging to the same set must be commensurable, but 
different sets need not. The object system K will successively be coupled 
with the link systems L®, L®, ... L™ during the non-overlapping time 
intervals} (tj, t{), (#, #2), --- (t,, t,). If the couplings had not been switched 
on, the statistical operator of K at a later time ¢ could be written in a 
somewhat involved way as 


S.(t,t;) k(t) S.(4,4) 
a a Tr (Ie((t4) ey, (44). 
VysPy! 


es Tr(s p(tg,t1) kes! (t;) S;,(t;,t2) ky,” vo (t2) ). 
(25 1.7) Paya! 


n— , , / (n) / 
. Tr (S,.(¢; n? Ups aa) i egos) Si(tn—19tn) Ky 9g (tn) Ne 


Vn Yn’ 


(Si ek, 2G Sica) )- 
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If the couplings have been switched on, the total final entangled statistical 
operator becomes 
(1) 


) / / 1) 
> Tr(k(t) ky y(t) ) I vy,’ My, »,'- 


at: 
Vy504! 
soy (1) " T si (2) , (2) 
= Tr(S,.(t3,t)) ky v,/(4) S.(t),t2) ky, 'y, (tz) ) J,,! My,»,' . 
Vo U a 


! (n—1) " " , (n) , (mn) (n) 
Z Tr(S,(tistn—1) | SE | er Si(tn—astn) Ky, vq (tn) ) Lyin! My», : 


/ 
Vn n 


(S,(t,t/) ky'y,"(t") 8, (t,t) ). 


The couplings have a twofold effect: (i) a somewhat different time variation 
of the “state” of AK because during the coupling intervals (tj, t/) the 
Hamiltonian is not H,, but effectively F,, and (ii) the entanglement of 
the “states” of K with the corresponding “states” of the L’s and M\”s, 


2.2  Ignoration. The next step in the description of the measuring 
process is the ignoration of the final states of the link systems 2). This is 
one of the points which badly need to be worked out. The complete 
ignoration of the particular “‘state’’ of a system is represented by taking 
the trace of its statistical operator. Because 


(2. 19) Tr Iyy,! = Oy 5! 


the ignoration of the link systems transforms the total final entangled 
statistical operator (2.18) into the infringed statistical operator 


> Tr(k(t;) ky,v,(t)) My», - 


"1 

yogi (1) 7 Naf 2) , 2) 
> Tr(S,(t2,t)) ky, (4) Sy(t{, 48) ky,»,(ts) ) My», 
Ys 


oot n—1) ”" " , n , n 
Z Tr(S,.(t;,t;—1) lle ae | Si(th—asty) ky», (t,) ) eal 
” n) ”" ” 
\ (S,.(t,0;) tht S.(ths t) ). 


The effect of the ignoration is the dropping of the terms with off-diagonal 
transition operators, which results in cancelling the phase coherence 
between the entangled “states” of K and the M ial 
2.3 Stochastic relations. For a given 7 each 

9 (3) (3) 
(2. 21) m(,) = mp, 


represents a possible measuring result »;, Which can be read from the 
measuring instrument M., The coefticients 


(j 9+1) , " , " j " wot j , 
a Revinssay(tfrt}) = Te(S,(t}4 1507) kG (t") S.(E% th) kv; 1) (44) ) 
: (yt " W228 j , 
= | (en, (t;) S.(t} tf) ys (bj 42) )/? 
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represent the conditional probabilities between two successive measuring 
results y; and »;,,. They are the squares of the S-matrix elements, which 
can be regarded as conditional probability amplitudes. A stochastic 
series of successive measuring results constitutes a MarKorr chain 
99 (j) (9 9+1) (+1) (7-+1 7+2) 
(2. 23) ++ Mv) Roos 44) M0441) Rss wite)- ++ 
The testable statements of quantum mechanics can be expressed in terms 
of the relative probabilities (2. 22) in the MarKxorr chain. 

We shall say that two successive measurements are perfectly matched 

(3) (j+1) : : 

to each other if the sets S,(t.1, tj) »,(tj) and x,.\(tj43) are identical. In 
that case we can, by renumbering, let. the same »,; and »,;,, correspond to 
each other. Then we get the perfectly atehity probabilities 


(7 9+1) " 
(2. 24) Bisa a ti41) = Ov ivi4r 


2.4 Intervention. If after the coupling has taken place the measuring 
result is not read on the measuring instrument MM, we shall occasionally 
speak of intervention. The final state of 1” is then also ignored. That 
cancels the m’s in (2. 20). The final infringed statistical operator of K 
then becomes 

(2. 25) > Plin) (Su(t stn) KG) (tn) Se(tnst) ) 


Vn 


Pla) = > Tr(k (ty) k@,)(tt)). 


(2. 26) x (1 2) (n—2n—1) f" / (n—1n) " / 
2 a V4V9) )(é,t2) . ros Ri (Yn —2Yn— ){t a= otn 1) Roy 199) (tn—1tn)- 
An intervention has a twofold effect on the statistical operator of K: 
(i) during the coupling the Hamiltonian is effectively F, instead of H;, and 
(ii) the (es of L® and M® cancels the off-diagonal transition 
operators ky ,. The second effect is of no influence when the intervention 
is perfectly cae to the preceding measurement, because then only 
diagonal transition operators occur. 


3. Entropy and information 
3.1 Relativity of reference. It follows from (2. 22) that 

G21 9) " / 
(3. 01) Bs ia ltt tj 41) = Roja) Gant) 
Therefore the Markorr chain is symmetric in time and can be read 
either in the usual way from past to future or in the unusual way from 
future to past. It should be observed that the latter point of view does 
not mean a complete reversal of time direction, the measuring results 
remain marked in the final “states” of the Ms, but they are mutually 
compared in the reversed order. 


16 Series B 
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In (2. 23) we have got rid of the ambiguous notion of the “‘state’’ in 
which the system “‘is” at a certain moment. A conscientious description 
in terms of conditional probabilities between successive measuring results 
or even in terms of conditional probability amplitudes (S-matrices) is 
commonly less convenient than in terms of quantum states of the system. 
The latter is harmless as long as one is conscious of the conditional meaning. 
Actually we have been speaking in this way in deriving (2. 23), although 
perhaps (in spite of the quotation marks) without the latter precautions. 
The conditionality or relativity of the quantum states is just as much a 
matter of choice of reference as e.g. the relativity in special relativity 
theory with respect to the choice of inertial systems. 

When the measuring result read on M is »,, we say that the object 
system K is in the quantum state xy, (t) immediately after the time interval 
(t;, t;) if we refer to the positive direction in time, or immediately before 
(t;, t;) if we consider the successive measuring results in the reversed time 
direction. That is one aspect of the relativity of the quantum state imputed 
to a system. Without special notice we shall further refer to the positive 
time direction, although the order could equally well be reversed. 

Special attention is required for the case of multilateral correlation i 
i.e. the degeneracy which occurs when different measuring results »; on 
the same M have equal probabilities (relative to a preceding or succeding 
measuring result). The extreme case is that for which all results have the 
same probability. When such a degeneracy occurs, one is at liberty, even 
after the coupling between K and L has taken place, to choose between 
different mutually partially or completely incommensurable sets Ne, by 
making an appropriate choice for the coupling between L and a measuring 
instrument M. In the interpretation of such circumstances one is liable 
to get into confusion if one does not clearly realize that the quantum 
states Hg have only a meaning with regard to the particular measuring 
results »; on M”, In fact they have only a function in the caleulation of 
the conditional probabilities between these and succeding or preceding 
results. 

The reading of a maximal measurement with MO leads to a unique 
measuring result »; on account of which one ascribes to K the pure quantum 
state with state vector i or statistical operator i. The reading of a 
non-maximal measurement (or the non-maximal reading of a maximal 
measurement), which only gives probabilities Py, for the various measuring 


results »;, only allows to ascribe to K the quantum mixture with statistical 
operator 


(3. 02) k’? — > Py) kh 
j 


If once an initial statistical operator 


(3. 03) k(t) = > po, ko, (t8) 
Y% 
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has been ascribed to K on account of an initial measurement (also called 
preparation) with WM, it is by sueceding measurements finally transformed 
according to (2. 20). As long as the measuring instruments M%, M®,... Mu 
have not been read, the final statistical operator of A is (2. 25), where 
now (2. 26) can be written 
(3.04) ph.) = > Row (tots) --- 2 RO, -1)(tn—atn—a) Rahn) (bn —aste)- 

1 


Vn—2n—1) 

1 Vn—1 

As soon as e.g. M is read, (2. 20) and (3. 04) are transformed into similar 
cut off expressions, starting with k” instead of k as initial statistical 
operator. This change of description of the final quantum state of K 
(sometimes named reduction of the wave packet) corresponds to a change 
of reference of the conditional probabilities of future measuring results, 
they will now be taken relative to M” instead of M®. 


3.2 Entropy. The statistical properties of the Markorr chain (2. 23) 
can appropriately be discussed by considering a statistical ensemble of 
dynamically identical systems with identical couplings. The choice of a 
particular measuring result of a particular measuring instrument M” to 
which the probabilities of the measuring results of other measuring 
instruments will be related, is represented by the selection of the cor- 
responding subensemble. In terms of quantum states this is equivalent 
to the selection with regard to the corresponding initial quantum state 
(3. 02) of K. A useful statistical concept, penetratingly discussed in this 
connection by voN NEUMANN?), is that of the entropy of the sub- 
ensemble, which is a measure for its disorder. Measured in suitable units 
the entropy per element of the subensemble corresponding to the statistical 
(j) (3) 


operator Ly; P(v;) ki,,) is 


g 


(3. 05) Ho =D P(r) log Piri) 


(In general for a statistical operator k it is —Tr(k log k)). For brevity we 
shall refer to (3.05) as the entropy of K. It is obvious that like the 
quantum state the entropy has a conditional meaning. 

The entropy of K is invariant under a unitary transformation (2. 14). 
Therefore in the absence of coupling it does not change. Likewise it is 
not changed by an intervention, which is perfectly matched to the 
preceding measurement (H® = H%-»), By all other interventions it is 
increased (H® > H%-») as long as it has not yet attained its maximal 
value. The maximal value is attained in a degenerate quantum state 
dy, Pov; ) ke for which all probabilities Po) are equal. An interesting problem 
would be to relate quantitatively (in some statistical way) the entropy 
increase to a degree of matching. The entropy of K is decreased by the 
reading of a measuring result (reduction of the wave packet) as long as 
it has not yet attained its minimal yalue. The minimal value is attained 
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in a pure quantum state, where it is zero. In other words the disorder of 
the subensemble is increased by an imperfectly matched intervention 
owing to ignorance; after a reading a higher ordered subensemble is 


selected. 


3.3 Information. In information theory *) entropy is (again in suitable 
units) denoted as information. There it is considered more as a measure of 
uncertaintly rather than of disorder. In fact the terminology is irrelevant 
as long as it is unambiguous. What matters is whether the apparatus of 
information theory can be fruitfully applied in the discussion of quantum 
measurements (e.g. in the matching problem). We do not enter into this 
question now. We shall only point to some aspects of the notion of in- 
formation in this particular connection. For convenience we shall for the 
object system A maintain the term entropy and for the measuring in- 
strument we shall speak of information, but it should be borne in mind 
that the two terms are synonymous and that the distinction is arbitrary. 

Ignoring K, the final statistical operator of M, when not read, is 
2, Plo ,) m(,, and the information it contains is 
(3. 06) | i Pls) log Py, - 

5 
(In general for a statistical operator m it is —Tr(m log m)). After a 
maximal reading with a definite measuring result the information of M 
is zero. We can say that by the maximal reading all information I" is 
gained from M. After a non-maximal reading the information remaining 
in MU) ig 
(3. 07) ae ~ P'(»,) log P'(y,) 

vj 
and only the difference J — J’) is gained from it. 

Now the entropy of K and the information in M¥) are related in the 
following way. By the coupling via L, succeded by the ignoration of 
L', .ue entropy of K is increased from H¥-) to H® and the information 
in M is increased from 0 to I‘? = H™, In both cases the increase may 
be zero, but not negative. The information gained from M” by a reading 
can be used for the selection of a subensemble, by which the entropy of 
K is decreased by an equal amount 


(3. 08) H® - H™ = Yr a y™ > 0. 


In order to see clearly the meaning of information in the present con- 
nection, we consider two successive perfectly matched maximal measure- 
ments. Then already before the second reading its result can be predicted 
with certainty and at the same time the information contained in the 
measuring instrument is zero. More generally the information contained 
in M does not include that information in the common sense, which 
by means of the theory can already be derived from past measuring 
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results, it just measures the latent information (also in the common sense), 
which can only be obtained by a maximal reading of M™. That presup- 
poses that the theory provides a correct and maximal description in its 
domain of applicability. Granting zero information to pure quantum 
states is in accordance with (though not a proof of) the point of view that 
quantum mechanics is in this sense maximal indeed %). 


4. Order in time 


As the Marxkorr chain (2. 23) can be read in both directions, the 
irreversibility of intervention) expressed by the entropy increase is 
(like usually is the case with irreversible phenomena) a matter of statistics 
and not a consequence of any asymmetry in the equations of motion. 

A further feature, which follows from the theory and which is in 
accordance with observation is that the various measurements, whose 
results are statistically related to each other, appear in the Marxorr chain 
corresponding to their order in time (either forward or backward). This 
feature, which appears characteristic on the observational level 4), can be 
expected to survive even with such theories (e.g. interaction at a distance 
or processes at elementary particle scale) where in the formal description 
from which the observable connections are ultimately derived this 
monotonous ordering in time is not strictly preserved. 


5. Subjective and objective features 


As to some readers the foregoing considerations might seem to introduce 
a “subjective” feature in the description of “objective” physical events, 
we shall say a few words to that. The subjectivity of the particular choice 
of object system and measuring devices is irrelevant, so we suppose they 
have been chosen. In that special situation one may choose the measure- 
ments for which one wants to compare the results. That is the “‘sub- 
jective” feature. As soon as one has made up (or changed) one’s mind, 
the statistical relations between the chosen measurements can be derived 
from the theory and tested by observation. That is the “objective” 
feature. The “subjective” and “‘objective” features are clearly distin- 
guished as long as the statements of quantum mechanics are in terms of 
conditional (the “‘subjective” feature) probabilities (the “objective” 
feature). As soon as the description is expressed in terms of quantum 
states and derived notions as entropy, the two features get intermixed. 
The abortion of their disentanglement is then a latent source of confusion. 
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CURRENT RIPS AND DIP CURRENTS IN THE DUTCH WADDEN 
SEA 1) 


BY 


L. M. J. U. VAN STRAATEN 


(Communicated by Prof. J. Tu. THissse at the meeting of March 29, 1952) 


1. Introduction. It has been known for a long time already that in 
the waters of the Wadden Sea considerable differences occur as to 
temperature, salinity, density etc. The same is true of the estuaria in 
the S.W. part of the Netherlands. As a rule these different kinds of water 
do not move at random through each other, but form clearly defined 
masses, separated from one another by well marked boundary surfaces, 
At the water surface the position of these boundaries is usually indicated 
by the concentration of foam. When the weather is calm and wave 
motion limited, little or no foam is produced to be concentrated in these 
boundary lines. In this case they may still be detected without difficulty 
by the relatively smooth appearance of the water (damping out of the 
small wavelets by oil films) and by the presence of algae, pieces of flotsam, 
ice floes ete., that have floated together. Also there is reflection of the 
waves against the junction surfaces. The reflected waves thereby interfere 
with the oncoming waves and steep crests and pointed waves may 
result, which break easily (see Photo 1). The noise of the breaking waves 
may warn the attentive listener of the presence of a current rip in the 
vicinity. 

In the following a short account is given of preliminary observations 
in the field and of data from aerial photographs, relating to these current 
rips. Some conclusions are added concerning the possible origin of depres- 
sions in the bottom relief. 


2. Current rips. From the concentration of floating material it may 
be deduced that, taking the rips as fixed systems, there is a flow of water 
along the surface from both sides towards these rips and that the water 
disappears below the rips in a downward direction. The movements must 


*) The writer is indebted to the Netherlands organization for Pure Research 
who defrayed the costs of the investigation; to Mr. C. A. J. von Fristag DRABBR, 
director of the Topographie Service at Delft, for his kind permission to study the 
aerial photographs in the possession of this institute and to publish the results; 
to Prof. Ir J. Ta. Tuiyssz and Dr R. DorRESTEIN, who read the manuscript and 
offered helpful criticisms and suggestions, 
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be compensated by a flow below the surface, away from the zones of 
sinking water and by a rising movement at some distance from the rips. 
This distance between the zones of upwelling and of sinking water may 
vary greatly. The movements mentioned here are of course only of a 
secondary nature, being superimposed on the normal current motion 
which is approximately parallel to the sides of the channels (fig. 1, fig. 2). 

On aerial photographs the zones of rising water and of sinking water 
often show great differences in turbidity, the upward moving water 
being much richer in suspended sediment (fig. 3). In some cases the 
distribution of suspended matter in zones of upwelling water is still far 
from homogeneous and shows cloudy concentrations. These clouds then 
have sharp boundaries against relatively clear water on their upstream 
side, but fade out in a downstream direction. The clouds may be arranged 
rhythmically, in lines parallel to the general current direction. It thus 
seems probable that in these cases the rising of water is not a continuous 
process but is periodically intensified. 


Fig. 1. Cross section of channel with secondary movements in flowing water, 

leading to formation of current rip in the middle. (In this diagram the boundary 

surface below the current rip is given a vertical position. In reality this surface 
will often be inclined. Also it may be curved). 


Fig. 2. Formation of current rip by asymmetric secondary flow. 


Fig. 3. Large contents of suspended sediment in upwelling water and relatively 
clear water along current rip as seen from above. 


Fig. 4. Formation of current rip at confluence of tidal channels. 


The water masses at both sides of a current rip are of different origin 
and, correspondingly, differences may be found in temperature, density 
etc. The differences may be considerable, e.g. 0,7° C in temperature and. 
0.002 in density (2 kg/m*); often they do not surpass the error of 
observation: <0,1° C in temperature and < ca. 0.0005 in density. 
Properties of this kind are controlled by conditions of weather, wind, 
tides, supply of fresh water from land, relief of the bottom, composition 


of the bottom material and by still other factors. 


Current rips are a very common phenomenon in the Wadden Sea. 
They form both during ebb and flood stages, although during ebb tide 
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the rips are usually much longer and much more regular. When, during 
ebb tide, the tidal flats are still submerged, rips will often develop above 
the edges of the flats, thus marking the boundaries between “shoal water” 
and “‘channel water’’. At later stages, when the shoals have for the greater 
part emerged, the current rips are, of course, limited to the channels. 
When in such cases a rip is traced upstream, it usually appears to originate 
at the place where two channels come together, near or at the “nose tip” 
of an emerging shoal (fig. 7). Moreover, the oil film material (recognizable 
by the smooth water surface) and the foam can in many cases be followed 
still further, along one or both of the margins of these intermediate shoals 
(fig. 4). Partly they are formed here: oil by erosion of bank sediments, 
foam by the breaking and splashing of waves. Oil may be derived also 
from the eroded sediments on the shoals and carried towards the channels 
on the water of the small gullies intersecting these flats. Finally, oil and 
foam that have been formed elsewhere may be driven towards a bank 
by the wind. 

It seems probable, however that the secondary movements in the 
water, flowing through the channels also play a part in this concentration 
of floating material along the banks. Since the division of the water 
masses by the current rips (in the main channels) develops quite gradually 
out of the division of the water masses by the intermediate shoals, it 
may be safely assumed that also the secondary flow towards the current 
rips is derived along equally gradual stages from the surface flow towards 
the banks of the confluent channels (fig. 5). When these latter channels 
are more or less straight, there must then be an upwards moving flow 
in the middle and downward flow along the banks. As a matter of fact the 
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Fig. 5. Secondary movements in water flowing from tributary channels (c) into 
main channel (b, a). 


Fig. 6. Formation of dip current as seen in successive cross sections, 
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same type of movement was found by Marts!) in the river Lek (Rhine). 
In curved stretches this bilaterally symmetric movement will make 
place for a unilateral movement with rising flow on the convex sides 
only and downflow along the concave banks. 


The development of current rips is of course greatly favoured by 
convergent flow of water. During ebb tide this convergence is mainly 
restricted to the channels, which, one after another, come together, to 
form ultimately the wide and deep tidal inlets. Above the tidal flats 
the drainage is more of a divergent type, water flowing from the centre 
to different sides. With the flood these conditions are reversed. Divergent 
flow is found in the channel systems. Convergence occurs above most 
of the tidal flats, which become submerged by water masses flowing 
from different directions over the channel banks to meet at the centre 
parts. During the flood, therefore, junctions marked by the concentration 
of foam etc. should be sought in the first place above the tidal flats. 
These junctions, however, are usually only of local importance and are 
much less regular than the ebb rips in the channels. Besides, they are 
mostly displaced shortly after their formation, get broken up and gradually 
disappear. 

Nevertheless, beautiful instances of long and regular flood current 
rips may be met with. They can be observed outside the area of the Wadden 
Sea proper, viz. between the tidal inlets and the arcs on the outer side of 
the submarine deltas which are spread out on the bottom of the North 
Sea. In these areas channels are cut which come together towards the 
tidal inlets, i.e. in the opposite direction of the channels of the Wadden 
Sea itself. Here the convergent type of flow occurs during flood tides. 


3. Dip currents. When, during the later stages of the ebb the tidal 
flats have run dry for the greater part, several current rips may be 
present in one and the same main channel, the number of rips corresponding 
to the number of confluences of tributary channels (fig. 7). These different 
current rips may keep running parallel to each other, or they may join 
together. Where two rips, separating three distinct water masses, run 
together, the water of the stream in the middle must dive under the 
adjoining masses (fig. 6). In the cases where differences in density of 
the water masses were observed, the heaviest water (coldest and/or 
saltest) was the one to dive. 

The diving of water is not bound to occur exclusively between two 
other, lighter masses of water. It often happens between one mass of 
water and the bank of the channel (fig. 7). In fact, whenever there is a 
difference in density between two water masses that come together, the 
heavier water will have the tendency to form a dip current. This is the 


1) A. G. Maris. Zand- en Waterbewegingen op de Lek bij Wijk bij Duurstede. 
De Ingenieur, 52e Jrg., No. 24, pp. B 83—B 90, (11 June 1937). 


consequence of the dowiward increase of lateral pressure, exerted by 
the heavier water on the junction surfaces of the two masses. 

In bends of channels it is sometimes seen that a rip runs to the shore, 
indicating the complete disappearance of the diving water below the surface 
(fig. 7). Then, some distance further downstream, the rip loosens itself 


12 Oct. 1951. Lauwerszee Low Tideat i4h55 Light wind from £ 
I3h25 = very turbid yellowish water, T= 85 C,d-=1022 
 IBHBO = turbid yellowish brown water, T = 9.2°C,d= 1020 

T= 9.2°C.d= 1.018 


Dokkumen.’ 
Diep 


-\. Vaargeul 
b.. -Zoutkamp 


Fig. 7. Asynchronous sketch map of the current rips in the Slenk (Centre of 
Lauwers Sea) on 12 Oct. 1951 (ebb tide; low tide at 14h55). It will be noted 
that the water, coming from the channel N. of the “Vaargeul Zoutkamp”’ is 
the freshest of all kinds flowing through the Slenk. At the mouth of the channel 
of Zoutkamp there must have been, during the preceding tide, ebb flow, due to 
the sluicing of land water, at the time that the tide in the Slenk had already been 
reversed. The fresh sluice water form the Vaargeul of Zoutkamp has then been 
carried by the flood current into the channel north of it. 


again from the bank. It appears probable that in such cases the water 
disappeared below the surface only temporarily and that the diving 
was followed by a rising movement. Rising currents may also be the 
explanation of the splitting up of current rips (in a downstream sense) 
which is occasionally met with in curved stretches of channels. 


4. The depths of the channels. Apart from local phenomena the 
transverse sections of the channels increase towards the tidal inlets 
owing to the increasing discharge. The larger areas of the sections are the 
result of increase both in width and in depth. In the large transverse 
sections nearer the tidal inlets the friction with the bottom is of course 
relatively less than in the smaller sections upstream (ebb currents); 
consequently higher current velocities are found, e.g. Table 1, 
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TABLE 1 


Maximum (surface) velocities at medium strong tides and light wind: 


uel : W. end of Pollendam: 2,0 km/hour 
Pt. 2 14 km from Pt. 1: End of Blauwe Slenk: 4,0 km/hour 
Pt. 3 19 km from Pt. 1: Vhestroom : 4,5 km/hour 
Pt. 4 24 km from Pt. 1: Vhe (tidal inlet) : 5,0 km/hour 


Local factors, controlling the depth of the channels are: bends, narrowed 
stretches and confluences. 


a) Bends. With constant width the area of the transverse sections 
of a channel is often strongly increased in bends, owing to the greater 
depths, e.g. Table 2. 


TABLE 21) 

Channel of Zoutkamp Width Max. depth Section 
Piele(Gelamiotrom~ Pie 2)... 100 m 1,6 m SOma2 a Ebb 
Pier) oan ay ote he *2 100 m 4,0 m 200 m2 | am 
Pt. 3 (0,6 km from Pt. 2). . | 150m 2,0 m LEQ meee eee 


The large depth is in all probability mainly the result of the greater 
turbulence of the water. 


b) Narrowed stretches. In narrow parts of channels the depth is 
mostly augmented considerably, so that the area of the transverse section 
is not diminished, e.g. Table 3. 


TABLE 3 


Dantz iggat ; | Width 


Max. depth Section 


Pt. 1 (0,5 km from Pt. 2). . | 850m Pie | s0sh my ee 
Pt. 2 (Narrow part). .- . . 600 m 16,0 m 4410 m? | 


ent 
Pt. 3 (0,8 km from Pt. 2) . 875 m | 10,2 m 4145 m2 | Cn neye 


The tranverse section has, in the narrow part, even a greater area 
than immediately upstream and downstream. This may be due to increase 
of turbulence. 


c) Confluences. Downstream (ebb tide) of the places where channels 
come together, practically always deep depressions in the bottom relief 
are found. So for instance in the Slenk and in the Zoutkamperlaag: 


1) All data mentioned in Tables 2—5 are taken from the chart “Het Friesche 
Zeegat”’, 1 : 50.000, composed by the Hydrographic Survey of the Royal Dutch 
Navy (Revised edition March 1950). Depths and widths of the channels pertain 
to the L.L.W.S. level (mean level of lowest spring-lowtide). When the water is actually 
at this level the currents are usually slow or even altogether absent (slack water). 
Really important current velocities occur only when the water stands at higher 
levels and smaller or larger parts of the tidal flats are submerged. The data given 
here are therefore only of limited value. 
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TABLE 4 


Channel 


Pt. LA (1,0 km from Pt. 2) | Slenk =| «6875 m | 4,7m | 2545 m2 

475 m? 

et, WU. (,0) koa rom: PG. 2) | Dokk. Diep 325 m | 4,0m “Soa aat 

Pt. 2 | Slenk 1050 m 12,0m | 3600 m2 

Pt. 3 (1,3 km from Pt. 2)| Vw. v. Oostm. | 725 m 6,2 m | 3065 m2? 
TABLE 5 


Width | Max. depth Section 


Pt. 1A (3,2 km from Pt. 2) | Vw. v. Oostmahorn 1500 m | 7,5m 4630 m2 
| | | 
Pt. 1B (3,7 km from Pt. 2)) Robbengat 400 m 2,24 485 m? 


4005 m2 


z D Qt = hI AA wie 

Pt. IC (4,0 km from Pt. 2) phere) 900 m | 8.5m + 9120 mi 

Pt. 2 Zoutk. Laag | 1150 m 20,0 m 10815 m2? 
| 

Pt. 3 (1,3 km from Pt. 2) | Zoutk. Laag J 1525 m 10,7 m 10965 m2 


It was seen that in curved channels the turbulence often gives rise to 
greatly enlarged cross sections, owing to the waste of current velocity 
in eddies of different kinds. In the instance of Table 3 the section in the 
bend (Pt. 2) is 2,5 times larger than the section upstream (Pt. 1). 

Now, at confluences the current direction of the water, coming out 
of one or both of the tributary channels has of course to change to a 
smaller or larger extent in order to acquire the direction of the main 
channel. This change of direction will also bring about an increase of 
turbulence. Yet it seems that in many cases there is only little room 
for increased turbulence, since the sections across the deepest places 
of the depressions are only slightly larger than the combined sections 
of the tributary channels (1,2 x in the cases of Tables 4 and 5). 

When the sections differ so little, there cannot be much difference in 
average current velocities; hence no great amount of the current velocity 
can be “wasted” in turbulence. 

On the other hand it is not infrequently found that the width of the 
main channel at the point of greatest depth is considerably smaller 
than the combined widths of the confluent channels (Tables 4 and 5). 
In these cases at least a part of the phenomenon of the depressions is 
related to the tendency towards maintaining a constant area of cross 
section (cf. Table 3). 

Meanwhile it appears that a third factor is also involved in the origin 
of depressions, viz. the factor dip currents. Place and pattern of the 
current rips are not quite fixed, but move about with the progress of 
the tide. Also they are dependent on tide differences, wind etc. Yet, 
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within certain limits ‘ir locati : 7 

tain limits, their location will be roughly the same at comparable 
stages of successive (ebb) tides. Now it is observed that wherever, in 
the field or on aerial photographs, important current rips are seen to 


flow together — indicating the formation of dip currents — deep places 


exist in the channel bottoms (see Photo 2 : 


and figs. 8 and 9). It thus seems 
very likely that dip currents play an important part in the erosion of 
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Fig. 8. Sketch, drawn after aerial photographs (R.A.F.) of the area of Oort, Vaar- 
water van Oostmahorn and Zoutkamperlaag; 26 Dec. 1944; Ebb tide. The indicated 
tidal flats were still partly submerged (not drawn). Ice floes are concentrated in the 


current rips. 


the depressions. The regular occurrence of such depressions downstream 
of confluences is not to be wondered at, since at these localities water 
masses meet, which will practically always have some difference in 
density, however slight it may be. 

It might be argued that from the phenomenon of the dip currents 
it does not follow implicitly that depressions in the bottom must be formed. 
The same increase of the cross section might be attained by an increase 
in width. The heavier water would then have to form a dip current of 
less thickness but of greater lateral extension. The fact that this does 
not happen in nature may be explained as follows. In a straight reach 


236 


of a uniform channel, having a uniform slope and a constant flow, the 
discharge is propertional to pd3/,, p being the wetted perimeter, d the 
hydraulic depth. This principle is well established in the case of rivers 
and is approximately valid also for tidal channels. As a reaction to the 
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Fig. 9. Relation between dip current and depth. Wester Scheldt off Hoodfplaat 
(E. of Breskens). After photo R.A.F. 17 April 1943; Ebb tide; depths in m below 
L.L.W.S. level. 


sudden augmentation of the discharge which occurs at confluences, an 
increase of the depth is then more effective than an increase of the 
width. 

On the other hand there appears to exist (at given velocities) a tendency 
towards a constant relation between the width p and the depth, When 
at confluences the sudden increase of discharge has been caught up in 
the deep stretches of the channel, it seems that this latter tendency 
restores the section of the channel gradually to its “normal’’, more flat 
bottomed shape (fig. 10). 

This sequence of events may mean that in the deep places the heavier 
water of the dip currents is of restricted lateral extension and that, 
further downstream, it gradually spreads out to form an even layer on 
the bottom of the channel. 


Summaay 


Preliminary investigations on the water movement in the estuaries 
and tidal flat areas along the Dutch coast led to the following conclusions. 
Where water masses of different origin meet, current rips may be formed, 
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which are marked by the concentration of floating material such as 
foam, oil, algae, ice. Relatively to the rips the surface water converges, 


Beginning of Slenk, 0.0 km 


Vertical 
eralensoc X.2095 m?/ Slenk, 0.9 km 
Horizontal 

254507 Slenk, 2.3 km 
scale:|: 25000 


Slenk, 33 km 


ay, Vaarw.v. Oostm. 4.6 km 
4580 m* Vaarw.v Oostm. 6.6 km 


Zoutkamperlaag [1,3 km 


Zoutkampertg. 12.6 km 


Plaatgat |124km 
(tidal inlet) 


Fig. 10. Transverse sections (looking downstream with ebb current) of Slenk- 
Vaarwater van Oostmahorn-Zoutkamperlaag-Plaatgat. Both scales mentioned in 
this figure have to be divided by 2. 


to sink down at these junctions (figs. 1—2). The sinking movement is 
compensated by the rising of water at some distance, in zones which run 
approximately parallel to the rips. The rising water contains often notably 
more suspended sediment than the sinking water (fig. 3). 

Long and regular current rips are mainly formed when, during ebb 
tide, the water flows together into the channels. These rips can usually 
be traced to the “nose tips” of shoals, where two tidal channels flow 
together (figs. 4, 7). Probably it may be concluded that in these separate 
channels there is also a rising movement of (turbid bottom) water in 
the centre and downward flow along the sides (fig. 5). 

Where two rips come together, the current in between apparently 
disappears from the surface, forming a “dip current”, directed towards 
the channel bottom (fig. 6). As far as observations are available this 
diving water is the heaviest of the three. Dip currents are found also at 


the meeting of only two kinds of water. 
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Downstream of the confluences of two or more tidal channels depressions 
in the bottom relief are found. In the formation of these depressions 
several factors may play a part. Where the currents, coming out of the 
tributary channels, undergo an appreciable change in direction, increase 
of turbulence will be the result, causing erosion of the bottom. In many 
cases the depressions appear to be related to comparatively narrow 
stretches of the channels. Finally it is found that the depressions occur 
generally in the areas where, with every successive tide, important dip 
currents are formed. 


L. M. J. U. VAN STRAATEN: Current rips and dip currents in the 
Dutch Wadden Sea. 


Photo 1. Reflection of waves against current rip. Oort, 24 Aug. 1950; ebb current 
towards W.; wind from $.; photo taken towards E. 


Photo 2. Junction of current rips above deepest place in Borndiep (tidal inlet 


between Ameland and Terschelling). N. to the left. R.A.F. photograph, ca. 1 : 10.000; 

10 Sept. 1944 at ca. 16h30; ebb tide, about 23 hours after high water. 

N.B. On the photos only the date was mentioned. The hour, necessary to retrace 
the stage of the tide, was determined from the direction of the shadows 
on neighbouring land, using the principle of the gnomon-sundial of Brou 
(P. Terpstra, Hemel en Dampkring, Dec. 1951, pp. 201 —207). 


PHYSICAL OCE|ANOGIRAPHY 


ON THE COMPUTATION OF OCEAN SURFACE CURRENT 
VELOCITIES IN THE EQUATORIAL REGIONS FROM WIND DATA 


BY 


M. P. H. WEENINK anv P. GROEN 


(Oceanographical Section of the Koninklijk Nederlands Meteorologisch Instituut, De Bult, 
Netherlands) 


(Communicated by Prof. F. A. VentnG Mernesz at the meeting of March 29, 1952) 


1. Introduction and synopsis 


During the last three years the theory of ocean currents has made a 
remarkable progress, particularly by the work of SvERDRUP (1947), 
Rew (1948a), Srommen (1948), HrpaKa (1949) and Munx (1950). They 
succeeded in proving that the horizontal circulation in the oceans can 
to a very large extent be understood from the wind circulation only, 
without considering thermodynamical processes. 

Those authors mainly considered the “‘mass transport”, however, 
(this is the vertical integral of density times velocity) and compared 
transports computed from the theory with those computed from observa- 
tions. This has the advantage, that one needs only to know the wind 
stress and not the density distribution below the ocean surface. Moreover, 
the mass transport is, according to this theory, independent of the eddy 
viscosity. 

The observational data on mass transports, however, are very scanty, 
at least for large parts of the oceans (e.g. the Pacific), so that it is rather 
doubtful whether they are sufficient for a good test of the theory for such 
ocean areas. On the contrary, we have many observations of surface 
velocities at our disposal, namely data, derived from ships’ displacements. 
So, it seems rather attractive to try to compute theoretically the surface 
current velocities, and not only mass transports. We have done so for 
the eastern and central parts of the Pacific, where, according to SVERDRUP, 
Rerp and Munx (l.c.), lateral eddy viscosity may, in first instance, be 
neglected. 

Apart from its interest as a further verification of the theory of wind- 
driven ocean currents, such a computation is of particular interest for 
the equatorial belt, since (contrary to the theoretically computed mass 
transports) the surface current velocities seem at first sight to become 
infinite near the equator, those currents being in first approximation 
composed of a drift current and a gradient current, both of which become 
infinite there. It will appear that in the exact solution the total current 
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remains finite, even at the equator. Moreover, a comparison of the 
computed surface velocities with average observed velocities gives a means 
to obtain a value of the proportionality factor, which links the surface 
wind stress to the square of the wind velocity, this factor being not yet 
very well known at present. 


2. The basic theory 

For the present theory we have used a model density distribution 
o(z), proposed by ReErp (1948b), consisting of a homogeneous layer, of 
thickness h, and beneath this layer a density which increases downwards 
according to an exponential function (see fig. 1): 


( 02) = a% for C€<2<C0+Ah, 


1 = 
( ) / o(z) = 0, —Ao-e Hh 


where 9; = @ + Ag is the limiting density at great depths, — ¢ is the 
surface elevation with respect to the level z= 0 (the positive z-axis 
pointing downwards). 

Our horizontal coérdinates are x and y, the z-axis pointing towards 
the east, the y-axis towards the north. The wind-stress field is supposed 


———— 
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Fig. 1. Density distribution. Left: a cross section in the west-east direction. 
Right: graphical representation of the density as a function of depth. Correction: 
To the right hand side h should be A + ¢. 


to be independent of x, within the area considered. Lateral eddy viscosity 
will be neglected for the present. 

Now, from the theory of mass transport (loc. cit.) we know that, if 
conditions are stationary, there exists a definite relation between the 
wind stress field (which is given) and the vertically integrated horizontal 
pressure gradient field, which in turn is linked up with the density field. 
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Indeed, the said theory has shown that, under the above assumptions, 


[op 7, ww 7p, .w 
(2) 74% =>- = Fy), Jay t= oy = =) Fle) + BG), 


a 


where F, G = dF/dy and H are functions of latitude only, F and G being 
determined by the wind-stress field, H by the wind-stress field and the 
eastern coast-line, which is described by x = a,(y); the western part 
of the ocean is left out of consideration here. Furthermore, it follows 
from the density distribution (1) that 


(3) we EM Geys ay Ey 


Or 


~] 


b 


where the subscript 9 refers to the homogeneous top layer. Now, it follows 
further from (1), that, if dp/dx and dp/dy are to vanish at very great 
depths, there must be a definite relation between VA and V6, namely: 


of = 2Ag oh of = 2A oh 
oe gy Oe? hy = gy 09" 
so that, since (Vp), = — go,V¢, we have: 
op ‘ Ao oh op Ao oh 
' GH), 20q 88, (W)—2ae at 
( ) Ix 0 920 04 Un oy 0 J0o 01 oy 


Substituting this into (3), we obtain: 


(5) oP _ 59> Ag o(h*) oP _ 590 Ag o(h*) 
Wi 220, Cie AOU Leeder” 


Since VP is known from the wind-stress field, according to (2), equations 
(5) show that the quantity / may be computed as a function of x and y, 
provided that it be known at any one point. We have fixed the function 
h(x, y) by means of the observations made during cruise VII (1928—1929) 
of the “‘Carnegie’’. As soon as the h-field is known, the pressure gradient 
field in the top layer is also known from (4) (and it may be computed not 
only for the top layer but for any depth). In addition to the pressure 
distribution we also need to know the eddy viscosity «, for which we 
have used an empirical relation between the wind velocity W at a certain 
standard height above the sea level and the eddy viscosity, namely the 
relation (see e.g. SVERDRUP e¢.a., “The Oceans’, p. 494) 


p= 0.10 W?, if W < 4.5 m/sec, 
p= 0.43 W?, if W > 4.5 mjsec, 


where is expressed in kg m7 secu}. 

According to the above scheme we have computed the velocities in 
the eastern and central equatorial region of the Pacific Ocean, where, 
as we know, lateral eddy stresses may be neglected. The equations of 
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motion for currents with no accelerations and no vertical velocity 


components are then: 


op 070m 

(6a) 5p OA +e 
op o*%v 

(60) ae = —QAU, + =a? 
op 

(6c) ue Jeo, 

where: 

A = 2m sin y = Coriolis-parameter, 

w =the earth’s angular velocity, 

g = latitude, 

v, = east-component of velocity, 

v, = north-component of velocity, 

wu = eddy viscosity. 


Equation (6c) has already been used in deriving (3) and (4) from (1). 
Equations (6a) and (6b) have to be combined with two boundary 


conditions: 

Uz = Wy See 
(7a) (x ia mes "xs ( dz Pr = Ty 
(7b) v,(2 = 0c) = 0, v,(z = co) = 0, 


where t means the wind stress. 

As a first approximation to the solution of the system (6), (7) for the 
sea surface we write down the ‘classical’? formulae for the components 
of the surface velocity: 


__ |t| cos (y—a/4) 1 /dp _ |t| sin (y—a/4) 1 /dp 
(8) V0 ee ee : yr) = ee —— ~<A > 
; V A0ou Oo \0¥/0 V 20m A109 \dx/o 


which express that the total current is simply the superposition of the 
drift current according to Ekman and a frictionless gradient current; 
here, y is the angle which the wind-stress forms with the east direction ; 
the subscript 9 now refers to the sea surface. 

These formulae are, however, only applicable at a sufficient distance 
from the equator, where internal friction does not affect the gradient 
current substantially. This restricted applicability of the simple theory 
becomes immediately apparent from the fact that it would give infinite 
current velocities at the equator. Therefore, we may now first compute 
the current-velocities outside a certain belt on both sides of the equator, 
Afterwards, we shall look for the exact solution, which will appear to 
give finite current velocities even at the equator, since it does no longer 
neglect internal friction within the gradient current in comparison with 
the horizontal Coriolis-force (which disappears at the equator) 


. 
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3. Application outside the equatorial belt. The wind stress factor 

The values of (dp/dx), and (dp/dy¥)y, occurring in (8), were computed 
from (4), where the field of h is known from equations (5) in combination 
with the Carnegie-observations; the values of dP/d# and dP/dy, occurring 
in (5), were in turn calculated from the known wind-stress field, according 
to equations (2) of the mass-transport theory. For the values of the 
wind-stress we have first used those computed by ReErp (1948a) on the 
basis of the relation 
(9) || = kar W?, 
with k = 0.8 x 10-% for wind velocities not exceeding 7m/sec, according 
to Munk (1947). The wind-stress field and the eastern coast line were 
put into the form of polynomials. 

By comparing the computed currents with those derived from ships’ 
displacements, it was found that the directions of the computed currents 
are everywhere in good agreement with the observed ones. But the magni- 
tudes are about half of what they should be. From an examination 
of the various factors involved it appears that it is not easy to remove 
this discrepancy unless the relation between the wind velocity and the wind- 
stress be altered in this sense, that for winds less than about 4 Beaufort 
the factor k becomes about twice as large as has previously been accepted: 


k= 1.5 x 10-3 for W < 7.0 m/sec. 


4, The equatorial belt 

We shall now consider separately the equatorial belt. In this belt 
one is no longer allowed to use the simple superposition of the EkMAN 
drift-current and the frictionless gradient-current. The more one approaches 
the equator the more important becomes friction to the gradient current. 
By again using Rer’s density distribution and assuming an eddy 
viscosity, which is constant with depth, it is possible to find an exact 
solution of the differential equations (6) (which express equilibrium 
between the vertical friction, the pressure gradient and the Coriolis- 
force) and the boundary conditions (7). We shall simplify the equations 
a little bit by replacing g in (6a) and (6b) by the constant value gy, which 
does not introduce an error of any importance. For convenience, we shall 
rewrite these equations in the complex form by writing vectors in the 
a-y-plane as complex numbers. So, the complex number ¢ = a + bi 
means a vector with x-component a and y-component 0. Multiplication 
by 7 means turning the vector to the left over an angle 2/2. The equations 


of motion then become: 


where 


thd j= = (2 SP) 
tt Ee ee at 


The boundary conditions (7) are rewritten as: 


ov : 
(11a) (u a) =—t=—(t, + 2,), 
(11b) O12 = oo) = 0, 
Since the known field of h(x, y) together with the relations (4), (6c) and 
(1) define the pressure distribution at any level, £(z) is also known, whereas 
a is independent of z. It is now possible to find a solution of (10) that 
satisfies (11). For the surface currents this solution yields: 


2) a kh ae ny 
a Va x l+hVa 


It is evident that for large values of h\/a the solution (12) becomes nearly 
equal to: 


which is identical with (8). Now, hla becomes large when a, or 4 = 2wsinp 
becomes large. It appears, that at some 2 or 3 degrees latitude (with 
normal values of h and yu) the absolute value of hla is already large 
enough for allowing us to use formula (8) instead of (12). At small latitudes 


formula (12) can be expanded into a power series with respect to hVa. 
For a sufficient narrow belt on both sides of the equator we retain, when 
neglecting higher order terms: 


t= — = — 0 fh Va—4h2a + HAPa Va +...) = 
(13) : 
" we — § Boh) + 4 Boh® — $8 Byh® Va + ... 


Now, the basic equations of the mass-transport theory, which were 


obtained by vertically integrating the equations of motion, may be 
written as follows: 


(14) t=VP+ GM, 
where 


M — f ov dz. 
g 


If we combine this with (3) and the definition of Bo, we see that the 
factor t/u— %Byh in (13) is equal to aM/o, so that (13) becomes: 


ty = 48, ht + M2 — th Bt Va +... 
20 
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Since M remains finite at the equator, we finally have the following 
solution at the very equator: 


DS Ss NE ek 
or: 
(15) yy = Ae 


which may, on account of (3) and (14), be transformed into 


8th 
(16) Up = 5 - : 
The behaviour of v, may be illustrated by the following. If we call the 
first term at the right hand side of (12) the wind current and the rest 
of v, the gradient current, then we see that both components tend to 
infinity when we approach the equator, but, on account of the coupling 
between these two components that is implicated in (14) and (3), they 
do so in such a way that their sum remains finite and approaches the 
vector (15) or (16) as a limit for zero latitude. As we see, the surface 
current, the wind-stress and the surface pressure-gradient have all three 
the same direction at the equator. Figure 2 illustrates the behaviour 
of these quantities near the equator. 


vp V wind 


Vegrad 


Fig. 2. The two components (Vying and Vgraq) Of the current velocity (Vio) somewhere 
near the equator. Exactly at the equator the current velocity, pressure gradient 
(Vp) and wind stress (t) vectors all three fall in the same direction. 


5. Concluding remarks 

The calculations outlined above will be carried on and the results will 
be published in more detail elsewhere. The authors intend also to take 
lateral eddy stresses into account in order to include the western parts 


of the oceans. 
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GEOLOGY 


QUELQUES REMARQUES SUR LA FEUILLE-SAINT-MARTIN- 
VESUBIE. I 


PAR 


F. WIJKHUIZEN 


(Communicated by Prof. H. A. Brouwer at the meeting of April 19, 1952) 


Pendant les mois d’été des années 1948, 1949, et 1951 Vauteur de cet 
article eut l’occasion d’étudier la région, qui occupe la plus grande partie 
des feuilles nos 5 et 6 de Saint-Martin-Vésubie. Comme les résultats de cette 
étude peuvent avoir une certaine valeur pour d’autre géologues nous en 
faisons mention ici briévement, d’une fagon provisoire. 

En premier lieu je voudrais remercier chaleureusement M. le Professeur 
H. A. Brouwer de son aide et de ses conseils qui ont tant contribué a 
rendre possible cette publication, et également M. le Professeur P. FaLLor 
qui sur le terrain comme au laboratoire m’a toujours fait profiter de ses 
connaissances trés vastes du terrain. 

Le terrain décrit dans les trois premiéres parties est situé sur la rive 
gauche de la Vésubie dans le voisinage immédiat de Lantosque (figs 1582). 

On y distingue: 

a. La région du St. Colomban. 
b. La région du Rivet. 
ce. La région située entre le vallon de St. Colomban et le vallon du Rivet. 


Dans la derniére partie la région du Figaret (fig. 1, 10) sera esquissée. 
Elle est caractérisée par la présence d’une dislocation considérable. 


La région du St. Colomban 

Stratigraphie 

Au Sud de Lantosque la Vésubie coule dans une gorge trés étroite et 
profonde. Les falaises de cette gorge se composent de calcaire du Malm, 
compact et dur. Dans la plupart des cas ces calcaires ont une couleur 
grise, teintée d’un brun typique (café au lait). Par endroits ils ont une 
couleur plus foncée. Vu de loin, les calcaires altérés de cette formation se 
font connaitre le plus souvent par une couleur qui va du jaune au blanc. 
La richesse en rognons de silex forme un autre trait caractéristique. 

Dans le terrain cette formation résistante se distingue de tous les autres 
sédiments par son caractére non stratifié; elle est formée de banes trés 
épais. Aussi il est trés difficile dans la plupart des cas de mesurer le pendage 
et la direction des couches. Les sédiments de cette période-la sont, en 
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général, trés pauvres en fossiles. A c6été de quelques ammonites mal con- 
servées qui appartiennent au genre Perisphinctes, nous trouvames dans 
le ravin du St. Colomban les polypiers suivants: 


Paramontlivaltia sp. 


Thecosmilia trumata Ogilvie (du Tithonique de Stramberg) 
Thecosmilia suevica Quenst. (du Tithonique de Stramberg) 
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Fig. 1. La région au cours moyen de la Vésubie. 1 : 80000. 

M. Atorrgav, Maitre de Recherches au Laboratoire de Géologie de la 
Sorbonne, a eu la gentillesse de déterminer pour nous les 
vient de nommer. 

On remarque a l’entrée du vallon du St. Colomban que les caleaires du 
Malm ont subi une forte influence tectonique. Nous avons affaire ici A un 
pli-faille (fig. 3), qui saute aux yeux. 

Tandis qu’au confluent de la Vésubie et du 


formes qu’on 


St. Colomban les formations 
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qui se trouvent au dessus le Malm c.a.d. ici le Crétacé inférieur et le 
Cénomanien se sont développées d’une maniére trés incomplete, le flanc 
oriental du pli-faille se caractérise par la présence d’une série & peu prés 
normale. L’épaisseur totale du Crétacé inférieur est de 40 4 50 metres 
environ. Si nous comparons des sédiments & ceux des environs d’Utelle 
(fig. 1) p.e. il est frappant de voir que le Crétacé inférieur est formé d’un 
paquet beaucoup plus épais. Aux environs de Lantosque et dans la région 
du St. Colomban le Crétacé inférieur s’est développé comme suit: 

Immédiatement au dessus des calcaires du Malm viennent des calcaires 
plus foncés qu’on peut probablement considérer comme appartenant au 
Valanginien-Hauterivien. Ils se distinguent des premiers non seulement 
par leur couleur plus foncée, mais aussi par leur caractére nettement 
stratifié. 

Le Barrémien situé immédiatement au dessus, se compose de calcaires 
ferrugineux et glauconieux d’une couleur foncée. Cette formation, qui 
fournit un bon repére, est caractérisée par une faune trés riche. A cdté 
d'une grande quantité de Bélemnites et d’un certain nombre de gastro- 
podes, les ammonites suivantes furent trouvées: Un grand nombre de 
formes appartenant au genre de Holcodiscus, parmi lesquelles Holcodiscus 
caillaudi d’Orb., Holcodiscus perezi d’Orb., Holcodiscus (Astieridiscus)c.f. 
uhligi Kar. En outre Parahoplites soulieri Math., Pulchellia s.s. sp. nov., 
Heteroceras astiert d’Orb., Toxoceras sp. et Ancyloceras sp. 

Au dessus du niveau repére mentionné ci-dessus on rencontre une 
formation qui se compose de calcaires marneux gris. On ne sait pas a 
quelle époque remonte cette formation. BeRTRAND?*) aussi bien que 
GocueEt 2) estiment trés probable qu’ici une lacune s’est produite entre le 
Barrémien et les sédiments qui le recouvrent. Bien que le manque de fossiles 
rende une telle conclusion directe impossible, cette opinion nous parait 
pourtant trés acceptable. 

Les sédiments les plus récents du Crétacé inférieur se trouvant au dessus 
des calcaires marneux se composent 4 la base de calcaires glauconieux. 
Par-ci, par-la on trouve de petits bancs minces de marne. Au sommet de 
cette formation les couches sont trés glauconieuses, souvent elles se 
composent uniquement de grains de ce minéral. Le niveau glauconieux 
peut étre attribué au Gault avec vraisemblance. Au confluent du St. 
Colomban et de la Vésubie, dans ce sédiment trés glauconieux une ammo- 
nite fut trouvée appartenant probablement au genre de Mortoniceras. 

En opposition avec le Crétacé inférieur, le Crétacé supérieur s’est 
développé en une série trés épaisse. Nous distinguerons d’une part le 
Cénomanien et d’autre part le Turonien-Sénonien. II n’est pas possible de 
subdiviser ici le Turonien-Sénonien. 

Le Cénomanien est caractérisé par l’alternance de marnes noires et de 
bancs calcaires marneux. Ces bancs sont gris & l’intérieur, tandis que 
Vextérieur a une couleur jaundtre. En général les sédiments sont pauvres 
en fossiles. Il n’y a que les Inocérames assez généralement repandus et 
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quelques autres fossils typiques telles que Schloenbachia varians et Holaster 
subglobosus. 

Les sédiments qui se trouvent immédiatement au dessus du Cénomanien 
sont formés de petits bancs calcaires compacts et bien stratifiés. Les 
calcaires sont colorés gris-bleudtre. Parfois ils sont 4 la base un peu sili- 
cieux. Les banes calcaires sont séparés par de petites couches trés minces 
de marnes. Vers le sommet elles disparaissent. Les sédiments les plus 
récents du Crétacé supérieur sont & dominant marneux ou marno-caleaire. 
Le Turonien-Sénonien est tout comme le Cénomanien assez stérile. Il n’y 
fut trouvé que des débris d’Inocérames et d’ammonites mal conservées. 


Tectonique 

La région du St. Colomban (fig. 2) se caractérise, comme nous avons 
déja dit, par un pli-faille qui se fait tout de suite remarquer sur le terrain 
(fig. 3). Le mouvement a eu lieu dans une direction S.S.E. 

BERTRAND croit qu’on a affaire ici, a un pli-couché dirigé vers l’Est. 
(L. Burrranv: Bull. des Serv. de la Carte Géol. de la France p. 157, fig. 24, 
1897). 

Méme si l’on ne tient pas compte du fait qu’il ne nous parait pas trés 
vraisemblable que les calcaires du Malm en banes épais aient subi un tel 
plissement, comme propose BERTRAND, cette opinion ne correspond pas 
aux faits observés. 

Ainsi nous remarquons au confluent du St. Colomban et de la Vésubie 
de bas en haut respectivement des calcaires glauconieux appartenant a 
l’Albien et une formation qui se compose alternativement de calcaires 
et de marnes qui appartiennent au Cénomanien. Les deux formations 
sont dans un contact anormal avec les caleaires du Malm (fig. 3). 

Si nous continuons vers l'Ouest, il se trouve, qu’elles se cachent sous des 
sédiments de gypse du Trias. 

Selon l’avis de Berrranp, les deux formations font partie d’un flane 
inverse. Cependant ici il n’y a pas question d’une succession en sens inverse. 
Les deux formations font partie d’un flane normal. Le fait que l’Albien 
aussi bien que le Cénomanien entre dans un contact anormal avec le 
Malm indique que les couches supérieures sont restées en arriere lors du 
mouvement dirigé vers 1’S.S.E. & l’égard des calcaires du Malm qui forment 
le noyau du pli-faille. Le fait que les formations qui ont une inclinaison 
vers l’Ouest se cachent sous le gypse fut causé par le soulévement diapirique 
de cette formation plastique. I] est clair que cette formation plastique a 
joué un réle important au point de vue tectonique. C’est a ce fait d’ailleurs 
quelle doit son développement extraordinaire. 

Il est probable que la zone de Trias qui se prolonge le long de la Vésubie 
a partir du Suquet jusqu’a la sortie du village de Roquebilliére doit étre 
mise en rapport avee un ancien groupement de failles. En ce cas nous 
aurions affaire 4 une forme intermédiaire entre une ,,Spaltenintrusion”’ 
(intrusion de fente) et un diapir. Elles vont se voir 1a, ot la formation d’une 
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faille tectonique a déclenché le mouvement montant du gypse, tandis que 
en suite la formation plastique élargissait la faille et changeait considé- 
rablement la roche encaissante. On trouve ces formes intermédiaires dans 
le Hannovre aussi [3]. A notre avis, nous n’avons pas affaire ici & un pli 
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Carte géologique de la région située sur la rive gauche de la Vésubie dans 
le voisinage immédiat de Lantosque. 
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en éyentail compliqué, comme le suppose BERTRAND, mais a une faille trés 

élargie dont les bords laissent voir les traces d’une trés forte pression. ; 
Si nous allions maintenant de la Vésubie dans une direction Est nous i 

remarquons environ au milieu du pli-faille, la ou le ravin est le plus pro- 
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Fig. 3. Le pli-faille a Ventrée du vallon de St. Colomban. 


fond, encore un peu de néocomien, serré entre les caleaires du Malm 
charriés au dessus, et les calcaires du Malm situés normalement au dessous 
de ce Néocomien. On peut distinguer les calcaires du Néocomien des 
calcaires du Malm par la présence de glauconie et d’une grande quantité 
de Bélemnites. En outre ils ont un caractére stratifié beaucoup plus net. 

Remontant le vallon on remarque trés bien le charriage un peu aprés 
le premier coude du vallon du St. Colomban, a la rive gauche. Les roches 
dans cette zéne de charriage sont fortement écrasées. Les sédiments du 
Néocomien comme les sédiments de l’Albien ont subi un grand amincisse- 
ment. On voit d’une fagon remarquable que le Cénomanien, formation 
trés marneuse, est plissé vers la téte du pli-faille d’une maniére trés 
détaillée. 

Les sédiments appartenant au Sénonien ont participé au mouvement 
& un moindre degré. Si nous allons dans une direction 8.S.E. nous con- 
statons que les couches ont peu A peu une inclinaison moins forte. 


La région du Rivet 


Dans le vallon du Rivet situé immédiatement A l’Est de Lantosque 
(fig. 2, 4), les résultats de notre travail différent également de ceux de 
BERTRAND [1]. Selon opinion de cet auteur, qui se manifeste dans sa carte 


et sa coupe, il y aurait ici un pli-brachy-anticlinal, dont le flane oriental 


serait trés raide. Selon lui la formation la plus ancienne du pli est le Malm. 
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En réalité la tectonique de cette région est encore beaucoup plus com- 
pliquée. En effet on peut déduire de l’ensemble des données obtenues que 
sous le Malm se trouvent encore des formations antérieures. Le manque 
de fossiles rend le plus souvent difficile d’évaluer lage précis de ces 
formations. 


Stratigraphie 

Les couches les plus anciennes ressemblent beaucoup aux faciés typiques 
du Keuper. A la base on trouve des grés schisteux et bigarrés, tandis que 
les sédiments au sommet ont un aspect argileux. La sédimentation de 
sables est caractérisée par la présence de restes de plantes. Les mémes 
sédiments se trouvent aussi 4 l’?Ouest du Figaret. 

Au dessus on trouve des calcaires dolomitiques vacuolaires, d’une couleur 
claire. Ici il y a cependant entre les sédiments mentionnés ci-dessus une 
formation mince, qui se compose de calcaires bréchoides. 

Nous n’avons rencontré ces sédiments nullepart ailleurs dans la région 
explorée. La surface altérée de ces calcaires bréchoides, d’un gris foncé a 
un aspect tout a fait particulier (fig. 5). 

Ensuite viennent les calcaires dolomitiques colorés en gris clair. L’épais- 
seur de cette série est d’environ 15 M. Ces roches dolomitiques, ayant le 


Fig. 5. La surface altérée du calcaire 
bréchoide. 1 : 50. 


plus souvent une couleur trés claire montrent parfois un développement 
nettement vacuolaire et rarement elles ont une couleur quelque peu 
rougeatre. Par le manque de fossiles il est impossible d’en déterminer 
exactement l’age. Probablement on peut les classer sous le Lias, car entre 
la Cime de Bonvillar et le Suquet on trouve des sédiments qui ressemblent 
beaucoup & ces roches-ci, au dessous d’une formation qu’on peut supposer 
appartenir au Dogger, & cause des fossiles qui s’y trouvent. 

Au dessus de la formation qu’on vient de décrire se trouve un mince 
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paquet stratifié ot alternent des calcaires dolomitiques gris avec des 
marnes. Au dessus de ce paquet suivent des calcaires ferrugineux a grains 
fins, d’une couleur foncée. 

Enfin il y a un complex de couches, composé de calcaires foncés. A la 
base ces couches ont des grains trés fins et montrent de nombreuses taches 
rouges. Dans les coupes minces on constate des structures magnifiques 
qui indiquent la présence d’algues. A mesure qu’on monte dans la série les 
grains deviennent plus gros, tandis que le nombre de taches rouges dimi- 
nue. A coté de ces taches on voit paraitre des taches foncées. Au sommet 
la couleur des couches est beaucoup plus claire. Ici on trouve des calcaires 
gris, tachés. Si on les frappe ils se fendent plus facilement que les roches 
sousjacentes. Dans les coupes minces on ne constatait plus de structures 
dalgues. 

Au dessus viennent de nouveau des calcaires du Malm qu’on reconnait 
& la grande quantité de rognons de silex qui s’y trouve. A l’Ouest des 
Granges de Bergognon et & l’Ouest du Figaret, qui se trouve au Sud des 
Granges de Bergognon on trouve aussi ces calcaires tachés sous les sédi- 
ments du Malm. 

Pour la description du Malm et du Crétacé voir page 2—5. La succession 
stratigraphique des sédiments qu’on vient de traiter, est dessinée ci- 
dessous de facgon schématique (fig. 6). 


Fig. 6. Coupe de la région du Rivet. 


1. Caleaires jurassiques supérieurs. 

2, 3 et 4. Calcaires noirs avec des 
taches rouges et noires. 

5. Calcaire noir ferrugineux. 

6. Calcaires dolomitiques alternant 
avec des lits marneux. 

7. Calcaire dolomitique gris. 

8. Calcaire bréchoide. 

9. Argiles bariolées. 

10. Grés bigarré & traces végétales. 


Tectonique 

Si l’on considére la position ot se trouvent les couches il devient clair 
que nous avons affaire ici & un bombement plus au moins en forme de 
coupole (fig. 4), trés compliqué. 

Nous remarquons a l'Est entre les sédiments du Malm et ceux du 
Sénonien, des couches fortement écrasces, appartenant respectivement 
au Néocomien, 4 l’Albien et au Cénomanien. Ces lambeaux amincis et 
tectonisés ne peuvent étre suivis que sur une distance trés réduite. is 
servent pourtant bien Windication pour le mouvement qui a eu lieu ici. 
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Le flanc méridional du bombement se compose, somme on peut le 
constater sur la rive droite du vallon du Rivet, de sédiments qui appartien- 
nent au Jurassique inférieur. Sur la rive gauche de ce vallon on rencontre 
au contraire du Sénonien. La présence d’éboulis empéche de déterminer 
le rapport de ces séries. Nous avons affaire ici & un décollement de la série 
sénonienne avec écrasement local des couches immédiatement subor- 
données. 

Sur le flane occidental, il n’y a qu’un seul endroit ou nous constations 
la présence d’un peu de Néocomien et d’Albien séparés lun de l’autre par 
une zone étroite d’éboulis du Malm. Un peu plus au Sud se montre sous le 
Malm un peu calcaire foncé ferro-dolitique. Une sédimentation semblable 
fut trouvée par GoauEL [2] dans le Néocomien, aux environs de Ste. 
Thérése. Ce cas aurait affaire ici aussi A un contact anormal. 

Surtout au flane méridional les couches ont une pente abrupte. La 
fig. 7 donne une image schématique de la position dans laquelle se trouvent 
les couches. 
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Fig. 7. Coupe schématique du flanc méridional du bombement dans la région du Rivet. 


1. Caleaire dolomitique; 2. Caleaire bréchoide; 3. Argiles bariolées et Gres bigarré 
& traces végétales, 
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QUELQUES REMARQUES SUR LA FEUILLE-SAINT-MARTIN- 
VESUBIE. II 


PAR 


F. WIJKHUIZEN 


(Communicated by Prof. H. A. Brouwer at the meeting of April 19, 1952) 


La région située entre les vallons du 
St. Colomban et du Rivet 


Entre les deux régions décrites (fig. 4) on trouve sur la rive gauche 
de la Vésubie, & une exception prés, une série normale. De bas en 
haut nous remarquons successivement le Malm, le Néocomien, |’ Albien, 
le Cénomanien et le Sénonien. 

Un grand nombre de failles transversales (on en a constaté cinq) 
caractérise cette région. A cdté de ces failles transversales il y a encore une 
faille longitudinale qui perturbe la série normale. Par suite de cette 
perturbation le Malm, un peu de Néocomien et aussi lAlbien font leur 
apparition parmi les sédiments du Cénomanien sur une petite distance, 
a Valtitude de 700 M. exactement a mi-chemin entre le vallon du St. 
Colomban et le vallon du Rivet (fig. 8, 9). 


4 500m 
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Fig. 8 Fig. 9 
Fig. 8. Carte géologique détaillée de la région entre les vallons du St. Colomban et du 


Rivet. 


Fig. 9. Cowpe montrant la faille longitudinale dans la région entre les vallons du 
St. Colomban et du Rivet. 


1. Cénomanien; 2. Albien; 3. Néocomien; 4. Malm. 
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La région du Figaret 


La région mentionnée ci-dessus (fig. 10) située a l’Ouest du cours moyen 
de la Vésubie est caractérisée par la présence d'une dislocation considérable, 
qui est & peu prés paralléle au vallon du Figaret. Sur la carte géologique 
au 1/80.000, feuille St. Martin-Vésubie, on a également marqué cette 
dislocation. Par suite de la petite échelle le cours des formations qui se 
présentent ici ne pouvait étre marqué d’une fagon tout a fait exacte. 


Stratigraphie 


Selon la carte de BERTRAND [1] on trouve sur la rive droite du vallon du 
Figaret entre Chapelle de St. André et les Granges de Bergognon, succes- 
sivement du Crétacé, du Malm, du Lias et du Trias. Sur la rive gauche 
au contraire on trouverait selon cette méme carte en allant vers le Sud 
des formations toujours plus récentes, 4 savoir lun au dessus de l’autre 
du Crétacé supérieur, du calcaire nummulitique, des marnes du Priabonien 
et du Grés d’Annot (probablement de l’Oligocéne).Mais ces données ne 
correspondent pas aux observations. La fig. 10 montre comment l’auteur 
se présente la situation des formations qu’on trouve ici. Remarquons 
encore que le Lias qui se trouve selon BerTranp dans la région nommée 
ci-dessus n’a pas été retrouvé; plus vers le Sud, au Sud de Ste. Anne 
(fig. 1) on trouve cependant des dolomies claires, qui appartiennent 
probablement au Lias. 

La formation marquée sur la carte comme du Dogger se compose de 
calcaires gris, tachés. Ils ressemblent beaucoup aux calcaires tachés de la 
région du Rivet. Ici comme la-bas ils sont situés au dessous du Malm. 
La sédimentation du Malm aussi bien que celle du Crétacé ont le méme 
aspecs que celles des environs de Lantosque. 

Au dessus du Sénonien viennent des calcaires résistants caractérisés 
par la présence de petites nummulites. Cette formation n’a que peu 
d’épaisseur. Au dessus vient ici un paquet épais se composant de marnes 
colorées en gris jaunatre, qui représentent le Priabonien. La formation 
au dessus, que BerTRAND ne distingue pas & part est composée alter- 
nativement de marnes plus foncées et de petits banes de grés micacés, en 
lamelles. Comme formation la plus récente nous avons le Grés d’Annot 
qui s'est développé parfois en grains trés gros. Les bancs épais et 
massifs se composent principalement de quartz et d’éléments de structure 
cristalline, le plus souvent A ciment caleaire. 

Enfin il faut encore relever le fait qu’on trouve au Sud de Pelasque 
(fig. 1) sous les marnes du Priabonien un calcaire trés fin, bien stratifié, 
dune couleur grise avec une nuance un peu jaunatre, qui est caractérisé 
par la présence de ,,fucoides’”. BrrTRAND considére ces sédiments qui se 
trouvent souvent dans le Flysch alpin et représentent ainsi le Crétacé 
supérieur [4], comme appartenant au Sénonien. 
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Fig. 10. Carte géologique de la région du Figaret. 
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T ectonique 

Si nous comparons la carte géologique au 1/80.000 A la fig. 10 nous 
pouvons constater de grandes différences. A cété de la dislocation prin- 
cipale paralléle & peu prés au ravin du Figaret il y a encore des failles 
transversales. On ne peut les suivre que sur une distance fort réduite. I] est 
typique que le long de ces failles du gypse se soit infiltré. On peut constater 
ceci par exemple 4 mi-chemin entre Chapelle St. André et le vallon de 
Gorgate et dans le vallon de Gorgate méme. Au Sud de Chapelle St. André 
nous constatons également de petites quantités de gypse, qui se sont 
infiltrées le long de la dislocation centrale. Au Nord de la faille transversale 
mentionnée, environ a mi-chemin entre Chapelle St. André et le vallon de 
Gorgate on trouve sur la rive droite du Figaret des calcaires du Malm dont 
Vinclinaison des couches coincide avec celle du terrain. Sur la rive gauche 
on ne trouve pas, comme indique BerTRanp, du Grés d’Annot, mais on 
peut y constater un contact anormal entre les calcaires glauconieux de 
P’Albien et les marnes qu’on doit probablement placer dans le Priabonien, 
Il se peut qu’une partie du Priabonien soit a exprimer autrement. En 
général le Priabonien est plus réduit. La question de la délimitation du 
Sénonien par rapport au Priabonien reste A résoudre. 

Les marnes ont & l’endroit ou se fait le contact, une inclinaison plus 
forte que PAlbien et que le Néocomien qui se trouve au dessous de l’Albien 
(fig. 11). 

I semble d’ailleurs que I’Albien, le Néocomien et les calcaires du Malm 
qui se trouvent au dessous, se soient soulevés A un moindre degré sur la 
rive gauche du Figaret que les calcaires du Malm de la rive droite du 
Figaret. 


OSO ENE 


Fig. 11. Coupe montrant la dislocation principale dans la région du Figaret. 


1. Grés d’Annot; 2. Flysch gréseux; 3. Priabonien; 4, Sénonien; 5, Cénomanien; 
6. Albien; 7. Néocomien; 8. Malm. 
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Au Nord du vallon de Gorgate le Malm est en contact anormal avec le 
Sénonien. On peut distinguer des lambeaux amincis des formations situées 
entre le Malm et le Sénonien (fig. 12). 


Vi Neocomien 
Senonien == Malm 


Fig. 12. Le contact anormal entre le Malm et le Sénonien. Couches amincies du 
Néocomien, de l’Albien et du Cénomanien. Inclinaison des couches vers lest. 


1. Eboulis; 2. Sénonien; 3. Cénomanien; 4. Albien; 5. Néocomien; 6. Malm. 


Au Sud du vallon de Gorgate qui suit & peu prés le tracé de la faille 
transversale, il y a du Cénomanien. Entre le Cénomanien et le Sénonien 
qui se trouve au Nord du vallon il y a un peu de gypse. 1) Et le Cénomanien, 
et le Sénonien qui y est situé au dessus en position normale, ont un aspect 
fortement écrasé. 

Aux environs des Granges de Bergognon, le Sénonien est en contact 
anormal avec des calcaires tachés, situés au dessous du Malm. Aussi ils 
appartiennent probablement au Dogger. La présence d’éboulis empéche 
de déterminer le contact. 

Tl est extrémement difficile de faire une séparation nette entre le Sénonien 
et le Priabonien qui se trouve sur la rive droite du Figaret. Un tout petit 
peu au Nord de l’endroit ot le vallon de Gorgate aboutit au vallon du 


1) Ce gypse jalone la grande faille & peu pres E—O qui va se poursuivre par le 
bord N de la grande masse de gypse du N du Vallon de Graus, en passant au N de 


Pelasque. 


262 


Figaret on peut remarquer cependant des banes calcaires épais qui ont au 
point de vue lithologique quelque ressemblance avec les calcaires nummu- 
litiques, bien que lon n’y ait pas trouvé de nummulites. Peut-étre on 
peut regarder ce banc comme la limite entre les deux formations. 

Enfin la fig. 11 montre quil y a une série normale a l’Ouest du Bree 
d’Utelle. On n’a pas pu constater un contact anormal entre le Malm et le 
Sénonien, comme BERTRAND I’avait supposé. 
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GEOPHYSICS 


KARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE 


BY 


L. P. G. KONING 


(Communicated by Prof. F. A. VentNG Mernesz at the meeting of March 29, 1952) 


IV. South America 


Introduction 


In 1949 GurenBerG and Ricurer!) published a list of earthquakes 
which have taken place in a period from 1904 to 1946 and with focal 
depth varying from 0 to 720 km. These investigators have also determined 
the magnitude of these shocks, a physical quantity which may be 
considered as a measure of the mechanical earthquake energy. The spatial 
distribution of the magnitude values of the shocks may give an indication 
of the stress conditions in the earth and may throw a light upon the 
processes which cause them. In order to obtain a clear impression of the 
problem the author proposed the iso-magnitude line method *). With 
this method the earth is considered to be divided into a number of layers. 
For each layer an epicentral map is drawn. On each map all points of 
equal magnitude are connected by the iso-magnitude lines. Analyses of 
maps already published *) have yielded some interesting conclusions on 
the seismic regions in the East Indian Archipelago, Japan and adjacent 
areas, and the South-western Pacific. 

As the course of the iso-magnitude lines is shown on the maps only 
in a horizontal plane a number of profiles has been constructed to 
illustrate the course in vertical planes. 

In the present paper the author applies his iso-magnitude line method 
to South America, the Caribbean region and the Southern Antilles. 


The magnitude maps 
Figures 1—8 represent the magnitude maps for the various layers. 


1) B. GUTENBERG and C. F. Ricuter, Seismicity of the earth (Princeton 


University Press, 1949). on 
2) L. P. G. Konine, Earthquakes in relation to their geographical distribution, 
depth and magnitude, I, The East Indian Archipelago, Proc. Kon. Ned. Akad. v. 
Wetensch., Series B, 55, no. 1, 60—77 (1952). 
8) L. P. G. Konine, idem, II, Japan and adjacent areas, the same volume 


as above, I74—193. 
L. P. G. Konine, idem, III, The Southwestern Pacific, the same volume as above, 


194 —206. 
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0—50 km layer (fig. 1) 

The map for the 0—50 km layer shows the picture of the relatively 
simple course of the iso-magnitude lines. The seismic belt, surrounded 
by the iso-magnitude line M = 6, coincides with the Pacific coastal 
region of South America. The belt extends to the south up to about 
45° §, while in the northern part of South America the belt continues 
to Central America. It appears from the map that the strongest earth- 
quakes take place in the southern part of the belt. Here a number of 
shocks occur with magnitudes varying between 8 and 8}. In the northern 
region of the seismic belt, however, only one shock with M = 8—8+ occurs. 
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It is a striking fact, that the epicentral density is somewhat lower in 
this part. 

From the course of the iso-magnitude lines a more or less regular 
distribution of the centres of relatively strong seismic intensity, especially 
in the southern part of the belt, appears to exist. 

This phenomenon is, however, not so evident as might be expected 
when one compares it with the regularity already observed in other 
parts of the world where earthquakes cccur up to large depths 4). 


50—100 km layer (fig. 2) 

Though the shape of the belt on the map for the 50—100 km layer 
is in good harmony with that on the map for the 0—50 km layer, 
nevertheless some striking differences are observable between the two 
maps. In the first place the course of the iso-magnitude lines in the 
southern part of the belt is more complicated on the map for the 50— 
100 km layer than on that for the upper one. 

In the second place in the southern part of the belt the epicentral 
density appears to be considerably higher on the map for the 50—100 km 
layer than on the other one. In the third place the earthquakes in the 
southern part of the belt show a larger magnitude range in the 50—100 km 
layer (M between 5} and 84) than in the 0—50 km layer (M between 
6 and 81). Finally the more cr less regular distribution of the centres 
of relatively strong seismic intensity, marked by the iso-magnitude line 
M =7 is more distinctly displayed on the map for the 50—100 km 
layer than on that for the upper one. 

It is noteworthy that, in the northern part of the seismic region, the 
magnitude value of M =7 is not attained in the 50—100 km layer 
whereas it is common in the upper layer. 


100—150 km layer (fig. 3) 

The course of the iso-magnitude lines on the map for the 100—150 km 
layer resembles in many respects that on the map for the 50—100 km 
layer. From the map (fig. 3) it follows that the intensity of the shocks 
is decreasing in the 100—150 km layer. Only two centres with M = 74 
can be drawn while elsewhere in the belt the magnitudes vary between 
54 and 7. 

In the southern part of the belt the epicentral density is again higher 
than in the northern part. The course of the iso-magnitude lines in the 
southern part is more complicated than in the northern region. The more 
or less regular distribution of the centres of relatively strong seismic 
intensity continues to exist in the 100—150 km layer. Comparing the 
maps of the three upper layers a general decrease in seismicity with 
increase in depth is observable. 


1) L. P. G. KOniING, op. cit. 
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150—200 km layer (fig. 4) 

This layer shows a marked decrease in complexity when compared with 
the above-lying layers. This decrease is demonstrated by the smaller 
number of earthquakes and also by the lower epicentral density. The 
magnitude values vary between 54 and 74. Within the 150—200 km 
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layer a difference in epicentral density is recognizable between the 
northern and the southern part of the belt. In the southern part this 
density is somewhat higher than in the northern, Decreasing seismicity 
with increasing depth is a phenomenon which is demonstrated by the 
much smaller extent of the belt. Whereas in the upper layer the belt 
extends unbroken down the Pacific coast of America to its uttermost 
point at 45° 8, in the 150—200 km layer the belt begins in South America 
at about 10° N and extends to the south up to about 35° S. A direct 
connection with the belt in Central America is lacking. 


200—250 km layer (fig. 5) 


The considerable decrease in seismicity, observed on the map for the 
150—200 km layer, particularly in the northern part of the belt is 
demonstrated on the map for the 200—250 km layer by a small belt, 
which extends between 13° S and 32° 8. This belt corresponds geo- 
graphically with the southern part of the belts of the higher layers. It 
appears from the map that the belt is composed of two separate areas. 
The northern area contains a number of centres in which some shocks 
with M—7 are concentrated. In the southern area, the shocks show 
magnitudes of M = 5}—6. 


250—300 km layer (fig. 6) 

On the map for this layer a small area has been drawn in which some 
earthquakes occur with magnitudes varying between M = 5 and 7. More 
to the north (15° S) two epicentres are located with M = + 63, while 
near 40° S only one shock is present with M = 53. The decrease in 
seismicity appears to be functionally related to the depth, a phenomenon 
already observed in other seismic regions of the world *). It is a remarkable 
fact that in South America earthquakes with focal depth between 300 
and 550 km do not occur. In this 300—550 km layer the stress accumula- 
tions are evidently not sufficient to cause earthquakes with magnitude 
values of M = 5—8. 


550—600 km layer (fig. 7) 

On the map for the 550—600 km layer three seismic areas occur in 
which the earthquakes are concentrated. The largest area is located 
between 20° and 30° S. The magnitudes of the shocks in this area vary 
from 6—74. In the northern area (on the equator) only one earthquake 
with M =7 is shown. 


600—660 km layer (fig. 8) 

In the upper layers of the earth the seismicity shows a diminution 
with increasing depth. In the two deepest layers, however, the reverse 
takes place: seismicity increases with depth. 

On the map for the 600—660 km layer three seismic areas are present 
again. Now the northern area, located between 0° and 15° S, shows the 
strongest seismicity. In this area two centres of relatively strong seismic 
intensity occur, marked by the iso-magnitude line M =7. In one of 
these centres the magnitude amounts to M = 74. In the southern area, 
near 29° S, two shocks occur with M = 74 and two with M = 6}. The 
third area contains only shocks each with M = 62. 


1) L. P. G. Konine, op. cit. 
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Summary 


1. The maps for the 0—50 and 50—100 km layers show a much more 
complicated picture of the geographical distribution of the epicentres 
with regard to the magnitudes than those of the deeper layers, a phenome- 
non that also occurs in other seismic parts of the world where deep earth- 
quakes take place. 

2. More or less regular distribution of the centres of relatively strong 
seismic intensity, observed on the maps for the 0—50, 50—100 and 
100—150 km layers appears to be better displayed in the southern part 
of the seismic belt than in the northern part. This phenonemon seems 
to point to a more or less regular distribution of the centres not only 
horizontally but also vertically up to a depth of about 150 km. 

3. With regard to the geographical distribution of the earthquake 
foci depending on their depths South America shows an exceptional 
relationship. In this part of the earth one large and narrow belt follows 
the Pacific coastal region as far south as about 45° 8. The depth to 
which the seismic belt of shallow and intermediate shocks extends amounts 
to the order of 300 km. Earthquakes with focal depth between 300 and 
550 km are absent in South America. At greater depths, between 550 
and 660 km three seismic areas occur in each of which a number of shocks 
is concentrated. The deeper shocks are located on the continental side 
of the seismic belt. The constructed profiles (fig. 10, P. 1—P. 28) clearly 
demonstrate the spatial distribution of the seismicity in the South 
American belt. 


The profiles 

In order to obtain some information about the relationship between 
magnitude and depth twenty-eight profiles have been constructed through 
the South American region (fig. 10, P. 1—P. 28). The geographical 
position of the profiles is given in fig. 9. 


Description of the profiles 

As already mentioned when summarizing the maps a belt of shallow 
and intermediate earthquakes attaining depths of about 300 km extends 
along the Pacific coast of South America. Below this belt three relatively 
small seismic areas occur at depths between 550 and 660 km. 

The profiles (fig. 10, P. 1—P. 28) clearly show the spatial position 
of the iso-magnitude lines in vertical planes. 

The profiles P. 1—P. 11 and P. 15—P. 19 show the presence of shallow, 
intermediate and deep shocks; the profiles P. 12—P. 14 and P. 20—P. 24 
only show shallow and intermediate shocks, while the profiles P. 25— 
P. 28 show shallow shocks. 


Concluding remarks 

The study of earthquakes which have taken place in South America 
during the period from 1904—1946 in relation to their geographical 
distribution, focal depth and magnitude justifies the following conclusions. 
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1. In this part of the earth one long, main seismic belt occurs, 
containing shallow and intermediate shocks. Below this belt three deep- 
seated seismic areas are present, separated from the main belt by a gap. 

2. The geographical distribution of the epicentres gives the impression 
that the foci can be arranged in a surface dipping towards the American 
continent. The present investigations, however, lead to the conclusion 
that the hypocentres cannot be arranged in a single surface. 

3. In the South American belt a more or less regular distribution of 
the centres of relatively strong seismic intensity seems to exist both 
horizontally and vertically. 
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GEOPHYSICS 


EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE 


BY 


L. PG, KOMING 


(Communicated by Prof. F. A. Venrye Metnesz at the meeting of March 29, 1952) 


V. Central America and the Caribbean area 


The magnitude maps 
Fig. 11—16 represent the magnitude maps for the various layers in 
Central America and the Caribbean area. 


0—50 km layer (fig. 11) 

The seismic belt which passes through Central America and trends 
along the western coast of Mexico is the northern continuation of the 
South American belt. To the north the belt extends along the Pacific 
coast of North America and the Aleutian arc. 

Apart from this large belt of which only a small part will be discussed 
in the present paper, a second belt of smaller dimensions characterizes 
this part of the earth. This second belt lies over the island are: Cuba, 
Haiti, Puertorico and the Lesser Antilles and ends at the northern coast 
of South America. 

Comparing the seismicity in South and Central America it appears 
that a striking similarity exists in the general development of the seis- 
micity in both regions. A more or less regular distribution of the centres 
of relatively strong seismic intensity also appears to be present in the 
Central American belt. 

The second, Caribbean belt, though small in its extent, shows the 
same phenomenon. A difference between the two belts is to be observed 
in the epicentral density, which is lower in the Caribbean than in the 
Central American belt. 


50—100 km layer (fig. 12) 


On the map for this layer the Central American belt still exists as 
the northern continuation of the South American belt. But to the north 
in Mexico, the belt ends. Generally the course of the iso-magnitude 
lines shows a fairly good resemblance to that on the map for the surface 
layer. The values of the magnitude vary between 5} and 71. The more 
or less regular distribution of the centres of relatively strong seismic 
intensity, already observed on the map for the 0—50 km layer is also 
present on that for the 50—100 km layer. 
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The decrease in seismicity with increase in depth is clearly demon- 
strated on the map by the diminution of the epicentral density, the 
smaller values of the magnitudes and the smaller extent of the belts. 
The latter fact is especially clear in the Caribbean region. 
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100—150 km layer (fig. 13) 
As is clearly shown on the map for this layer one uninterrupted belt 
does not exist in Central America. A narrow and elongated belt with 
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a simple course of the iso-magnitude lines extends from 20° to 11° N. 
In northern Colombia a small area in which two shocks have been 
plotted represents a remnant of the seismicity of the large belt in the 
upper layers. The decreasing seismicity is demonstrated only by the 
decrease in size of the seismic areas. The same holds good for the Caribbean 
area. The magnitude range is quite the same as in the 50—100 km layer: 
M = 53—7}. 


150—200 km layer (fig. 14) 

The decrease in seismicity with increase in depth is again to be 
observed on the map for the 150—200 km layer. This decrease is not 
only demonstrated by the diminution in size of the belt, but also by the 
lower epicentral density. 

The Caribbean belt vanishes. Only one earthquake remains with a 
magnitude of M = 6%. 


200—250 km layer (fig. 15) 

The location of the seismic area on the map for the 200—250 km 
layer is in good harmony with that on the map for the 150—200 km 
layer. Again the epicentral density is lower and the size of the belt is 
smaller, while the magnitude values range between 5} and 63. 

In the Caribbean region seismicity is absent. On the other hand one 
shock is represented in Colombia where in the 150—200 km layer no 
earthquakes occur. 


250—300 km layer (fig. 16) 
One shock occurs in southern Nicaragua with a magnitude of M = 5}. 


The profiles 

Through the two seismic belts in Central America and the Caribbean 
region a number of profiles. has been constructed. The geographical 
location of the profiles is indicated in fig. 17. 


Description of the profiles 

The first set of profiles (fig. 18, P. 1—P. 15) has been constructed 
about perpendicular to the main direction of the belt which extends 
along the Pacific coast of America. As is shown in the profiles the general 
course of the iso-magnitude lines corresponds well with that in the 
profiles through the South American belt. In the deeper layers the seis- 
micity appears to be displaced towards the Atlantic. 

The second set of profiles (fig. 18, P. 16—P. 25) has been constructed 
about perpendicular to the direction of the belt which extends from 
Cuba and passes the Lesser Antilles up to the north coast of South 
America. The course of the iso-magnitude lines in these profiles is less 
complicated than in the profiles through the Central American. helt. 
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Fig. 17. Location of the profiles P. 1—P. 25 through the seismic belts in Central 
America and the Caribbean region. 
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Fig. 18. Profiles through the seismic belts in Central America and the Caribbean 
region. 
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VI, The Southern Antilles 
The magnitude maps 


Fig. 19—22 show the course of the iso-magnitude lines in the seismic 
areas in the Southern Antilles. 


0—50 km layer (fig. 19) 

Contrasting with other regions already described!) an uninterrupted 
belt does not exist in the Southern Antilles. A number of seismic areas, 
more or less regularly distributed may be considered as the southern 
continuation of the large belt in South America. 

Among the seismic areas an eastern area, between 30° and 20° W shows 
the strongest seismicity. The magnitude values range from M = 6 up 
to M = 7}, while the epicentral density is relatively high. In the other 
areas shocks occur with magnitudes varying between 6 and 7. 


50—100 km layer (fig. 20) 

On the map for the 50—100 km layer only one area remains in which 
some shocks are concentrated. This area corresponds with the area from 
the upper layer mentioned above. The course of the iso-magnitude lines 
is less complicated and the epicentral density is lower than on the map 
for the 0—50 km layer. The magnitudes of the shocks vary between 
64 and 7. 


100—150 km layer (fig. 21) 
On the map for this layer only one epicentre occurs with a magnitude 
ofa "1: 


150—200 km layer (fig. 22) 

The seismicity in this layer is demonstrated on the map by a small 
area in which three earthquakes are concentrated. Their magnitudes 
amount to about 7. 


The profiles 

Through the seismic region over the Southern Antilles eleven profiles 
have been constructed (fig. 24, P. 1—P. 11). Their geographical location 
is indicated in fig. 23. 


Concluding remarks 

1. In Central America and the Caribbean region two seismic belts 
occur. The zone, extending along the Pacific coast of Central America 
is the northern continuation of the South American belt. In the surface 
layer this Central American belt finds its northern continuation in the 
North American belt, which extends along the Pacific coast of America 
and over the Aleutian arc. 


1) L. P. G. Konina, op. cit. 
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Fig. 21 


Fig. 20 


Maps showing the tentative course of the iso-magnitude lines for the various layers in the earth. 


Fig. 19—22. 


The Caribbean belt coincides with the islands Cuba, Haiti, Puertorico 
and the Lesser Antilles and ends in the coastal region of South America. 
The seismic areas over the Southern Antilles, however, do not form 
an uninterrupted belt. Nothwithstanding this belt may be considered 


as the southern continuation of the South American belt. 
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2. These three belts have shown only shallow and intermediate shocks ; 
the Central American belt up to a depth of about 300 km, the Caribbean 


belt and the Southern Antilles belt up to a depth of about 200 km. 
3. A more or less regular distribution of the centres of relatively 


strong seismic intensity is to be recognized. 


Amsterdam, Geological Institute 


GEOPHYSICS 


EARTHQUAKES IN RELATION TO THEIR GEOGRAPHICAL 
DISTRIBUTION, DEPTH AND MAGNITUDE 


BY 


L. P, G. KONING 


(Communicated by Prof. F. A VeENING MEINESz at the meeting of May 31, 1952) 


VII. Pacific coast of N. America and Aleutian arc 


Introduction 

For the study of earthquakes in relation to their geographical distri- 
bution, depth and magnitude the author used the earthquake data 
published by GuTENBERG and RicuTEeR!). In order to obtain some 
information about the processes in the earth the author composed epicen- 
tral maps for a number of layers in the earth. On these maps lines of equal 
magnitude have been drawn (iso-magnitude lines). The analyses of the 
maps as to the geographical distribution in relation to the magnitudes of 
the shocks for each depth lead to conclusions as is shown in preceding 
papers ”), 

In the present paper the results are given of the application of this 
iso-magnitude line method to the seismic areas in the Pacific coastal 
region and Aleutian are and in the Mediterranean region. 


The magnitude maps 


Fig. 1—4 represent the magnitude maps for the various layers in the 
earth. 


0—50 km layer (fig. 1) 

The seismic belt in the Pacific coastal region of N. America begins in 
Mexico, 20° N, where it is the continuation of the Central American belt. 
The belt extends along the coastal region of the United States of America 
and Canada, curves in Alaska, continues over the Aleutian are and ends 


') B. Gurensere and C, F. RicHTer, Seismicity of the earth (Princeton 
University Press, 1949), 

*) LL. P. G. Konrne, Earthquakes in relation to their geographical distribution, 
depth and magnitude, I, The East Indian Archipelago, Proc. Kon. Ned. Akad. 
v. Wetensch., Series B, 55, no. 1, 60—77 (1952). 

L. P. G. Konrna, idem, II, J apan and adjacent areas, the same volume as above, 
p- 174—193. 

L. P. G. Konia, idem, III, The southwestern Pacific, the same volume as above, 
p. 194—206. 

L. P. G. Koning, IV—VI, South America, Central America and the Caribbean 
area, The Southern Antilles, the same volume as above p. 263 —279. 
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east of Kamchatka. This belt is a narrow and elongated uninterrupted 
area surrounded by the iso-magnitude line M = 6. 

In the coastal region of the United States (in the states of California, 
Oregon and Washington) the belt has a larger breadth than elsewhere. 
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It is a remarkable fact that in this region the belt bifurcates into two 
branches surrounding an a-seismic region. The northern branch shows a 


low seismicity (M =-+ 53). 
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In the whole belt along the Pacific the magnitude values vary between 
M =5 and M = 8— 8}. 

Considering the map for the 0—50 km layer it appears that the 
N. American part of the belt shows a considerably higher epicentral 
density than the Aleutian part. This fact is the more remarkable as in the 
deeper layers seismicity is quite absent in the N. American coastal region. 
A second difference between the N. American part of the belt and that of 
the Aleutian are follows from the course of the iso-magnitude lines. In the 
N. American region, especially in the coastal region of the three states 
mentioned above the course of the iso-magnitude lines is more com- 
plicated than elsewhere in the belt, a phenomenon related to the dif- 
ference in the epicentral density. A third difference is demonstrated by the 
location of the centres of relatively strong seismic intensity. Generally a 
more or less regular distribution of these centres may be observed on the 
map, but the distances between these centres in the Aleutian are are 
smaller than in the Alaska-Mexico belt. 

Finally the largest values of the magnitude occur in the Aleutian belt. 
In California only one shock is known with a magnitude value of 
M = 8 — 8}. 


50—100 km layer (fig. 2) 

In the 50—100 km layer only that part of the belt remains seismically 
active which extends over the Aleutian are up to Alaska. In this belt the 
epicentral density is lower than in the corresponding belt of the upper 
layer. 

The magnitudes vary between M = 6} and M = 8— 8}. 
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Fig. 2 


The more or less regular distribution of the centres of relatively strong 
seismic intensity is also present in this layer. The mutual distances 
between these centres, however, are larger than those in the surface layer. 


100—150 km layer (fig. 3) 
As is shown on the map for the 100—150 km layer the seismicity has 
been reduced to a small and narrow belt extending over the Kenai and 


283 
Alaska Peninsulas. The magnitude values amount to M = 61 — 63, 
distributed among seven shocks. 
150—170 km layer (fig. 4) 


In the 150—170 km layer the number of shocks diminishes to three 
with magnitude values of resp. M = 53, M = 63 and M = 7}. 
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Fig. 1—4. Maps showing the tentative course of the iso- 
65 magnitude lines for the various layers in the earth. 
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The profiles 

Through the seismic belt extending along the Pacific coastal region of 
N. America and the Aleutian are a number of profiles has been constructed 
(fig. 6, P. 1—P. 38). The geographical location of the profiles is indicated 
on fig. 5. Profile 38 represents the connection between this belt and that 
which continues to the south over Central America. 

From the profiles it appears that the range of the magnitude values in 
the N. American part of the belt is larger (M = 5 — 83) than in the 
Aleutian belt (M = 6 — 83). 


VIII. Mediterranean region 


The magnitude maps 
Fig. 7—14 represent the magnitude maps for the various layers in the 


earth. 
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Pacific coast of N. America and the Aleutian are, 
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Location of the profiles P. L—P. 38 through the seismie belt along the 


Fig. 5. 
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0—50 km layer (fig. 7 and 8) 


Besides the Circum-Pacifie earthquake zones a large belt of shallow and 
intermediate earthquakes occur in southern Europe and southern Asia, 
called here the Meriterranean belt. In Malaya and N. Sumatra this belt is 
connected with the East Indian part of the Circum-Pacific belts. 

Apart from some separate centres of shocks W. of Spain, in southern 
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Fig. 6. Profiles through the seismic belt along the Pacific coast of N. America 
and the Aleutian arc. 


Spain and in Algeria, the Mediterranean belt has been drawn on the maps 
for the 0—50 km layer as an uninterrupted zone. 

The belt begins west of Italy, extends over the Balkans, Turkey, Iran, 
Afghanistan, India, Tibet, a part of southern China, bends to the south 
and continues west of Further India up to N. Sumatra where it is con- 
nected with the Circum-Pacific belts. 


As is shown on the maps the course of the iso-magnitude lines is com- 
plicated. Generally the belt is narrower in southern Europe than in 
southern Asia. The epicentral density is in the whole belt nearly constant. 

It is a striking fact that in two localities in the 8. Asia belt an a-seismic 
region occurs. The first a-seismic region coincides with that part of the 
Iranian Highland that lies in Afghanistan. 

More to the east a second a-seismic region coincides with a large part 
of Tibet. 


In the Mediterranean belt the magnitude values range between M — 53 
up to M = 8}. 
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A more or less regular distribution of the centres of relatively strong 
seismic intensity is to be observed on the maps. Only five shocks with 
M = 8 — 8} occur, three of which being located in S. Asia. 

A clear demonstration of the regular distribution of the seismic centres 
is to be found in the course of the iso-magnitude line for M = 7. 


50—100 km layer (fig. 9 and 10) 

The maps for the 50—100 km layer show a quite different picture than 
those for the 0—50 km layer. From the large uninterrupted west-east 
trending belt in the surface layer only some separate areas remain in the 
50—100 km layer which differ considerably in seismicity. 

The seismic area in 8. Europe (except the centre W. of Spain) gives the 
impression of a belt, which, however, differs in shape compared with the 
corresponding region in the upper layer. The seismicity in the central 
part of the S. European belt in the 50—100 km layer is distinctly stronger 
than in the two ends. 
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Comparing the maps for the two upper layers it appears that the seis- 
micity decreases with increase in depth. This may be due to the smaller 
number of shocks in the deeper layer, but also to the diminution of the 
magnitudes. 

It is a remarkable fact that in Rumania a more or less isolated seismic 
centre occurs. This centre, in which three shocks with M = 6 — 63 are 
concentrated, begins to develop in the 50—100 km layer and increases in 
intensity with increase in depth. 

Some centres marked by the iso-magnitude line M = 63 in the S. Euro- 
pean belt show a more or less regular distribution. 

More to the east, in S. Asia, a number of seismic areas occur in which 
the epicentral density is considerably lower than in the corresponding 
areas in the 0—50 km layer. 
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The magnitude values vary between MW = 5} and 8} in the 50—100 km 
layer. Only two shocks have values of M = 8— 8}. 


100—150 km layer (fig. 11) 


The decrease in seismicity with increase in depth clearly shown on the 
maps for the two upper layers continues in the 100—1I50 km layer. 
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On the map for this layer a narrow and short belt has been drawn in 
S. Europe. This belt extends over Sicily and 8. Italy, S. Greece and Crete 
up to Cyprus. The magnitude values vary from M = 5} up to M = 73. 

The seismic centre in Rumania which began to develop in the 50—100 
km layer comprises in the 100—150 km layer a larger number of shocks. 
The magnitudes amount from M = 5} to M = 63. 

Two areas of earthquakes occur in 8. Asia: in the Hindu Kush and in 
Belutchistan. In the Hindu Kush is the magnitude range M = 53 — 
M = 6%, while in Belutchistan one shock occurs with M =7 and two 
shocks with M = 64. 


150—200 km layer (fig. 12) 

On the map for the 150—200 km layer a remarkable difference in the 
development of the seismicity is demonstrated. In 8. Europe the already 
mentioned decrease in seismicity with increase in depth continues in this 
layer. This phenomenon follows from the smaller number of shocks and 
the diminution of the magnitude values. In 8. Europe the magnitude 
values vary between M = 54 and M =7. 


This decrease in seismicity also occurs in the Rumanian centre. 

In S. Asia, however, especially in the Hindu Kush a slight increase in 
seismicity is recognizable. The number of shocks which have taken place 
in the Hindu Kush is considerably larger than the number plotted on the 
map. The values of the magnitude on which the iso-magnitude lines are 
based, represent the maximum values. These values vary on the map 
between M = 53 and M = 73. 


200—250 km layer (fig. 13) 

On the map for the 150—200 km layer a small belt can be drawn in 
S. Europe. On the map for the 200—250 km layer, however, this belt 
disappears. The seismicity is now demonstrated by two shocks with 
magnitudes M = 6} and M = 5}. These shocks are located near 8. Italy. 
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The seismic area in the Hindu Kush corresponds well with that in the 
150—200 km layer. 


250—300 km layer (fig. 14) 


The map for the 250—300 km layer shows the same picture as that for’ 
the 200—250 km layer. In S. Europe occurs a centre near 8. Italy and in 
S. Asia a centre in the Hindu Kush. 


py a ; L 
30°/E 4s°i€ NS Pg 60° E 
Fig. 14 
Magnitude 
Sielisielicteiiats 8-85 


291 


The profiles 


Through the large west-east trending Mediterranean belt 40 profiles 
have been constructed (fig. 17, P. 1 — P. 40). The geographical location 
of these profiles is indicated on fig. 15 and 16. 


15°|w oe 15°) 


oe 
ei 
<=] 
| 
L| 


wo © en 


1S°\w ole Ise 


Fig. 15 


a) 


7 


PY 
2- 
3 
4 


60°'E 75°\€ oP le 10S |E 


Fig. 16 


Fig. 15 and 16. Location of the profiles P. 1—P. 40 through the Mediterranean 
seismic belt. 


Profile 40 represents the connection between the Mediterranean belt 
and the East Indian belt of shallow and intermediate shocks. 
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Concluding remarks 

The present investigations on the geographical location of the epi- 
centres, the depths and the magnitudes of a large number of earthquakes 
having taken place in the Pacific coastal region of N. America and the 
Aleutian are, and in the Mediterranean region during a period of about 
40 years in this century seem to justify the following conclusions. 

I. One large belt of shallow shocks with a more or less complicated 
course of the iso-magnitude lines extends along the Pacific coastal region 
of N. America and over the Aleutian are. 

In the deeper parts of the earth where intermediate earthquakes take 
place, up to a depth of about 170 km seismicity appears to be developed 
only in the Aleutian are. 

2. In southern Europe and southern Asia one large belt of shallow 
shocks extends from W. of Spain to S.E. Asia, where it finds its con- 
tinuation in the East Indian belt. 

At greater depths seismicity appears to be restricted to a number of 
areas of varying size. The deepest shocks (250—300 km) oceur in 8. Italy 
and in the Hindu Kush. 

3. A more or less regular distribution of the centres of relatively strong 
seismic intensity exists in both belts horizontally as well as vertically, 


Amsterdam, Geological Institute 
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SUBJECT AND OBJECT IN PHYSICAL SCIENCE 
BY 


J. CLAY 


(University of Amsterdam) 


(Communicated at the meeting of June 28, 1952) 


Between the years 1930 and 1940 a lively controversy has arisen 
between positivists and realists about the fundamental question whether 
it is possible for our knowledge to penetrate into the domain of reality 
outside human consciousness (the philosophical term is: into the conscience- 
transcendent). Positivists deny this possibility, maintaining that the 
question is a pseudo-question and a metaphysical one, which is the most 
unfavourable qualification existing in the terminology of the positivists 
(Macy, ScuiicH and their followers). Realists on the contrary say that 
there is sense right enough in enquiring a reality outside consciousness, 
which by a slight change in terminology may be called a reality independent 
of consciousness. 

Realists say: ‘“‘we are all the time getting impressions from a world 
which we cannot change, which obtrudes itself upon us by virtue of its 
own nature, to which we have to resign ourselves, to which we have to 
adapt not only our knowledge but our life itself; and we must try and 
learn to know this reality even as it is, still undistorted by human ways 
of thinking.” 

There are indeed two kinds of realists: one kind thinks like the group 
that at the moment plays the most prominent part in the U.S.S.R., 
where the belief in this sort of reality has been prescribed by the Govern- 
ment. These are the adepts of the doctrine of dialectic materialism. On 
the other side there is the group of those who conceive of the real nature 
of things as spiritual, the ideal-realists or briefly realists. An extreme 
manifestation of the conception of the latter is the utterance of JEANS: 
“light waves do not really exist, they are only waves of knowledge’. 
But not nearly all idealists want to go as far as JEANS. 

In the first instance the fact should be faced that natural science can 
no longer escape the problems about the nature of reality, which it used 
to call metaphysical. At present it is hemmed in by them on all sides; 
problems about the subjective or objective structure of space; about 
absolute space and time and about the ether. These particular problems 
however have already been relegated somewhat to the back-ground. 
The most actual question of the present moment is the one about the 
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possibility or impossibility of separating subject and object in our 
knowledge. This problem has been stressed very much by Bonr and 
HEISENBERG and is related to the so-called principle of complementarity. 

The present essay will treat it in two parts. In the first part the 
possibility will be considered, in judging and knowing reality, of dis- 
tinguishing the nature and structure of human thought from the objective 
nature of reality. The second part will contain a discussion of the conception 
advanced especially by the scientists mentioned above, who maintain 
that even in the observation of physical reality there is no possibility 
of discriminating between the subjectiveness of the action of observation 
and the object, the natural process; that consequently even in the sphere 
of (physical) observation there is no arriving at a knowledge of reality 
independent of the subjective phenomenon of observation. The argumenta- 
tion hereafter will chiefly refer to the second problem. 

Kant in his ‘‘Kritik der Reinen Vernunft”’ upholds that our knowledge 
is initially determined by our imaginative faculty (about space and time) 
and subsequently by our power of conception, any knowledge about 
reality outside these faculties being impossible. The content of knowledge 
had entirely the character which appertains a priori to the cognizant 
subject. In the first edition of the ‘“‘Kritik’’, Kant stressed the fundamental 
impossibility of approximating reality in its essence. Very properly the 
conclusion was drawn that this conception of Kant’s scarcely differed 
from the extreme subjective idealism of BERKELEY in which nothing is 
left of the nature of things but their being observed. Kant however 
wished to evade this conclusion and in the second edition of his “Kritik’’ 
he has applied a correction, affirming that a reality causally affecting 
human consciousness should indeed be assumed. But the evolution of 
thought has chiefly followed Kant’s earlier idea that the confines of 
man’s knowledge are his own contents of consciousness. This spiritualistic 
tendency has come to full growth especially in the neo-positivism of 
Macu and his followers, who allege that even questions about reality and 
its nature are devoid of meaning. At first sight this point of view seems 
very acceptable. Yet one should not surrender to the impression. For 
even though it is always the form of our own perceptions and thoughts 
we have to deal with and even though all data enter by the gateway of 
our senses and obtain shape by the pattern of our conceptions, we yet 
have the faculty in the results obtained to render ourselves intrinsically 
free and independent of the way along which and the shape in which 
they have been obtained. 

And the development of our knowledge has indeed passed through 
this procedure, For in the examination of the material processes the 
specifically sensory qualities have been weeded out and been converted 
into mechanical processes. In studying the phenomena of heat, the feeling 
of heat has been eliminated and what is studied now is, irrespective of 
any sensuous qualification, the mutual influence and modification of 
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material particles in swift motion, which motion does affect the nature 
of matter in its behaviour and its phases (solid, liquid and gaseous), its 
conductivity and its radiation. 

Likewise in physics the sensorily perceptible nature of light is no longer 
the visibility to the eye but the phenomenon of electromagnetic vibration, 
the wave-length of which lies by chance between some very narrow 
definite limits and the knowledge of which has been generalized to that 
of vibrations of physically completely similar nature, with wave-lengths 
extending over a much larger range but lacking the attribute of visibility. 

Of vast importance is, that sensory qualifications could lose their 
significance in physics (though of course not in the physiology of the 
senses) because mutual relations unbiased by observing human conscious- 
ness had been emphasized, but of still greater importance is that knowledge 
has become independent of subjective forms of knowledge. Processes 
of heat may be treated by means of thermodynamics, which are by nature 
phenomenological, but just as well by means of a kinetical mechanical 
theory which in many respects is diametrically contrary to the first method. 

Electricity may be treated by means of the hypothesis of Farapay 
and Maxweti, which makes use of an incompressible electrical fluidum 
continuously filling space; just as well however by the theory of 
electrons which starts from the behaviour of discrete electric charges. 
Both interpretations lead to the same goal and arrive at the law of 
reciprocal action, as it has been laid down in the law of Coulomb. 

In this way understanding reality is made independent of the method 
followed and especially the theory of relativity has taught us that it is 
necessary to direct attention principally to those relations, which are 
independent of the standpoint of observation (invariants in the trans- 
formation of coordinates). 

Wasn’t it one of the most striking events in the latest developments 
of physics that Scuré prncER could prove his method, of treating atomistic 
phenomena with wave equations, to be identical with HEISENBERG’s 
matrix-method, although their resemblance is at first sight nil. In the 
same trend of thought it is not even surprising that light has to be treated 
at one time as a wave and at another time as a current of moving discrete 
parcels of energy. 

In spite of the inevitability of sensory perceptions of a subjective 
nature and of subjective forms of knowledge, physical knowledge has 
contrived to penetrate into a reality which is independent of the subject. 
The best proof hereof lies in the fact that the same values are found 
for several fundamental constants of nature, irrespective of the vastly 
different ways in which they are arrived at. 

If the elementary constant of PLaNcK is carefully examined (the 
elementary quantum of action) nobody will care to maintain that any 
attribute of observation or imagination may still be assigned to it; yet 
this constant emerges from so many mutually independent theories, 
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that it is impossible to suggest its being tainted by a special theoretical 
way of thinking. It appears from measurements about heat-radiation 
as well as from the interdependence of the velocity of light and the mass 
of the electron (Compton-effect) with the wavelength shift of gamma 
radiation. 

Another remarkable case is that of the number 2 which can be determined 
from the ratio between the surface of a globe and the square of its radius, 
as well as from the statistical behaviour of the length of matches with 
respect to the mean-value of that length. 

It is my opinion that here data are found, which are independent 
of our subjectively determined ways of thinking. 

Without going further into this matter, the second problem mentioned 
above, will now be considered, i.e. the question whether it is impossible 
to keep subject and object apart in observation. H&rISENBERG had 
elucidated his opinion that this is indeed impossible with a number of 
examples, one of which has become very well known, namely, that in 
which the place of a corpuscle has to be determined by observation in 
a microscope. To perform this with the greatest accuracy, this must be 
done with light of the smallest possible wave-length. This means that the 
quantum of energy must be as large as possible. The consequence 
of this is that the Compton impulse caused by it is large. And as the 
latter has unpredictable consequences, there is no forecasting the 
position of the particle. Observing the process disturbs it in an incomputa- 
ble way. And the same will occur at every observation. The method of 
observation is unavoidably disturbing and there is no possibility of 
keeping the actions of the subject separated from those of the object. 

To my opinion this train of thought is based on a wrong notion of 
observation. Due distinction should be made between observation and 
prediction. These two actions are diametrically opposed to each other. 
The former is always a judgment relating to the past, to what has 
happened, the latter refers to the future, to what is going to happen. 


Among many expressions showing his view on this subject, the following 
of Bour’s may be cited: “The entire formalism of quantum mechanics 
is to be considered as a tool for deriving predictions of definite or statistical 
character” etc. Dialectica 2 p. 312, 1948. 

And DrstoucuEs speaks by preference about ‘‘La théorie générale des 
prévisions’”’. 

Different cases may be taken into consideration. As the first term of 
an analogy a macroscopic process may be taken, e.g. the leading of an 
electric current through an electromagnet. If on second thought the 
experimenter wants to know the strength of the current, he may after- 
wards put in the circuit an amperemeter, but this will alter the position 
and it will not then be known what the current was, before the ampere- 
meter was put in circuit. But a good experimenter will not act like this. 
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He puts the amperemeter in the circuit first thing and the amperemeter 
is part of the apparatus he works with. 

In all microphysical observations the same principle obtains. HETSEN- 
BERG describes a thing an experimenter will never do. A system will be 
built up beforehand and after the process has taken place the experimenter 
will observe what happened. He never tries to predict what will happen 
after his observing-apparatus will have been put in action. If an 
apparatus is constructed for measuring coincidences (of incoming cosmic 
ray particles) by means of counters, these counters are never mounted 
at exactly the moment the charged corpuscle enters, with the effect, 
that its track is disturbed by them. The counter-system has always 
been erected beforehand and then, after the corpuscle has passed through 
it, the experimenter ascertains through which of the counters it has 
passed and what influence, if any, it has been subjected to, be it through 
scattering or through a magnetic or electric field. 

If a particle enters a WILSON expansion chamber, it is not stopped 
by a plate shoved into its path at that precise moment, but that plate 
is ready for it and the result of the impact is registered on the photo 
when the thing is done. 

The clearest aspect of the situation is seen in the following case: 


A particle is supposed to enter from the left by an aperture in the 
diaphragm A at the time 4, on the supposition that at each of the 
diaphragms a coil has been mounted, capable of registering the moment 
when the charged particle passes that diaphragm. It is evident that 
the simple knowledge of this moment (¢,) will not suffice to predict the 
future fate of the particle. Should the particle be observed to pass the 
7 diaphragm B at the moment fy, the experimenter can only be sure that 
between A and B the mean velocity was AB/(t,—t,). He can and will not 
declare a single thing about the velocity the particle will possess alter 
passing B. Only when the path BC has been covered this will be feasible. 

Somewhat further one may even go if the question is put, what 
velocity the particle possesses in point B, i.e. in a precisely defined point. 
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The best method would be to take the average of the two mean values 
for the track AB and the track BC. This means that before the value 
for B can be determined, the traversing of the track BC has also to be 
accomplished. In addition it becomes evident that the value exactly at 
B may be determined the more precisely according as AB and BC are 
smaller and the times required are shorter, the relations AB/(f,—t,) and 
BC/(ts;—t)) becoming less precise in consequence. In proportion as a greater 
precision is exacted in the statistical coordinate, the dynamical coordinate 
loses in precision. In the reversed position the same will happen, for to 
determine the velocity with sufficient exactness the path AC must be of 
sufficient length, but in that case the only thing one can say about the 
corresponding place for which that velocity obtained, is that it lay in 
the line BC. 

Every greater precision of the static coordinate entails a smaller 
precision of the dynamic one and the reverse. 

The experimenter, who wants to know the further course of the 
particle after it has passed B, will put up beforehand the diaphragm C 
and observe afterwards by the same method as in A and B the instant 
in which the particle did pass C. 

In the following stage, because of basic uncertainties, the theorist 
will say that the particle will land in the plane P in D, E or F and he 
may compute the chances thereof. The experimenter proceeds in another 
way. He puts up in advance a photographic plate in the plane P and 
afterwards he states where the particle has arrived, in D, E or F. 


In principle experimenting is a reflection and theorising is — by 
preference — prediction. And there can be no doubt but that, after 
having stated the arrival of the particle anywhere in plane P, the 
experimenter is in a position with exactitude to say something about 
what happened to the particle. 

A theorist can only draw a conclusion based on consideration of 
probability about the point where the particle may be expected in the 
plate. There is no avoiding the subjective element here, because the 
exactness of the probabilities he can indicate, depends on the size of the 
group of particles which he plans to let pass through the aperture. 

The experimenter is an objectivist in his (after) reflection, the theorist 
is in his prediction a subjectivist. 

There is no need to consede that observation must necessarily bring 
a subjective element into the judgment. Observation is the objective 
reviewing of what has occurred, prediction is the subjective anticipation 
of what is going to occur. Many theorists erroneously identify observation 
and prediction which are in their essence diametrically opposite. Observa- 
tions and especially a large number of observations along different lines 
do indeed lead to objective judgments, and this isa temptation to generalize 


and by extrapolation to start predicting, but thus a subjective element 
of uncertainty is introduced. 
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This uncertainty appears as well in macrophysics as in microphysics 
as a consequence of the uncertainty of all measurements. In addition to 
this, microphysics do encounter the difficulty of the definition of concepts, 
in consequence of the interrelation of the static and dynamic coordinates 
and of the necessity of putting up with statistical descriptions. 

It is very important that the nature of this structure is independent 
of the type of observation used as well as of the method thereof, independ- 
ence which amounts, in a certain sense, to ‘independence of subjectivity’. 
As an example may serve that a law of such fundamental importance 
as the law of Coulomb could be arrived at along two mutually quite 
independent ways. 

The following may elucidate this further: 

Observation is of course always the taking of readings, which possess 
a degree of precision dependent on the momentary state of technical 
development and unavoidably containg a degree of uncertainty. But it 
is possible to make an estimation of this degree of uncertainty and to 
reach an approximation of it by different ways, as mentioned above in 
the case of the determination of the constants of nature. And to the same 
extent in which an agreement exists in the results, the real value may be 
taken to be approximated. In a certain sense this may even be taken as a 
definition of the real value. But if a search would be made for an absolute 
reality, where an infinitesimally true approximation would be required, 
the author would deny the possibility of that search’s ever succeeding. 

Attention should be especially drawn to the fact, that knowledge of 
reality ought in no manner to be identified with reality itself. The structure 
obtained is an approximation showing a similarity with the structure 
of reality. And in that structural knowledge the known is always inseparate- 
ly bound up with the unknown (the elements of knowledge). On several 
occasions the author has stressed this point (Physik und Metaphysik; 
Septimana Spinozana 1932; The Regression of the unstructural, Erkenntnis 
VII, 1939; Cambridge Unity of Science Congress 1937; L’imperfection 
de notre connaissance, Congrés International de Philosophie des Sciences, 
Paris 1949). 


Resuming, there is no reason to doubt the possibility of a separation 
of subject and object in an observation, but the impossibility of such 
a separation will indeed play a role in the case of prediction. 


PHYSICS 


HIGH ENERGY PARTICLES FROM THUNDERSTORMS 


BY 


J. CLAY, H. F. JONGEN, A. J. J. AARTS, B. JONGEJANS anv J. STRACKEE 


(Natuwurkundig Laboratorium Universiteit van Amsterdam) 


(Communicated at the meeting of June 28, 1952) 


In the early period of Cosmic Radiation-research attention was now 
and then paid to the possibility of particles of high energy originating 
from thunderstorms. Later on this possibility has hardly ever been 
considered. During 1951 however in the monthly communications of 
our laboratory to the Koninklijk Nederlands Meteorologisch Instituut 
three cases of simultaneity of increases of cosmic radiation and thunder- 
storms have been pointed out. 

In measurements made in Kenya in 1950/1 a daily variation was detected 
which for the time being could not be accounted for. As, however, thunder- 
storms do occur there most afternoons, the possibility had to be allowed 
of their being caused by these storms. 

Quite unexpectedly at our laboratory in Amsterdam the opportunity 
offered of simultaneously observing the influence of a thunderstorm in 
five ionisation chambers and two counter systems, all independently 
registering different components of the radiation. On the 3d of May a.c. 
between 17 and 19 h.G.M.T. there was a heavy thunderstorm over the 
town. This storm was local, lightning striking in three places. It turned 
out that in all seven recording instruments an increase of intensity was 
registered. 

In the graph the upper curve a is the barometer with inverted scale. 
Fortunately the variation of the barometer was very small for the period 
of the storm, only an increase of 2 9/9, SO that on account thereof a decrease 
of 0.6 % had to be expected in the unshielded vessels. The data of the 
different instruments are given in the table. 

In the ionisation vessels b, d, e and f hour recordings were made, as has 
been done continually in our laboratory these 20 years. Important is the 
fact that in the vessel shielded with 120 em Fe no indication of an increase 
was found. This means that particles with energy higher than 101! eVolt 
were not present in the surplus radiation. 

A recording of a new type had just been started with the ionisation- 
vessel c. This apparatus is still in a state of trial. Its ionisation vessel is 
connected with a highly sensitive vibration electrometer of Muller-type 
and the feed-back voltage of this electrometer is recorded with a Honey- 
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well-Brown potentiometer, which gives a measurement every 15 seconds, 
The recordings of this apparatus are given in curve c of the graph. The 
ionisation vessel has the shape of a rectangular box of 20 x 100 cm? 
surface and 8 cm height with a plate of 20 x 100 cm? in the middle, so 
that the field in the box is nearly homogeneous and strong fields can be 
used, generated by a high tension apparatus rectified and stabilised at 
425 Volt, with a constancy of 1 on 10°. In the part of the figure concerning c 
the distance between two horizontal lines corresponds to 5 % and the 
absolute value of the current for the second line from bottom is 12 « 10~#4 
amp. The vessel c contains air at 10 atm. The vessel was lying on the floor 
alongside the 130 em high iron shielding pile of other vessels, so that its 
production cannot directly be compared with the vessels d, e and f, lying 
on top of the iron pile accessible to radiation from all sides. 

At 17-30 h, in the vessel ¢ with 16 L air a sudden increase was found of 
about 4 °% reaching its maximum in 13 min; after 2} h the influence was 
finished. As all the other recordings were hour-recordings, no detailed 
data could be obtained from them. The most interesting point in the 
result is, besides, the very evident observation in the 12 cm shielded vessel 
which registered particles of an energy upwards of 0.9 x 10% eVolt and the 
recording with 10 cm Pb between the counter apparatus h which registered 
an increase of 6 %. The statistical fluctuation of the last-mentioned one 
hour observations is about 2.5 %. The energy of the particles triggering 
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these counters must have been 7-10! eVolt at least. 


TABLE I 


Recording ; ae Comp. Norm. Sensitive) Max. 
instrument Volume | Pressure | Shield eB Ionis. Current, surface | increase 
| 
b. Ion. v 40 L Arg. |57.8 atm.|} 110cm Fe |/13.445em (0.25 m#? | oY, 
ce. Ion. v 16 LAir 10 atm.) lem Fe /13.445em 12.1074 amp, 0.20 m2 | 5 0, 
d.lon.v. |32LArg.|39 atm. Iem Fe |21.107em 10.22 m2] 4 A 
@. Lon, ¥ 45 L Arg. |37.5 atm.| 12cm Fe /14.046em) 10.27 m? 4.5 ¥ 
f. lon. v 32 L Arg. |33  atm.| 0.5em Fe |12.135 em| 0 22 mi? 5.5 0, 
(of, Ber no abs.l. | | 0.18 m? 2.7 0% 
{Pa rie BE 10em Pb 0.013 m2 6 of 
| 


After these observations the possible influence of thunderstorms was 
searched for and for 3 storms happening in June 1952 it could be detected, 
likewise for several storms during 1951. In most cases the increase in the 
ionisation amounted to 2% of the total cosmic radiation. Further 
results will be published. 

From these results is now deducible that high energy particles (electrons) 
up to 10! eVolt are produced in thunderclouds, 


Amsterdam, June 1952. 
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HALFLIFE DETERMINATION OF #8i BY A PRECISION-METHOD 
AND A PRELIMINARY RESULT ON ®Kr 


BY 


L. J. DE VRIES, F. T. H. VERINGA ann J. CLAY 


(Natuurkundig Laboratorium, Amsterdam University) 


(Communicated at the meeting of June 28, 1952) 


Summary 

The halflives of #!Si and **Kr have been determined with an ionisation- 
vessel and a rotating-condenser electrometer. 

Five samples were measured under different circumstances, the samples 
were prepared in two ways. 

The various precautions taken to obtain the claimed accuracy of 0.3 % 
for each measurement, and the measurements made to obtain volume- 
recombination data are discussed. 

The obtained mean-value for #Si is 157.3 min. + 0.3 %,. 

A preliminary result on ®*Kr is communicated ; halflife 111.5+- 0.15 min. 


§ 1. Apparatus 

In fig. 1 a blocking diagram of the apparatus is given, indicating various 
precautions taken to obtain accurate data. The high voltage for the 
ionisationchamber is taken from 27 neon-stabilizing tubes (Philips 85 Al) 
in series, fed with an electronically stabilized voltage. 

The stabilisation for mains-voltage variations is better than 1 : 10°. 
Nevertheless the small temperature-fluctuations in the room may cause 
a larger effect, the relative voltage variation being 0.005 % per °C. ‘The 
14-hour period, discernible in some of the y—t-graphs, discussed below, 
is correlated with the temperature-fluctuations recorded in the room. 

The electrometer consists of a rotating converter (1) (D.C. — 300 e/s.), 
3-stage amplifier, rectifier, comparing-circuit and a relay-circuit, which 
causes a known charge to be fed back to the input through the condenser C 
each time the input reaches a certain potential, and simultaneously draws 
a point on the recording tape (improvement of system, devised by P. H. 
Craw, (1): 

The charge fed back is determined by the condenser C (0.921 pF, 
8.474 pF and 59.29 pF interchangeable standard condensers [2]) and the 
compensating voltage of either 0.944 + 0.001 V. or 9.38+ 0.01 V. The 
constancy during a measurement is better than 0.01 °%, according to 
manufacturers data for 85 Al tubes. 


304 


The tape can be moved at a constant speed of 0.6 — 6.0 — 60 — 600 
em/min, by a synchronized motor, fed with 50.000 + 0.015 c/s, obtained 


Tuningfork- 
oscillator 
50.00 Fs 


/ 
lonisation 
chamber 


Clock 


Compensating 
electrometer 


Fig. 1. Blocking diagram of the experinient. 


oe 


—— meters tape at !Omm/sec. 


Fig. 2a. y—t graph. “Si Sample III first part; 


9% 
A* = 4,26. 10-3 min-}, : = = (2.8 + 0.1) %, 


from a tuning fork oscillator with poweramplifier. For the measurements 
described, the speed of 60.02+ 0.01 cm/min. was used. The 50 c/s- 
generator also drives a clock, which is calibrated every few hours on 
the six-pip time-signals of Bruxelles-radio and London-radio, The tape- 


speed is checked by drawing time-marks on it about each hour during 
a measurement. 


2500 


2000 


500 


f A—i* 
Fig. 2b. y—t graph, second part. ais (2.5 + 0.1) %. Obtained values must 


still be corrected for tapespeed, pressure and volume recombination. Correction 
background is applied in the graph. 


The tuningfork and all other apparatus were kept at a constant tem- 
perature (+ 1°C) by operating in a thermostatically-controlled room. 

The vessel used consisted of two parallel plates of 6.2 cm radius at 
2.0 em distance for walls (volume 240 cm*) and an identical probe-plate in 
the middle of them. This construction was mounted in a 500 cm® pressure- 
vessel. It was operated with well-dried and monthes old air at pressures 
up to 85 kg/cm2. All vital insulations in the vessel were constructed from 
amber, which was shielded from the electric field by earthed caps. 


§ 2. Method 

In a semilogarithmical plot of accurate decay-data on a reasonable scale 
no statistical fluctuations can be seen, which means, that the accuracy of 
the points is not fully used when a halflife is determined from such a plot. 

To overcome this difficulty the following method has been used. 

If A(t) is the activity measured and A* is a good approximation for 4 
(determined from a semi-log.-plot), then 


y = log. A + A*.t.log.e 


can be computed. 
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Suppose: A = Ay-exp. (—At), then 
y = (A* —A)-t-log.e + C. 


So, from the slope of the y—t-graph the true value of 2 can be determined. 
It is emphasized, that 2* — A need be no more then a few percent of A. 
This fact causes all plotted y(t) to be of the same order of magnitude. 
So e.g. a 250-times larger vertical scale can be used, and the statistical 
fluctuations can readily be seen. 
Slight deviations from pure exponential decay, caused by small active 
impurities in the samples are readily recognised in these graphs. 
A* — Ais either calculated with a least-square-method or taken from the 
corrected y—t-graph. 


§ 3. Volumerecombination and other corrections 

a. In all measurements a correction was applied from the time the 
background became 0.1 % of the current measured up to the time, the 
measurement was broken off (background-current ~ 1% of current 
measured). The background itself was always known better than + 10 %; 
it was kept at a low value by careful cleaning of the interior parts of the 
vessel (a-contamination) and a 10 cm iron shield round the vessel (cosmic 
radiation and y-activity in the room). 

The greater part of the background consisted of longliving activities 
in the samples. 

To obtain the correction, the residual activity, diminished with the 
extrapolated Si-activity was extrapolated back. 

b. Where the tapespeed was more than 0.06 °% off the average quoted 
in § 1, a correction was calculated and applied. 

c. It was essential to know the fraction of ions, escaping columnar 
recombination, but lost through volume-recombination, as this fraction 
depends on the activity measured. 

To obtain these data the fraction lost in the track (columnar recombi- 
nation) was supposed to be independent of the number of tracks in the 
vessel. The vessel was irradiated with y-rays from Ra-samples §,, 85... 
of different strengths, the solid angle being kept constant. 

For each sample, the current i was measured very accurately as a 
function of the electric field F. No volume-recombination taking place 

iF, 8 
Ata eee 
should be independent of F. 

If S, is taken so weak, as to exclude all volume-recombination 


oF, S_ 


Qv,x = ( (k = 1..,n—1) 


OF,, =i =F,=F 


is found to vary systematically with F and k. From this variation the 
fraction lost through volume-recombination is calculated as a function 
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of F andi. This was repeated for several pressures. Evidenoe came forth 
that the f-track distribution in the vessel in these cases had the same 
isotropic character as with 3!Si f’s. 

All measured activities were corrected for this loss; if the correction 
exceeded 0.5 % this part of the decay-curve was omitted, because each 
recombinationfraction, calculated in this way had an inaccuracy of at 
least 50 %. 


§ 4. Measurements and discussion 


A simple case of 6-decay is the *4Si nuclide, giving a normal f-spectrum 
max o2 1.6 MeV) and no y-radiation [4]. 

31Si-samples were kindly prepared for us by Prof. Dr A. H. W. ATEN 
and Mr B. VerKERK in the Amsterdam-cyclotron. 

The samples I to IV were produced by *Si(d, p)#4Si, starting from 
commercially available Silicon 1). After irradiation the active silicon was 
dissolved in NaOH + H,O, solution, to which SiO, carrier was added. 
To this solution Fe*** en Cot+* were twice added and precipitated with 
alkali. Then the solution was acidified, partially evaporated and neu- 
tralised with ammonia. It may be supposed that active Sc, Cr, Mn, Fe 
and Co ions were removed in this way. In table I the circumstances of 
measurement are listed. The curve obtained for sample III was split into 
two parts of the same duration. The y — t-graph for this sample is shown 
in fig. 2. Sample IV was very impure and showed two residual activities 
of 2.2+ 0.6d and 26+ 5d respectively; the beginning of the graph 
showed a curvature, attributed to an unknown shorter activity. The 
T,-value, obtained for this part of the curve, although listed in table I, 
was omitted in the mean value calculation. 

Sample V was prepared with a *!P(d, 2p)!Si reaction, starting from 
Li,PO,. After irradiation the active silicon was dissolved in NaOH + 
+ H,O, solution. To this solution SiO, carrier and Na,;PO, were added. 
Then the solution was acidified, partially evaporated and neutralised with 
ammonia. Although the aqueous solution showed almost no #* anni- 
hilation radiation, some 1.9 hour !8F may be adsorbed in the sample. 
The y — t-graph, however, showed no curvature. The mean T, value of 
samples II, IIT and IV is 157.7+ 0.3 min. (max.error). The mean T, value 
of sample V is 156.8-++ 0.1 min. (max.error). 

None of the samples used being completely free from active impurities, 
no decision can be made between these two values for the moment. A better 
method of purification is under development. As a preliminary result 
T, = 157.3-+ 0.3 % min. (max.error) is to be taken. 

‘This value is in good agreement with the latest work of WENNERBLOM 


e.a. [3]. 


(E 


1) Spectrochemical analysis: 98.2 % Si, 0.66 G, Fe, 0.83 % Al, 0.17 % Ca, 
OLO2No Baila. 
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§ 5. Preliminary result of measurements on 8Kr 


As can be seen from the data quoted above, the maximum accuracy of 
the method used cannot be reached for impure samples. A better 
substance to test the characteristics of the method is *Kr. 

Preliminary results on these samples can be summarized thus: 

Two ionisationvessels were used. For first of these volume-recombination- 
data were not known. 

Pressures of 1 and 20 kg/cm? and electrical fields ranging from 35V/cm 
up to 1360 V/cm were used. 

A preliminary mean T,-value of 111.5-+ 0.15 min. was obtained. We 
hope to reach a 5-figure accuracy in the future. These experiments are 
being continued and will be published in fuller detail as soon as possible. 
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LATITUDE EFFECT AND ASYMMETRY OF COSMIC RADIATION 
BY 


J. CLAY anv J. STRACKEE 


(Natuurkundig Lab. Universiteit, Amsterdam) 


(Communicated at the meeting of June 28, 1952) 


An expedition to Kenya for the observation of Cosmic Radiation 
phenomena at high altitude (2880 mtrs.) on the equator, offered the 
opportunity to make latitude measurements along two different longi- 
tudes, on the outward-voyage through the Indian Ocean and on the 
return-voyage by Capetown and the Atlantic Ocean. 

It should be realized that the effect measured is roughly 5 % larger in 
winter than in summer but the variation with time at different latitudes 
has not yet been established accurately. Neither has the variation occurring 
at the same longitudes between 53° and 40° latitude. Certainly in European 
and African regions the differences are much larger than in the American 
region. Formerly the senior author found between Amsterdam at 53° 
magn. lat. and the magnetic equator 17 % in February. This time 15 % 
was found in May. In 1934 a lower minimum was recorded farther east- 
ward. The values found with a counter-apparatus for 3-fold coincidences 
and those found with ionisation vessels were in perfect agreement. The 
value of latitude difference from 53° L. North to minimum, in May 1950, 
with ionisation vessel, was 15 % for the total radiation and 12 % for the 
penetrating particles, with counters 14 °% for the total radiation and 11% 
for the penetrating particles. 

When from the data for the total intensity and for the penetrating 
part the difference is computed, being practically the soft or electronic 
component, the latitude effect for the outward-voyage from 53° lat. 
North to the minimum is found to be 


55 %%, for the ionisation vessel and 
50 % for the counters. 


On the return-voyage measurements were only possible with the 
ionisation chamber and only between minimum and 40° lat. North, where 
the difference was found to be 28 %. In order to compare these values 
for the same latitude difference mention is made of the fact that with 
ionisation vessel 40 % was found and with counters 35 %. These values 
are very large, but the fact that methods and instruments were different 
and yet gave results of the same order makes them trustworthy. Also 
there is no indication at all why the measurements should be erroneous. 


eel 


There were many indications in the past year that the value of the soft 
component measured in Amsterdam (53° magn. lat. North) shows great 
variations in the course of the spring. 
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Graph I. Latitude variation from Amsterdam 53° magn. lat. N. through the 
Mediterranean to Mombassa 4° magn. lat. S. measured at sea level with 3-fold 
counters (without absorption layer and with 10 cm Pb.). 

Graph II. Latitude variation from Amsterdam 53° magn. lat. N. through the 
Mediterranean to Mombassa 4° magn. lat. S. measured at sea level with ionisation 
vessels (one unshielded and one under 11 em of iron). 


312 


Figure 3 shows that the minimum value is not precisely on the magnetic 
equator. In figure 4 detailed values are given for the two different routes 
and the longitude effect may be followed. 

In the Atlantic Ocean the minimum value coincides very well with the 
magnetic equator but for the Indian Ocean the minimum lies 10° North 
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Graph III. Latitude variation from Mombassa 4° magn. lat. 8S. via Capetown 
and Atlantic Ocean to English Channel 50° magn. lat. N. measured at sea level 
with inonisation vessels (one unshielded and one with 10 em Pb). 
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of that equator. In 1934 on a voyage from Java to Capetown our ship 
crossed the magnetic equator in a point about 60° Longitude further 
Eastward and in that region the geographic latitude of the magnetic 
equator is much more Northerly. The minimum in Cosmic Radiation is 
here found South of the magnetic equator. The distance of these minima 
to the magnetic equator were explained by BRUINS as caused by the 
magnetic quadrupole effect of the earth. 

In graph 4 the result is also shown of the longitudinal effect of about 
2%. This effect was found during our expedition in 1934 and quanti- 
tatively explained by Chay 1934. Physica I 829 1934. Afterwards 
VaLLaRTA has given a similar interpretation in his paper of 1936, which 
often has been cited as being the first explanation existing. 
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Graph IV. Geomagnetic map of Africa with indication of intensity of hard 
component of cosmic radiation. The length of the line in a certain spot indicates 
the excess above minimum intensity (@). 
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In Timboroa at 2880 mtrs. altitude extensive observations were made 
about the daily variation. It was striking that on many days there was a 
above average in the afternoon but this phenomenon 


maximum of 2 or 3% 
is now cleared up by recent observations in Amsterdam showing that 


during thunderstorms the value of ionisation and of counter observation 
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Graph V. East-West asymmetry for the soft component measured in Timboroa 
Dyers) . 90 Qo 
2880 m. alt. 103° magn. long. E. 3° magn. lat. 8. 


Graph VI. North-South asymmetry of the soft component at Timboroa 2880 m 
alt. 103° magn. long. E 3° magn. lat. S. 
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is increased about 2 or 3 % and in some cases even about 6 °4 when the 
thunderstorm is very near. A recording of the thunderstorms over the 
locality has given us the certainty that there is a close correlation of these 
phenomena. On the one hand this is a definite result but on the other hand 
it has disturbed our expectation of finding the correlation of intensity of 
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Graph VII. North-South asymmetry of the hard component at Timboroa 2880 m, 
alt. 103° magn. long. E. 3° magn. lat. 8. 


Graph VIIT. East-West asymmetry of the hard component at Timboroa 2880 m. 
alt. 103° magn. long. E. 3° magn. lat. 8. 
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radiation and small and regular barometric variations which occur at this 
height and which have an amplitude of 1 millimeter of mercury. 

A set of measurements were taken about East West and North South 
asymmetry in Timboroa 103° Long. East and 2° Lat. South (magnetic). 
In the North South directions definite asymmetries were found as given 
in the table. North was in excess above South. This is in agreement with 
the results of Chay in Bandoeng 18° South and 163° Long. for a zenith 
angle of 20° where a North excess of 4 % was found. 

JOHNSON on the contrary reports that he finds a South excess. But 
his observation post was at Denver in America 15° Long. West 54° 
Lat. North magn. and Timboroa and Bandoeng lie at eastern longitude. 
It must be worth while to find out how these differences can be explained. 
The East-West asymmetries are given in the graph. These effects will be 
discussed later on. 

Prolonged observations about extensive showers have been made in 
Timboroa and will be published in a future paper. 

Our thanks are due to the Stichting voor Fundamenteel Onderzoek der 
Materie and voor Zuiver Wetenschappelijk Onderzoek (F.O.M. and 
Z.W.O.) for the grant which made this expedition possible and especially 
to Dr G. vAN Herx for his most effective help in Timboroa and to Prof. Dr 
H. Oorrt for his permission to use the temporary astronomical observatory 
there. 
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CHEMISTRY 


CONTRIBUTIONS TO THE PROBLEM OF THE ASSOCIATION 
BETWEEN PROTEINS AND LIPIDS. IIa *) 


1) The influence of n-primary alcohols, n-alkanes and n-alkylbenzenes on the 
coacervation of mixtures of negative gelatin and sec. alkylsulfates with salts 

2) Hypothesis on the nature of the association between long chain anions 
and linear proteins in the presence of salts and above the I.E.P. 


BY 


H. G. BUNGENBERG DE JONG anv A. M. VAN LEEUWEN **) 2) 


(Communicated at the meeting of March 29, 1952) 


1. Introduction 

In-a previous communication?) it was shown that K-salts added 
to a mixture of gelatin and oleate sols give rise to the separation 
of gelatin and oleate containing coacervates. These coacervates have a 
marked lipophilic character, as appeared from the influence of the n- 
primary alcohols on them. About the mechanism of this coacervation 
no viewpoints had been given. In the meantime PanKHurst *) has 
investigated the coacervation of mixtures of gelatin and Na-alkylsulfate 
sol with salts and has given an interesting hypothesis for the association 
of gelatin and detergent. 

Recent work (to be published later in this series) has shown, that the 
above-mentioned gelatin-oleate coacervates belong in principle to the 
same type. One may therefore expect that the gelatin-alkylsulfate 
coacervates will also have a typical lipophylic character. 

In connection with work done in this laboratory on the influence of 
organic substances on salt containing soap systems (coacervates and 
elastic-viscous systems), we will notably investigate the influence of 
n-primary alcohols in the present communication, but also that of n- 
alkanes and n-alkylbenzenes. The results are leading to a hypothesis for 
the association of linear proteins and long chain anions which is kindred 
to that of PaNKHURST, but in certain points differs considerably. 


*) The term lipid is used here in a wide sense, including fatty acids and 
other long chain electrolytes. 

**) Aided by grants from the ‘Netherlands Organization for Pure Research 
(Z.W.O.)" 

1) Publication no. 21 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. BUNGENBERG DE Jone, E. Havinea and H. L. Boots). 

2) H. G. BUNGENBERG DE JONG and C, H. Boors —vAN STAVEREN, these Proceed- 
ings 45, 601 (1942). This communication can be considered as part I of the present 


series. 
8) K,. G. A. PANKHURST, in Surface Chemistry, p. 109 (Butterworths Scientific 


Publications, London, 1949). 
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As at the time when this investigation was started no single sulfate soap could 
be purchased, we have used ““T-pol”, a commercial mixture of sulfate soaps in 
solution. According to the manufacturer this solution contains 5 % Na,SO, and 
21 % sodium sec. allxylsulfates, and 74 % water. The general formula of the sodium 
sec. alkylsulfate is (R,) (Ry) CH.OSO,Na. Both R, and R, are alkylgroups with 
a normal chain, R, being in the main CH, or C,H, while the total number of carbon 
atoms of the molecule varies from 8—18. As gelatin we used Fo) extra from the 
Lijm- en Gelatinefabriek Delft at Delft, Netherlands. The experiments have all 
been performed at 30°. 


2. Influence of the salt concentration on the coacervation in mixtures 
of gelatin and T'-pol 


In the mixing series which are described in this section we always 
used a sevenfold diluted T-pol solution, which we will indicate by 
“3 % T-pol” (by this we mean that the concentration of the alkylsulfate 
soaps in this solution is 3%). This 3 % T-pol contains 5/7 % Na,SQ,, 
which is practically 0.1 N. As we intend to keep constant the Na,SO, 
concentration in the mixing series, we always use gelatin solutions (1.5 %) 
also containing 0.1 N Na,SO,. When the above solutions containing 
0.1 N Na,SO,, 1.5% gelatin and 3 % T-pol are mixed (at 30°), the 
mixtures remain perfectly clear. The 0.1 N Na,SO, concentration is 
still too low for coacervation. Coacervation can be obtained by increasing 
the salt concentration, which can be done with several salts. Fig. 1 gives 
examples in which chlorides are used with different cations. We may 
also keep constant the cation (e.g. K-) and vary the anion. The sequences 
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Fig. 1. Coacervation of a 1:1 mixture of 1,5 % gelatin and 3% T-pol with 
different salts. Ordinates: volume of the coacervate in ml; abscissa: logarithm of 
the salt concentration (in equivalents BP. 1) 
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of the cations and anions will be discussed in one of the next communications 
of this series. 

For our present purpose we have always used KCNS, as the coacervates 
obtained herewith were most satisfactory as regards clearness of the 
coacervate layers. 

A number of 1.5 % gelatin and 3 % T-pol stock solutions were prepared 
which, besides the 0.1 N Na,SQ,, contained 0.095, 0.19, 0.285, 0.38 and 
0.67 N KCNS 4). With the aid of these stock solutions (standing in the 
thermostate at 30°) we prepared mixing series in sedimentation tubes °) 
and read the volumes of the coacervate layers after one night sedimentation. 
The results (coacervate separated from 20 ml. mixtures) are shown in 
fig. 2. It appears that the coacervation is very weak (a small coacervate 
layer) at 0.095 N KCNS and that it increases at incresaing KCNS 
concentrations. A remarkable point is that the maximum of the coacervate 
volume curve shifts in the direction of a larger T-pol/gelatin ratio when 
the salt concentration is increased. 

To explain this shift we might at first think that partition of the 
alkylsulfate-soaps in T-pol plays the main réle. We have, however the 
experience that mixtures of soaps of the same type often behave as a 
single soap individual in a watery medium. 

From the results obtained by Pankuurst ®) on the coacervation of 
gelatin and single alkylsulfate soaps the shift of the maximum of the 
coacervate volume curves in fig. 2 can already be explained. 

He showed that at the point of maximum separation the amount of 
detergent bound to the gelatin may lie between a) the amount which 
is equivalent to the positive groupings (at the end of the side chains 
of arginine, lysine, oxylysine and histidine) of the gelatin, and b) the 
more than tenfold larger amount which is approximately equivalent to 
the number of aminoacids constituting the protein macromolecule. Case 
a) occurs at sufficiently low pH (e.g. 2.5) in the absence of salts, case b) 
above the isoelectric point (e.g. 5.5 and higher) in the presence of a 
sufficiently large saltconcentration. 

It was shown that between pH 2.5 and 5.5 the amount of long chain 
anions bound to the protein is considerably increased by salts and. that 
from pH 5.5 upwards the maximum amount 6) can be reached in the 
presence of sufficient salt. When we now consider the bundle of curves 
in fig. 2 the shift of the maximum can be explained in a similar way. 


4) Jn preparing the stock solutions of T-pol, it is necessary to mix the required 
amounts of T-pol, H,0 and a KCNS solution of known concentration at 30° or 
higher, and to keep this stock solution in the thermostate at 30°. When a cold 
KCNS solution is mixed with T-pol, there may separate double refracting droplets, 
which redissolve only very slowly at 30°. 

5) Wide tubes, with narrower cylindrical tubes at the bottom. The calibration 
of this narrower tube is in 0.1 ml. The coacervate volumes were estimated in 0.01 ml. 


8) See note 3). 
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As the pH is above 5.57) and salt is present we should find values between 
the equivalent amount a) and the more than 10 fold greater aniount 
b) for the amount of detergent bound to the gelatin at the maxima §) 
of the curves. 

Now there is the difficulty that we cannot indicate accurately which 
mixing ratio in fig. 2 correponds to the amount a), but calculation °) 
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7) With the glasselectrode we found pH = 6.70 for the 3% T-pol solution 
containing 0.315 N KCNS, pH = 5.58 for the 1.5 % gelatin solution containing 
0.315 N KCNS and pH = 5.82 for a mixture of the composition 10 ml 3 % T-pol + 
+ 10 ml 1.5 % gelatin + 5 ml H,0. Thus in the left half of fig. 2 the pH is between 
pH = 5.6 and 5.8. Taking into account the buffer action of the gelatin, the pH 
will not increase very much at higher T-pol ratios except at the extreme end to 
the right in fig. 2. 

*) By measurements of the refraction indices of coacervates and equilibrium 
liquids it was ascertained that the colloid contents are a maximum and the solubility 
of the coacervate is a minimum at the mixing ratio corresponding to the maximum 
of the coacervate volume curves—compare section 9. 

*) T-pol contains a mixture of alkylsulfates ranging from C, — C,,. We will 
first assume that the mean equivalent weight of the alkylsulfates which are present 
is equal to that of C,,H,,SO,Na, viz. 303. From the figure which takes 0.95 millimol 
per gram gelatin for the total number of basic amino acid residues in gelatin (the 
figure from Chibnal, quoted by Pankhurst) there follows an equivalent weight of 
the gelatin with regard to the positive groups of 1053. The gelatin used in our 
experiments contained about 16 % water, accordlingly 1 g. air dried gelatin is 
equivalent to (303 x 0.84) : 1053 = 0.242 g C\3H»SO,Na. Because the T-pol 
solution was 3% and the gelatin solution 1.5 %, the equivalent mixingratio in 
fig. 2 must lie at 0.121/(1 + 0.121) = 10.8 %- The assumption that the mean 


~ 
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shows that this mixing ratio cannot be far from 11 °% T-pol. We see from 
fig. 2 that at this point no coacervation occurs. At the lowest KCNS 
concentration which is used (0.095) N in fig. 2 there is already a slight 
coacervation. The maximum of the coacervate volume curve lies here 
at about 20 % T-pol. Accordingly the T-pol/gelatin ratio is here about 
(20/80) : (11/91) = 2.1 times higher than the above mentioned amount a). 

With increasing KCNS concentration the maximum of the coacervate 
volume curve shifts more and more to the right in fig. 2 and at the 
highest KCNS concentration (0.67 N) which is investigated, it lies at 
approximately 55 % T-pol. 

Accordingly the T-pol/gelatin ratio is here about (55/45) : (11/91) = 10.1 
times higher than the one corresponding to the above mentioned amount 
a). 

Resuming the above we state that the characteristic bundle of curves 
in fig. 2 gives expression to the two points found by PANKHURST, viz. 
1) the amount of detergent bound to the protein at the point of maximum 
separation lies between the equivalent amount a) and a more than tenfold 
greater amount 5), 2) increase of the saltconcentration shifts the amount 
bound to the protein in the direction of b). 7). 


3. The influence of n-hexanol and of ethanol on the coacervation in 
mixtures of gelatin and T-pol. Salt-sparing and salt-demanding action 
of organic substances 

In this section the KCNS concentration is kept constant and the 

influence of added hexanol or ethanol on the coacervate volume is 
investigated. We start from a 3% T-pol solution and a 1.5 % gelatin 
solution containing 0.1 N Na,SO, and a chosen KCNS concentration. 

For each of the alcohols we prepare a number of mixing series of the 

following composition: a ml T-pol + (20-a) ml gelatin + b ml alcohol 
+ (2-b) ml H,O. In each mixing series 611) is kept constant and a is 
varied. Fig. 3 gives the influence of increasing concentrations of n- 


equivalent weight of the alkylsulfates is represented by that of C,,H,,SO,Na is of 
course rather uncertain. When we take C,)H,,SO,Na (= 261) or C,,H,,80,Na (= 345) 
instead, this has not much influence in the equivalent mixing ratio in fig. 2. In the 
first case one finds 9.4 % T-pol and in the second case 12.1 % T-pol. In any case 
the equivalent mixingratio lies in fig. 2 to the left of the bundle of curves. 

10) When we take the mean equivalent weight of the alkylsulfates in T-pol oes 
to that of C,,H,.SO,Na or of C,,H;,50,Na the T-pol gelatin ratio at the maximum 
of the coacervate volume curve at 0.67 N KONS is (55/45) : (9.4/90.6) = 11.8 and 
(55/45) : (12.1/87.9) = 8.9 times higher than the one corresponding to the above 
Therefore the conclusion that at high saltconcentration the 


mentioned amount @). 
molecule tends to its maximum 


amount of long chain anions bound to the gelatin 


value, remains unaltered. 
11) For the dosage of the rather small quantities of hexanol which are required 


we used the dripping pipette which is described elsewhere. Compare H. G. BUNGEN- 
BERG DE Jone and L. J. DE Herr, these Proceedings 52, 783, (1949). 
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hexanol at 0.18 N KCNS. We percieve that n-hexanol increases the 
coacervate volume at the maximum and that the position of the maximum 
is shifted to higher T-pol/gelatin ratios. When we compare fig. 3 with 
fig. 2, it will be clear that — apart from a certain detail 1°) — the influence 
of n-hexanol at constant KCNS concentration bears the same character 
as increase of the salt concentration in the absence of hexanol. We may 
express this by saying that n-hexanol exerts a salt-sparing action. 

Fig. 4 gives the influence of ethanol at 0.18 N KCNS. The influence 
of ethanol is just the reverse of that of hexanol, as the height of the 


V ml 0l8N KCNS V ml ala KCNS 


0 20 30 40 50 60 70 60 90 100 20 30 ¥ 50 60 70 80 90 100 
G(//2 %) 173%) GiUh%, 1(3% 
Fig. 3 Fig. 4 


Fig. 3. Influence of increasing concentrations (millimoles/1) of m-hexanol on the 
coacervation at 0,18 N KCNS. Ordinates and abscissa as in fig. 2. 


Fig. 4. Influence of increasing concentrations (moles/1) of ethanol on the 
coacervation at 0,18 N KCNS. Ordinates and abscissa as in fig. 2 


maximum is lowered and the position of the maximum is shifted to the 
left. That this also holds for other KCNS concentrations may be concluded 
from fig. 5 in which the influence of ethanol was investigated at 0.48 N 
KCNS. 

When we compare the figs. 4 and 5 with fig. 2 the influence of adding 
ethanol — apart from a certain detail !2) — is comparable to the influence 
of decreasing the KCNS concentration. We may therefore characterize 
the influence of ethanol as a salt demanding action. For, at a certain 

%*) In fig. 2 the left branches of the coacervate volume curves coincide in their 


lower parts, in fig. 3 the left branches are shifted to the left, in fig. 4 and 5 the 
are shifted to the right. : 
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concentration of ethanol one must increase the salt concentration to 
obtain a similar coacervate volume curve as is shown by the blank. 

The terms which are introduced, viz. salt-sparing and salt-demanding 
influences, describe the influence of hexanol and ethanol from a formalistic 
point of view. The discussion in section 2 now allows to conclude that 
hexanol promotes the binding of the long chain anions to the gelatin 
and that ethanol counteracts this binding. 


4. Simplified method to compare the influence of organic substances 

For the comparison of a greater number of organic substances the 
method employed in section 3 is too cumbersome. The results of section 
3 allow a simpler method, in which both the gelatin/T-pol mixing ratio 
and the KCNS concentration are held constant. The method is illustrated 
by the scheme of fig. 6. 


V ml 048M KCNS 
Le \ blank 
7° 0.48" 
VA mat)’ 
fl fons 
O74 ° 
I [malt \ 
[én \ 
i lo ° 
iG, (07 30, 
107s, 8 \ 
I moll \ \ q ° 
Le : 
VO me eO SO) 40S 50060 70 ee 80" 90 700 
G(//2 %) T(3%) 


Fig. 5 Fig. 6 
Fig. 5. Influence of increasing concentrations of ethanol on the coacervation at 
0,48 N KCNS. 
Fig. 6. Scheme to illustrate the simplified method to compare the influence of 
organic substances. See text. 


Put the case that curve A represents a coacervate volume curve 
belonging to the chosen KCNS concentration (we take 0.25 N) and. point 
a on this curve the coacervate volume belonging to the chosen mixing 
ratio (we take 50 % T-pol). The KCNS concentration is such that curve 
A takes an intermediate position in the bundle of curves in fig. 2. The 
mixing ratio is chosen in such a way that point a lies on the right descending 
branch of curve A and that the coacervate volume is roughly half the 
one which, at the same mixing ratio, is obtained at 0.76 N KCNS. 
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A substance which exerts a salt-sparing influence will increase the 
coacervate volume, e.g. from a—b, because the coacervate volume 
curve in the mixing diagram is displaced from A — B. Similarly a sub- 
stance which exerts a salt-demanding influence will decrease the coacervate 
volume, e.g. from a — c, because the coacervate volume curve is displaced 
from A —->(G. In the next sections this method will be used to compare 
the terms of the homologous series of the n-primary alcohols, the n- 
alkanes and the n-alkylbenzenes. 


5. Comparison of the first nine terms of the n-primary alcohols 

As the general receipt for the mixtures there was taken: 10 ml T-pol 
3% +a ml alcohol + (5-2) ml H,O + 10 ml gelatin 1.5 %, the end 
volume thus being 25 ml. from which 20 ml are taken up by gelatin and 
T-pol and 5 ml are available for added alcohols. To obtain 0.25 N as 
the endconcentration of KCNS in the mixtures, both the 3% T-pol 
and 1.5% gelatin contain a KCNS concentration which is 10/8 times 
higher, that is 0.3125 N. The available volume (5 ml) for added alcohols 
was chosen so large because of the very weak influence of the first term 
— methanol—, this alcohol only exerting its full effect at relatively 
high concentrations. As the carbon chain of the alcohol is longer the 
added quantities a become smaller and only a small fraction of the 
available 5 ml is occupied by a. As a general rule one waits with the 
addition of 10 ml gelatin till the added alcohol is dissolved completely 
in the 10 ml T-pol + (5-a) ml H,O (helped by slight agitation of the 
sedimentation tube). This method of adding the alcohols becomes in- 
convenient for the higher alcohols (hexanol and higher) because the 
needed quantities of a become inconveniently small and the time after 
which the alcohol is completely dissolved becomes inconveniently long. 
With these alcohols we used another method of dosage. We prepare in 
a glass stoppered bottle an auxiliary T-pol stock solution (3 %%) in which 
we dissolve at 30° a small quantity of known weight of the alcohol. 
(e.g. one drop from the dripping pipette described elsewhere —- compare 
note 11.) With the aid of the blank T-pol stock solution (3 %) (which 
we denote below by Tp) and the auxiliary mixture (T,) we prepare 
mixtures of the composition : 


aml T, + (10-a) ml Ty + 5 ml H,O + 10 ml gelatin 1.5 % 


from which we can calculate the alcohol concentrations in the mixtures. 

Fig. 7 gives the results of a series of experiments, including methanol, 
ethanol, n-propanol, n-butanol, n-pentanol and n-hexanol, fig. 8 of a 
second series including n-pentanol, n-hexanol, n-heptanol, n-octanol and 
n-nonanol, The coacervate volumes have been plotted against the con- 
centration of the alcohols. We may comelude that generally an alcohol 
exerts a perceptible influence at lower concentrations if the carbon 
chain is longer. We further see that the lower alcohols (1, 2, 3, 4, in 
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fig. 7) exert a salt-demanding influence, whereas the higher alcohols 
(6, 7, 8, 9 in fig. 8) exert a salt-sparing influence. An apart position is 
taken by n-pentanol. This stands out better when we plot the coacervate 
volumes against the logarithm of the alcohol concentrations. 
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Fig. 7 and fig. 8. Influence of increasing concentrations of the n-primary alcohols 
on the coacervation at 50 % mixing ratio and at 0.25 N KCNS. Ordinates: volume 
of the coacervate in 0.1 ml, abscissa: concentration of the alcohols. 


This manner of plotting has the advantage that we can get a survey 
of the influence of all nine alcohols in one single figure. As, however, 
the blank coacervate volumes for the two series of experiments differed 
somewhat (first series 1.02 ml, second series 1.05 ml) we have not used 
as ordinates the coacervate volumes themselves in fig. 9, but we have 
expressed them in percents of the blanks. 

Now the peculiar course of the n-pentanol curve can be appreciated 
much better in this fig. 9 than in fig. 7. Evidently n-pentanol forms 
an exception to the rule that a perceptible influence (decrease or increase 
of the coacervate volume) is exerted at lower concentration if the carbon 
chain is longer. We would have expected that when n-pentanol behaves 

23 Series B 
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as a normal salt-sparing substance, its ascending curve would have 
the same shape as the ascending curves of the higher alcohols, further 
that this ascending curve would lie at much lower concentrations (in 
the order of 10 times lower) in fig. 9). 


-4 =3 =2 -/ 0 #/ 


Fig. 9. Influence of the n-primary alcohols on the coacervation at 50 % mixing 

ratio and at 0,25 N KCNS. Ordinates: volume of the coacervate in % of the blank. 

Abscissa: logarithm of the aleohol concentration (thus — 4 = 0,0001 mol/1; 

+ 1 = 10 mol/1, and so on), The series of vertical lines at the top of the figure is 
discussed in section 6. 


Instead of this up to concentrations by which n-butanol and n-propanol 
already decrease the coacervate volume considerably, n-pentanol still 
has only a very slight influence. At higher concentrations the curve is 
bending upwards remarkably steep. All this induces us to consider n- 
pentanol as a transition term, in which therefore, a salt-demanding and a 
salt-sparing influence are at work simultaneously and are nearly compensat- 
ing one another up to relatively high concentrations. The steep branch 
of the n-pentanol curve is further discussed in section 6. 


6. Formation of ‘P-coacervates” as a consequence of an ever growing 
increase of the concentration of the higher alcohols. 
The steep branch of the n-pentanol curve in fig. 9 


By tilting the sedimentation tubes one can observe that at the highest 
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concentrations of hexanol, heptanol, octanol and nonanol which are 
used in the fig. 9, the viscosity of the coacervate is increased compared 
with that of the blank. At still higher concentrations this increase of 
the viscosity sets a limit to the coacervate volume method. Clear layers 
are no longer formed. The very viscous coacervate includes many vacuoles. 
Besides it sticks partly to the wall of the sedimentation tubes. Microscopic 
investigation shows that the coacervate is a plastic mass now which can 
be pulled out to long very thin hyalin threads. When we add more and 
more of the above alcohols we reach at last a concentration range in 
which the nature of the systems is profoundly altered. The lumpy and 
sticky coacervate (which macroscopically gives the system the appearance 
of a flocculated system) disappears completely, and a very large clear 
coacervate layer is formed, which is lighter than the equilibrium liquid. 

Microscopic investigation of drops of this coacervate which are 
suspended in the equilibrium liquid shows that this coacervate has all 
the remarkable morphological properties of ‘‘P-coacervates” described 
elsewhere 18). The P-coacervates can be obtained from all kinds of soaps 
in the presence of salts with suitable higher alcohols. They were formed 
for instance from MgCl, containing T-pol solutions with isoamylalcohol. 
We have now investigated if P-coacervates can be formed with nonanol, 
octanol, heptanol and hexanol in the presence of 0.25 N KCNS. This 
was indeed the case and the concentrations which were needed were 
approximately the same as those used with comparable gelatin-containing 
T-pol systems. Besides, no morphological differences could be observed 
between the P-coacervates obtained from either systems. 

Obviously the alkylsulfate-protein association is severed by the higher 
alcohols in sufficient concentration. 

We have found that P-coacervation can also be obtained with n- 
pentanol. We miss here, however, the transition of the coacervate into 
a much more dense and plastic state at concentrations below that where 
the P-coacervate is formed. Besides, the morphological characteristics 
of the P-coacervates were much less marked here than with the higher 
alcohols. With n-butanol no typical P-coacervates could be obtained |). 

The exact concentrations of the different alcohols at which the 
P-coacervate is just formed, have not been determined, but we know 
for each alcohol a concentration at which we still have the very dense 
plastic coacervate and a higher concentration at which the transformation 
has already been accomplished. We know therefore the range of concen- 
trations in which the transformation into P-coacervate takes place. 


13) H. G. BUNGENBERG DE Jone and L. J. pp Huse, these Proceedings 52, 783, 
794 (1949). 

14) Addition of n-butanol first suppresses the gelatin-T-pol coacervation (see 
curve 4 in fig. 9). Then at much higher concentrations (in the order of 1 mol/1), a 
relatively large coacervate layer is formed. The coacervate drops of this coacervate 
do not show the morphological characteristics of the P-coacervates. The same 
occurs with T-pol systems containing 0.25 N KCNS in the absence of gelatin. 
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Expressed in millimoles/1. they are the following: n-nonanol 62—72; 
n-octanol 67—92; n-heptanol 74—89; n-hexanol 128—160; n-pentanol 
22(0—260. When we take the means of the above tracts as the approximate 
concentrations where P-coacervates are formed, we obtain: n-nonanol 67; 
n-octanol 80; n-heptanol 82; n-hexanol 144; n-pentanol 240 millimoles/1. 
The logarithms of these concentrations have been indicated by short 
vertical lines at the top of fig. 9. 

We see that a) the concentrations needed for P-coacervation are larger 
as the carbon chain of the alcohol is shorter, b) the concentration needed 
for n-pentanol is but slightly larger than that at which the coacervate 
volume curve for n-pentanol takes its steep course upwards. 

This last point is of importance for explaining the peculiar shape of 
the coacervate volume curve for pentanol in fig. 9, which is so quite 
unlike those of the higher alcohols. We discussed already, in section 5 
that the horizontal branch of the pentanol curve must be due to a practical 
compensation of a salt-sparing and salt-demanding component over a 
large tract of concentrations. One might think that at sufficiently high 
concentrations of pentanol the saltsparing action begins to dominate 
over the salt-demanding action and that as a consequence of this the 
coacervate volume increases. 

But the fact that the coacervate does not change into a dense plastic 
mass, as is the case with the higher alcohols, is against this interpretation 
of the steep branch of the pentanol curve. The fact mentioned above 
sub b) allows now to conclude that increase in volume of the coacervate 
along the steep branch of the pentanol curve is due to a gradual transition 
into the P-coacervate. The meaning of the volume increase of the coacervate 
in the case of pentanol (smooth transition into the P-coacervate) is there- 
fore another than in the case of the higher alcohols (condensing action 
as a consequence of the salt-sparing action). 


(To be continued) 


CHEMISTRY 


CONTRIBUTIONS TO THE PROBLEM OF THE ASSOCIATION 
BETWEEN PROTEINS AND LIPIDS. IIs *) 


1) The influence of n-primary alcohols, n-alkanes and n-alkylbenzenes on the 
coacervation of mixtures of negative gelatin and sec. alkylsulfates with salts 

2) Hypothesis on the nature of the association between long chain anions 
and linear proteins in the presence of salts and above the I.E.P. 


BY 


H. G. BUNGENBERG DE JONG anp A. M. VAN LEEUWEN **) 1) 


(Communicated at the meeting of March 29, 1952) 


= 


7. The transition from salt-demanding to salt-sparing influence in the 
series of the n-primary alcohols. Comparison with the transition for 
the T-pol coacervate without protein 

In section 5 we saw that the transition occurs in the neighbourhood 
of n-pentanol, when we work at a KCNS concentration of 0.25 N and a 
mixing ratio of 50 % T-pol. We have also investigated the position of 
this transition at a few other KCNS concentrations and mixing ratios, 
whereby we restricted ourselves to the determination of the influence 
exerted by n-butanol, n-pentanol and n-hexanol on the coacervate volume 
of the blank. The results are given in fig. 10, from which figure we see 
that the transition seems to vary somewhat according to the circumstances. 

Increase of the T-pol gelatin ratio tends to shift the transition to a 

higher term of the homologous series. Compare 25 % T-pol and 50 % 

T-pol at 0.25 N KCNS and 25 % T-pol or 50 % T-pol at 0.38 N KCNS 

with 70% T-pol. Fig. 11 gives another representation of the results, 

in which figure we have plotted the coacervate volumes of the blank 
and of the indicated alcohol concentration as function of the mixing ratio. 

From this figure, in which the blank coacervate volume has been 
dotted, it appears that the influence of the saltconcentration is not so 
great as seems to follow from fig. 10. Both at 0.25 N and at 0.38 N KCNS 
the top of the coacervate volume curve is displaced to the left by butanol. 

The exact position of the transition term cannot be given for each of a 

sufficient number of experimentally determined points. However, we make 

no great error if we assume that in general the transition takes place 


*) The term lipid is used here in a wide sense, including fatty acids and 
other long chain electrolytes. 
**) Aided by grants from the ‘‘Netherlands Organization for Pure Research 


(WO \r 


1) Publication no. 21 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. BUNGENBERG DE Jona, E. Havinea and H. L. Boots). 


330 


in the neighbourhood of pentanol, e.g. between pentanol and hexanol. 

Thus the association between alkylsulfate soap and protein is promoted 
by hexanol and the higher alcohols, and it is counteracted by butanol 
(pentanol) and the lower alcohols. 


50%T 0.19N KCNS ——— §0%T a25N KCNS 50%T 0.38N KCNS 
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ate 6 om ae 
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Fig. 10. Influence of n-butanol (= 4), n-pentanol (= 5) and n-hexanol (= 6) 
on the coacervation at a number of mixing ratios and KCNS concentrations. 


In this laboratory H. L. Booy and E. 8. van Cacar have investigated 
the influence of the n-primary alcohols on the coacervation of T-pol 
with MgCl, 1°). They found that all n-primary alcohols which were 
investigated (C,—C\,) exert a salt-sparing influence. 

In the next survey the numbers represent the n-primary alcohols 
(1 = methanol, 9 = n-nonanol). The vertical line in each series denotes 
the transition from salt-sparing (to the left of line) to salt-demanding 
(to the right of the line): 

9-—8-—7—_ 6-5 —4— 9 —9-=] T-pol + salt 
9—8—7—6 | 5—4—3—2—1 T-pol + gelatin + salt. 

Though the alkylsulfate associated with the protein retains one 
characteristic feature of the alkylsulfate soap itself (very marked influence 
of the length of the carbon chain of the alcohol) another feature (position 
of the transition term) is modified considerably. The binding of the soap 


to the protein shifts this transition over several terms in the direction 
of the longer alcohols. 


15) H. L. Boos and E. S. van Catoar, these Proceedings 53, 1169 (1950). 
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8. Comparison of some terms of the n-alkanes and of the n-alkylbenzenes 
In principle the method followed with the investigation of the in- 


fluence of hydrocarbons was the same as the one which is described in 
section 5) for the higher alcohols. 


The auxiliary, hydrocarbon containing, 3 % T-pol solutions were, however, prepared 
in an other way, because the rate of solution of the higher hydrocarbons, especially 
of the higher n-alkanes, in the 3% T-pol (which is containing 0.3125 N KCNS) 
was much too small to be practicable. The rate of solution is much greater in the 
undiluted (21%) T-pol. The procedure for preparing the auxiliary 3% T-pol 
solution was as follows: A small quantity of the hydrocarbon is put ina glass-stoppered 
50 ml Erlemeyer flask with the dropping pipette and its weight is determined. 
The 5 ml 21 % T-pol is added and the flask is agitated now and then, till the 
hydrocarbon is completely dissolved. Now the flask is put in the thermostate of 
30° and 30 ml of a 7/6 x 0.3125 N = 0.365 N KCNS solution (of 30°) is added. 
The solution rate at room temperature in the 21 % T-pol is relatively fast for the 
lowest terms of the n-alkanes (159 mg n-pentane is dissolved in a few minutes) 
and becomes smaller as the number of carbonatoms in the alkane increases (136 mg 
n-octane is dissolved in about 1.5 hours; 108 mg nonane was dissolved overnight). 
With the higher terms a sufficient rate was obtained by putting the flasks in the 
thermostate of 30° (decane) or 40° (47 mg undecane) and by frequent or constant 
shaking. 
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Fig. 11. Influence of n-butanol (= 4); n-pentanol (= 5) and n-hexanol (= 6) 
on the coacervation in the mixing diagram. The blank curve has been dotted. 


The results obtained with the n-alkanes are given in fig. 12, from 
which figure it appears that a) every term of the homologous series has 
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its own characteristic action, b) the lower terms exert a salt-sparing 
influence in small concentrations, which influence tends to reverse into 
a salt-demanding influence at higher concentrations, c) the higher terms 
exert at once a salt-demanding influence. 

These features were already known for the influence of the n-alkanes 
on oleate coacervates 16) and on elastic viscous oleate systems 1’). In this 
laboratory Mrs pE Bock—vyan CaucaRr has investigated the influence 
of the n-alkanes on the coacervation of T-pol with MgCl, 18). She found 
that pentane up to and including nonane exert a salt-sparing influence, 
whereas decane and undecane exert a salt-demanding influence. There- 
fore the transition lies here between nonane and decane. In the T-pol- 
gelatin coacervates we find n-octane as transition term. Therefore the 
influence of the binding of the soap to the protein seems to shift the 
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Fig. 12 and fig. 13. Influence of n-alkanes, benzene and n -alkylbenzenes on the 
coacervation at 50 % mixing ratio and at 0,25 N KCNS. In fig. 12 the numbers 
written to the curves give the number of carbon atoms in the n- alkanes. 


6) H. L. Boor, J. C. Lycxiama and C. J. VoaEnsana, these Proceedings 53, 


407 (1950). 

”) H. G. BUNGENBERG DE Jona, W. A. LoEVEN and W. W. H. W EYZEN, these 
Proceedings 53, 759 (1950). 

18) Unpublished results, 
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transition in the homologous series of the n-alkanes in a much smaller 
degree than in the homologous series of the n-primary alcohols. 

The results obtained with benzene and a number of n-alkylbenzenes 
are given in fig. 13. The bundle of curves shows in principle the same 
characteristic features as the bundle for the n-alkanes in fig. 12, so that 
we need not repeat them. The influence of benzene and the n-alkylbenzenes 
has been investigated on oleate coacervates 19) and on elastic viscous 
oleate systems *°) and here too the same characteristic features are found. 

As the influence of benzene and of the alkylbenzenes has not been 
investigated on T-pol coacervates, it is not possible here to draw a 
comparison between the behaviour of the protein containing and the 
protein free T-pol coacervates. 


9. Change of the colloid content of coacervate and equilibrium liquid 

by varying the mixing ratio at constant KCNS concentration ') 

The experiments in this and in the next section have been performed 
a year later, when no T-pol used in the preceding section was left. 
Obviously the new sample of T-pol had another composition, for in 
comparable experiments on the coacervate volume (e.g. varying of 
the mixing ratio, or adding organic substances) we got other results 
quantitatively. However qualitatively everything is the same ”*). 

In the preceding sections we were mainly interested in the displace- 
ment of the maximum of the coacervate volume curve in the mixing 
diagram as a consequence of a) the variation of KCNS concentration 
b) the addition of organic substances. 

In this and in the next section we direct our attention to the 


19) H. L. Boom, C. J. Vocensane and J. C. Lycxiama, these Proceedings 53, 
882 (1950). 

H. L. Boors and P. J. van Muriem, these Proceedings 54, 273, 284 (1951). 

20) H. G. BUNGENBERG DE Jonc, W. A. LoEvEN and W. W. H. Weyzemn, these 
Proceedings 53, 759 (1950). 

H. G. BuncENBERG DE Jona, W. A. Lorven and H. J. VeRHAGEN, these 
Proceedings 53, 975 (1950). 

21) The measurements in the sections 9 and 10 were performed by Mr. A. Recourt, 
to whom we express our thanks for his aid. 

22) Compare for instance fig. 14 upper and fig. 2. Both figures give the coacervate 
volume separated from 20 ml mixtures of “3 % T-pol” and 1.5 % gelatin (containing 
0.1 N Na,SO,) at 30°. At approximately the same KCNS concentration (0.4 N in 
fig. 14; 0.38 N in fig. 2) the coacervate volume curves are not at all the same 
quantitatively. 

With the new sample coacervation starts at a smaller mixing ratio (at approx. 
9 %, in fig. 2 at approx. 16 %), the maximum of the curve lies at a smaller mixing 
ratio (approx. 33 %, in fig. 2 at approx. 47.5 %) and the coacervate volume at 
the maximum is smaller (1.13 ml, in fig. 2 1.55 ml). The character of the curve is, 
however, the same. We also found with the new sample that the maximum of the 
eoacervate volume curve shifts to the right and that the height of the maximum 
increases at increase of the KCNS concentration (just as in fig. 2). 
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changes of the colloid content of the coacervate and of the equilibrium 
liquid as a consequence of the change of the same parameters. As our 
systems contain KCNS it is technically not well possible to obtain 
reliable information on these points by determination of the dryweights 
of coacervates and equilibrium liquids. We have therefore adopted the 
very convenient method (measurement of the refraction index) described 
by Boow, LycKuama and VoGELsane *), to which publication we refer 
for details. 

The method is based on the assumption that the saltconcentration 
in coacervate and equilibrium liquid is nearly the same and therefore 
changes of the refraction index at constant saltconcentration indicate 
changes in the colloidconcentration. Fig. 14 upper end gives the volume 
of the coacervates which are separated from 20 ml mixtures of 3% 
T-pol. and 1.5 % gelatin (containing 0.1 N Na,SO,) and fig. 14 lower 
end gives the refraction indices of the uncoacervated mixtures (S), the 
coacervates (C) and the equilibrium liquids (E) (measured at 30°). 

Unfortunately the coacervates separated at 10 °% and 55 °% T-pol were 
too small to allow measurement of the refraction index. The course of 
the C-curve up to the very limits of the unmixing region (the two dotted 
vertical lines) is therefore not known. It will however not differ much 
from the course (dotted) given in the figure, which means that curve C 
ends abruptly at both limits of the coacervation region at values of the 
refraction index which are considerably higher than those which are 
found for S at the limits of the coacervation region. On the other hand 
curve EK meets the curve $8 at both limits of the coacervation region. 
These peculiarities of the C and E curves can already be foreseen theoretic- 
ally, when we take into account the fact that at the coacervation limits 
the amount of coacervate which is separated begins at zero and reaches 
a maximum in the coacervation region (fig. 14 upper). Compare the above 
mentioned publication of Boors, LycKLAMA and VoGELSANG. 

The most important result of the above measurements is that the 
mixing ratios at which the maximum of the coacervate volume curve 
(fig. 14 upper), the maximum of curve C and the minimum of curve E 
(fig. 14 lower) are situated, practically coincide. Hence the colloid content 
of the coacervate is a maximum and the solubility of the coacervate 
is a minimum at the maximum of the coacervate volume curve. 

We have also investigated mixing series at other KCNS concentrations 
and have found that here too the above coincidence applies. 


10. Influence of n-primary alcohols, of n-alkanes and n-alkylbenzenes 
on the colloid content and the solubility of the coacervate at constant 
mixing ratio and constant KCNS concentration 

In this section we use the ‘simplified method” which is described 

48) Hi Ly Boor, J. CG) Lvernamavend ous VOGELSANG, these Proceedings 52 

1006 (1949). 
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in section 4, but now we not only investigated the change of the coacervate 
volume but also the change of the refraction index of coacervate and 
equilibrium liquid. We chose once more the mixing ratio 50 °% T-pol 
and had first to investigate which KCNS concentration would be required 
to obtain a suitable coacervate volume. Fig. 15 upper end gives the 
coacervate volume obtained at 30° from 25 ml mixtures of the composition 
ees = ie as pees, = WA ee O.1N Na,SO,) + a mil 

ay ie é 2 20. Fig. 15 lower end gives the refraction 
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Fig. 14. Upper: coacervate volume (in ml.); lower: refraction indices of the 
uncoacervated mixtures S, the coacervates C and the equilibrium liquids E, occurring 
in the mixing series at 0,4 N KCNS. 

Fig. 15. Upper: coacervate volume (in ml); lower: refraction indices of the un- 
coacervated mixtures S, the coacervates C and the equilibrium liquids E, for the 
mixing ratio of 50 % T-pol and increase of the KCNS concentration. 


index of the uncoacervated systems 8, of the coacervates C and of the 
equilibrium liquids E which coexist above 0.29 N KCNS 24) A suitable 


24) One concludes from fig. 15 lower end that the increase of the coacervate 
volume in fig. 15 upper end is mainly due to a decrease of the solubility of the 
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coacervate volume (i.c. not too small and not too large) is obtained at 
0.4 N KCNS according to fig. 15 upper end. 

According to fig. 14 upper end, we are here (50 % T-pol and 0.4 N 
KCNS) on the right descending branch of the coacervate volume curve 
in the mixing diagram, so that we have fulfilled the conditions for the 
application of the “simplified method’. At the mixing ratio of 50% 
T-pol and at 0.4 N KCNS an increase of the coacervate volume will mean 
a shift to the right of the maximum of the coacervate volume curve in 
the mixing diagram, a decrease of the coacervate volume will mean a 
shift to the left. 

For the experiments on the influence of organic substances we made 
the mixtures in exactly the same way as in the sections 5 and 8, with 
the only difference that the KCNS concentration was taken 0.4 N 
(instead of 0.25 N). The results are given in fig. 16. When we compare 
the upper graphs of this figure with the figures 7—13, we see that also 
with the new sample of T-pol the transition from salt-sparing into salt- 
demanding action is found at the same place in the homologous series 
as where it was found with the former sample: viz. between n-hexanol 
and n-pentanol in the series of the alcohols; at n-octane or between n- 
octane and n-nonane in the series of the n-alkanes and between n-butyl- 
benzene and n-heptylbenzene in the series of the n-alkylbenzenes. When 
we now compare the lower graphs in fig. 16 with the upper graphs, we 
see that all substances which exert a salt-sparing influence increase the 
refraction index of the coacervate — that is increase its colloid content — 
and decrease the refraction index of the equilibrium liquid — that is 
decrease the solubility of the coacervate —. On the other hand, sub- 
stances which exert a salt-demanding influence have the opposite effects. 

Even the reversal of or the tendency to reverse the salt-sparing action, 
which, in the lower terms of the alkanes and alkylbenzenes, manifests 
itself in fig. 16 upper at the increase of the hydrocarbon concentration, 
is reflected in the course of the refraction index curves in fig. 16 lower end. 

The above mentioned close connection between changes of the coacervate 
volume and changes in the colloid content of the coacervate and changes 
in the solubility of the coacervate can easily be understood. 

For we have chosen for the blank (50 % T-pol and 0.4 N KCNS) a 
point on the right descending branch of the coacervate volume curve 
in fig. 14 upper end to which corresponds a point on the right descending 
branch of curve C and a point on the right ascending branch of curve E 
in fig. 14 lower end. 


coacervate, The colloid content of the coacervate does not change very much. 
The differences A = Deoac. — Mequils, Show first a slight increase (mainly due to 
the diminished solubility) with increasing KCNS concentration, thereafter a slight 
decrease (perhaps because of a secundary swelling influence of high KCNS 
concentrations). At 0.37 N A = 0.0144; at 0.444NA = 0.0158; at 0.158 NA = 0.0162; 
at 0.592 NA = 0.0158; at 0.666 N A= 0.0151 and at 0.74 NA = 0.0140, 
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Substances which exert a salt-sparing action shift the right branches 
of the three curves to the right, as a consequence of which the coacervate 
volume increases, the colloid content of the coacervate increases and the 
solubility of the coacervate decreases. Substances which exert a salt- 
demanding influence shift the right branches of the three curves to the 
left and have therefore just the reverse effects. 
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Fig. 16. Influence of some n-primary alcohols, n-alkanes and n-alkylbenzenes 

at a mixing proportion of 50 % T-pol and at 0,4 N KCNS on the coacervate volume 

(upper graphs) and on the refraction indices of the coacervate (C) and of the equilibrium 
liquid (E) (lower graphs). 


(To be continued) 


CHEMISTRY 


CONTRIBUTIONS TO THE PROBLEM OF THE ASSOCIATION 
BETWEEN PROTEINS AND LIPIDS. IIc *) 


1) The influence of n-primary alcohols, n-alkanes and n-alkylbenzenes on the 
coacervation of mixtures of negative gelatin and sec. alkylsulfates with salts 

2) Hypothesis on the nature of the association between long chain anions 
and linear proteins in the presence of salts and above the I.E.P. 


BE 


H. G. BUNGENBERG DE JONG anp A. M. VAN LEEUWEN **) 2) 


(Communicated at the meeting of March 29, 1952) 


11. Hypothesis on the nature of the soap/gelatin associations in the 
presence of salts and above the I.E.P. of the gelatin 


From the fact that, at a sufficiently high salt concentration the 
amount of long chain anions bound to the gelatin at the point of 
maximum separation is at least 10 times larger than the one which is 
corresponding to a binding of one long chain anion per positively charged 
ionized group of the gelatin, PANKHURST concluded that a monolayer of 
absorbed long chain anions is formed with their polar groups towards 
the protein (binding of the long chain anions on the keto-imide groups 
in the backbone of the polypeptide chain by ion-dipole interaction). 
When, however, more alkylsulfate is added than the amount which is 
corresponding to the minimum water solubility a second layer would be 
formed on the top of the first by VAN DER WAALS forces, as a result of 
which the water solubility is increased. 

We will, however, arrive in the following to the hypothesis, that at 
the point of minimum water solubility of the coacervates in a mixing 
series, we have already large sandwich micelles of soap as integral parts 
of the association between soap and protein (in the presence of a sufficiently 
high salt concentration). 

We start the discussion with the hypothesis of H. L. Boois concerning 
the nature of soapmicelles in soap coacervates and the réle played by 

*) The term lipid is used here in a wide sense, including fatty acids and 
other long chain electrolytes. 


**) Aided by grants from the “Netherlands Organization for Pure Research 
CANA 


') Publication no. 21 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. BUNGENBERG DE Jone, E. Havinea and H: L. Boots). 
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salts in the formation of this kind of micelles 5). According to Boorg 
the small spherical micelles, present in dilute soap solutions, grow into 
large sandwich micelles at increasing salt concentration (compare fig. 17). 
This transformation is a gradual one. At salt concentrations much lower 


\ Zameen 


aN 
Le Ay, 
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Fig. 17. Scheme to illustrate the influence of an increasing salt concentration 

on the soap micelles. Left (no salt) = spherical micelle; right (with enough 

salt to obtain coacervation) = large sandwich micelle (according to the hypothesis 

of H. L. Boors). At intermediate salt concentrations one has to assume the presence 
of smal] sandwich micelles. 


than those needed for coacervation, there are already precursors (sandwich 
micelles of small extension) ?*). At further increase of the salt concentration 
the transformation continues and is practically completed at the coacerva- 
tion limit. 

Now it is characteristic for the type of coacervation which we are 
studying here (gelatin + alkylsulfate + salt; gelatin + oleate + salt) 
that above the I.E.P. of the gelatin no coacervation takes place at any 
soap/gelatin ratio when salt is absent. Further, that the coacervation 
sets in at saltconcentrations which are much smaller than those which 
are needed for the coacervation of the soap itself. The réle played by 
the salt becomes intelligible when we combine the views of Boors 
(precursors of large sandwich micelles at lower salt-concentrations) and 
the assumption of PAaNKHURST (keto imide groups of the protein are involved 
in the association of soap and protein). When we have a soap solution 
at a saltconcentration which is far too low for complete transformation 
of the spherical micelles into large sandwich micelles, but high enough 
for precursors to be already present, then introduction of an appropriate 
amount of gelatin molecules (in general: linear protein macromolecules) 
may force the above mentioned transformation. From the various 
association forms of the soap, which are present in the equilibrium mixture 
at these relatively low salt concentrations, the protein molecules continue 


25) H. L. Boors: Association Colloids, Chapter XIV in Kruyt, Colloid Science IT. 
(Elsevier Publishing Company, Amsterdam, 1949). 

Compare also H. L. Boor, C. J. Voceisane and J.C. LyckiaMmA, these Proceedings 
53, 59 (1950) and H. L. Boors, Kolloid. Z. 125, 21 (1952). 

26) When at these lower saltconcentrations the soap solution assumes the character 
of a viscous elastic system (this occurs for instance at appropriate temperatures 
with oleate and the soaps of the saturated fatty acids), the small sandwich micelles 
may be parts of a large scale association of higher order, the nature of which does 


not concern us here. 
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to collect preferably the precursors and they induce them to coalesce 
into sandwich micelles of large extension. When the proportion of gelatin 
and soap is such, that after the association has been completed neither 
gelatin nor soap is left unbound, we thus arrive to the scheme represented 
in fig. 18. According to this scheme the characteristic association of 
soap and gelatin in the presence of a sufficient though relatively low salt 


pee ae eee 
| | | Fig. 18. Scheme for the association of long chain 


| anions and linear protein macro-molecules at a 


sufficient salt concentration and above the I.E.P. 
Later of the protein. 


concentration consists of sandwich micelles of large extension covered 
on both sides by a monolayer of protein. 

At a certain saltconcentration we meet in the mixing series (fig. 2) 
the phenomenon of separation into two liquid layers (coacervation). 
Therefore the question arises why the association according to fig. 18 
is partially soluble in water though its outer surfaces are covered by 
gelatin (which is soluble in water in practically all proportions). To this 
it may be answered that keto-imide groups will be favourably exposed 
for interaction with the soap micelles, when the gelatin molecule lies 
with its side chains in the plane of the protein monolayer. 

Thus the groups in the side chains which favour solubility in water 
(ionized groups, OH groups) are “turned out’ of the water and as far 
as possible will form salt bridges or other bonds together. 

In this position they will be less hydrated and it does not seem un- 
reasonable that partial solubility should result from it. It is of course 
not true that no hydration is left, for the gelatin-alkylsulfate coacervates 
contain still an appreciable content of water (80—90 % according to 
Pankuurst) and the literary comparison with an oil is out of place. 

As far as it is not compensated by salt bridges the turning out of the 
water of the ionized groups will cost energy. We are in the relatively 
favourable position here that the pH (5.8) is near to the I.E.P., so that 
the ratio of positive and negative groups in the gelatin is still not far 
from unity. Still many groupings will not find partners for saltformation 
and this will not be favourable to the realization of the protein-soap 
association according to the scheme in fig. 18. We recognize that the salt 
which is added may have still another function than the formation of precursors 
of the large sandwich micelles, namely that of the screening of the opposing 
tonized groups, so that now they can be turned into the plane of the protein 
monolayer more easily. 

In one of the next communications, experiments will be given, which 
substantiate this second function of the added salt. 
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12. Discussion of the influence of the mixing ratio in the total system 

and of the saltconcentration 

Till now we only discussed the association occuring at that mixing 
ratio in a mixing series, where all soap and all gelatin which are present 
have formed associations according to the scheme in fig. 18. As excess 
of gelatin or of soap in the total system will lead to an increase of the 
mutual solubility of both layers, this ratio will be indicated by extreme 
values of the colloid content of the coacervate (maximum), of the colloid 
content of the equilibrium liquid (minimum), and of the coacervate 
volume (maximum); compare fig. 14. 

We may now ask if associations of the type in fig. 18 will also be present 
in the coacervates which separate at other mixing ratios, where we have 
an excess of gelatin or of soap. We intend to answer in the affirmative, 
because PANKHURST has found that the alkylsulfate/gelatin ratio in the 
coacervates did not change very much when the alkylsulfate/gelatin 
ratio in the total system is varied considerably. 

However, there is a distinct influence of the mixing ratio in the total 
system on the water content, this content being a minimum at the point 
of maximum separation (PANKHURST, see also the occurrence of a maximum 
in curve C of fig. 14 lower). The slight uptake of gelatin or of soap in 
the coacervate between the associations of the type in fig. 18 thus has a 
relatively large influence on the water content. This seems reasonable 
as both the gelatin and the soap, which are present between the associa- 
tions, are to be considered as free gelatin and soap and therefore as 
strongly hydrated compounds. 


PanxKuurst has shown that the amount of long chain anions bound 
to the gelatin (at the point of maximum separation and at a sufficiently 
high saltconcentration) is approximately equal to the number of 
aminoacids constituting the linear macromolecule of the gelatin. This 
can also be foreseen from the association given in the scheme of fig. 18. 
In the above we discussed already that the side chains of the protein 
monolayer must lie in the plane of the layer, so that a surface of 28.5 A? 
with each aminoacid residue is corresponding (assuming the side chain 
spacing 10 A and the period in the peptide chain 2.85 A). In dense 
packing, fatty acids show a molecular surface of the same order of 
magnitude (e.g. stearic acid + 20 A?). 

We are, however, of the opinion that in the association according 
to the scheme in fig. 18 some variation of the degree of packing of the 
soap-ions, in dependence of the saltconcentration is possible. For one 
may assume that also in soap solutions the small sandwich micelles 
(‘precursors’) present at lower saltconcentrations, have a less dense 
packing of the soap-ions than the large sandwichmicelles which are present 
at the coacervation limit. 

This explains in principle the shift of the maximum of the coacervate 


24 Series B 
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volume curve in the direction of higher soap/gelatin ratios (compare 
Bo aS) 


13. Discussion of the influence of organic substances 

The main purpose of the experiments in the present communication 
was to study the influence of n-primary alcohols, n-alkanes and n-alkyl- 
benzenes. When we generalize the results (for detail see the sections 4—10) 
we may say that as regards the connection between structure of an 
organic substance and its influence, quite the same system of rules is 
present in the coacervation gelatin + soap + salt as in the coacervation 
soap + salt. 

This result is a strong indication for the presence of large sandwich 
micelles as parts of the association between gelatin and soap, when it is 
accepted with Boots, that in soap coacervates large sandwich micelles 
are present as the characteristic association form of the soap-ions. 

Up to now the idea of the sandwich micelles has been a fruitful working 
hypothesis. It enables for instance to relate the fact that the higher 
n-primary alcohols have quite another action (salt-sparing influence) 
than the higher alkanes (salt-demanding influence) with the different sites 
where they exert their action in the sandwich micelles **). 

The alcohols are taken up in the micelles, in such a way that the polar 
group (OH) remains anchored to the water. The carbon chain is therefore 
taken up between the carbon chains of the soap-ions (as is designed 
in fig. 19 A, in which we must think away for a moment the two protein 


Fig. 19. Scheme to illustrate the large shift of the transition in the homologous 
series of the n-primary alcohols (A) and the small shift of the transition in the 
homologous series of the n-alkanes (B). See text. 

2”) In recent work an analogous shift has been found in the coacervation gelatin + 
+ oleate + K-tetraborate at increase of the K-tetraborate concentration. The 
shift is far less pronounced here and tends to stop above a certain concentration. 
The considerable shift shown in the coacervation of gelatin + T-pol + KCNS 
which points to a larger range of possible degrees of packing might be connected 
with the presence of secundary alkylsulfate anions (moreover of different chain lengths) 
in the sandwichmicelles. 

The difference in working pH (gelatin + T-pol appr. pH 5.8, that is relatively 
close to the I.E.P. of the gelatin; gelatin + oleate pH appr. 9.3, that is relatively 
far from the I.E.P. of the gelatin) may also play a réle. 


8) H. L. Boor, J. C. Lycxtama and C. J. VocEnsane, these Proceedings 53, 
408 (1950), 
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monolayers). The higher alkanes on the other hand are preferably taken 
up in the methylplane between the two layers of soap-ions (as is designed 
in fig. 19B, once more we must think away the protein layers here). In 
the following survey we give schematically the influence of the successive 
terms of the n-primary alcohols and of the n-alkanes on the coacervation 
of mere T-pol with salt and on the coacervation of gelatin + T-pol with 
salt (the salt of course being here in much too low a concentration to bring 
about the coacervation of T-pol). 


S Salt-sparing action Salt-demanding action 
Class of Systems : : : : 5 
hoe . Bie ; iteaniae) | (increasing from (imereasing from) 
substances salt containin ; a : 
pence | ( i right to left) left to right) 
| 
n-primary (| T-pol alone 9-8—7—6—5—4-3-2-1 
alcohols (| T-pol + gelatin 06-726 5-4-3-9-1 
T-pol alone 5—6—7-8-9 OSs 
n-alkanes : 
T-pol + gelatin 5—6-7-8 Sal 


The survey shows clearly that the general system of rules is the same 
for the soap coacervate and for the soap + gelatin coacervate (as is 
already mentioned in the above). There is only this difference, that the 
transition between salt-sparing and salt-demanding action occurs at 
another place in the homologous series. It is very striking that this shift 
is very marked for the homologous series of the n-primary alcohols and 
is only weak for the homologous series of the n-alkanes. When the 
alcohols and the alkanes take the sites as is pictured in fig. 19 this 
difference can be explained rather simply. 

The binding between the faces of the sandwich micelles and the protein 
monolayers cannot be influenced much by the alkanes, which, according to 
Boor, are preferably taken up in the methyl plane. Hence the presence 
of the monolayers of protein will hardly alter the place in the homologous 
series where the transition between salt-sparing and salt-demanding 
action is situated. 

The alcohol molecules taken up by the sandwich micelles lie with 
their OH groups in the same plane as the long chain anions and there- 
fore they may readily interfere with the binding between the protein 
monolayers and the sandwich micell. . 

When we assume with Pankuurst that the binding is connected with 
the interaction of the dipoles in the keto-imide groups of the protein and 
the negative charges of the long chain anions, the substitution of long 
chain anions by alcohol molecules will in principle weaken the binding 
between the protein monolayers and the sandwich micelles (negatively 
charged groups in the surface of the latter are replaced by uncharged 
groups). From this it follows that the place where the transition between 
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salt-sparing and salt-demanding action is situated in the homologous 
series (now reckoned for the soap-gelatin association as a whole) must be 
shifted into that direction where we have stronger. salt-sparing action 
for the mere soap system. Just this kind of shift is shown by the above 
survey for the n-primary alcohols. 


It is very improbable that the shift of the transition in the series of the n-primary 
alcohols would only be due to the fact that a lower salt concentration is needed 
for a coacervation of soap + gelatin, than is needed for the coacervation of the 
mere soap. This follows from the study of elastic oleate systems, where we have 
a similar general system of rules as for the coacervation of oleate. The transition 
for the elastic systems (low KCl concentration) lies at or below methanol #9); for 
the coacervation (high KCl concentration) it lies between n-butanol and n-propanol. 
The shift of the transition in the homologous series of the m-primary alcohols as a 
consequence of a lowering of only the salt concentration (where we have only precur- 
sors) is therefore just the reverse of the one which occurs in the above survey (where 
at low salt concentration precursors unite with the protein). Contrary to this the 
slight shift occurring in the series of the alkanes in the survey is in the same direction 
as would be expected from the comparison of elastic oleate systems ®°) and oleate 
coacervates. 


We will end this section by stressing the point that in the influence 
of the alcohol molecules on the soapmicelle-proteinsystem, as described 
above, two different actions can be distinguished: one on the micelle 
itself, and the other on the micelle-proteinbond. The phenomena 
described in section 6 — i.e. the appearance of ‘‘P-coacervates’’, when 
the concentration of the higher terms of the n-primary alcohols is further 
increased — are the result of action on the micelle itself (though by 
primarily breaking up the soapmicelles the micelle-proteinbond ultimately 
is influenced too). 

A strong argument in favour of this is the fact that in the gelatine + 
soap-coacervate the concentration of the alcohols at which ‘P-coacer- 
vation” sets in, is exactly the same as in the soap coacervate itself, 


Summary 


1. The coacervation of T-pol (mixture of sec. alkylsulfates) with gelatin 
and salt (KCNS) at pH 5.8 (above the I.E.P. point of the gelatin) has 
been studied at 30°. In particular the influence of n-primary alcohols, 
n-alkanes and n-alkylbenzenes has been investigated. 

2. Only at sufficiently high saltconcentration coacervation occurs. 
The curves in a mixing diagram (solutions of 1.5 % gelatin and 3 % 
T-pol) representing the coacervate volume, and the refraction index of 
the coacervate and of the equilibrium liquid show an extreme value 
(maximum, maximum and minimum respectively) at the same T-pol/ 


29 7 
) H. G. Buncensere pr Jone and H. J. van DEN Brre, these Proceedings 


53, 109, 233 (1950). 


°°) H. G. BUNGENBERG DE Jona, W. A. LOEVEN and W. W. H. WEYZEN, these 
Proceedings 53, 743, 759 (1950) 
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gelatin ratio, which ratio indicates the composition of the association. 
At increase of the saltconcentration the amount of long chain anions 
bound per g. gelatin increases. 

3. At constant salt concentration increasing concentrations of n- 
hexanol shift the coacervate volume curve in the mixing diagram’ in a 
similar way as the mere increase of the salt concentration would do; 
ethanol shifts the coacervate volume curve just in the reverse way. Thus 
n-hexanol exerts a salt-sparing influence, ethanol a salt-demanding 
influence. 

4. A method, based upon what is mentioned sub 3) has been given. 
This method allows to compare more conveniently a greater number 
of organic substances as far as regards the influences (salt-sparing or 
salt-demanding) which they exert as a function of their concentrations. 
The method has been applied on the terms of the three homologous 
series mentioned in sub. 1). 

5. The lower terms of the n-primary alcohols exert a salt-demanding 
influence, the higher terms a salt-sparing influence, the transition lying 
between pentanol and hexanol (close to pentanol). 

6. Comparison with the already known influence of the n-primary 
alcohols on the coacervation of T-pol itself with salt shows that the 
association of the alkylsulfates with the protein has considerably shifted 
the place in the homologous series where the transition is situated. In 
the next symbolic representation the terms at the left of the vertical 
line exert a salt-sparing action, those at the right a salt-demanding 
influence. 


9—8—7—6—5—4—3—2—1]| T-pol + salt 
9—8—7 6| 5 4—3—2—1 T-pol + gelatin + salt. 


7. The lower terms of the n-alkanes exert a salt-sparing influence 
in low concentrations which influence tends to change or actually changes 
into the reverse at higher concentrations. The higher terms of the alkanes 
exert a salt-demanding influence at all concentrations. The transition for 
the initial influence lies between octane and nonane (close to octane). 

8. Comparison with the already known influence of the alkanes on 
the coacervation of T-pol itself shows that the association with the 
protein only leads to a slight shift of the transition in the homologous 
series of the n-alkanes: 


5—6—7—8—9 | 10—11 T-pol + salt 
5—6—7—8 | 9—10—11 T-pol + gelatin + salt. 


9. The results with benzene and the n-alkylbenzenes are similar to 
those obtained with the n-alkanes. The position of the transition in the 
homologous series has not been determined, but it lies between butylbenzene 
(salt-sparing) and heptylbenzene (salt-demanding). 


346 


10. When the higher terms of the n-primary alcohols are added in 
ever increasing concentrations, the protein soap association is at last 
severed and ‘“P-coacervates’”’ are formed from the soap which is set free. 

11. It has bean argued that the characteristic association units of 
long chain anions and linear macromolecular proteins which are present 
in the coacervate, consist of large sandwich micelles of the long chain 
anions covered on both sides with a monolayer of protein. The mutual 
binding of soap micelles and protein is assumed to be in principle the 
one which is given by PanKHuRstT (interaction of ionized groups at the 
surface of the micelle with dipoles of keto-imide groups in the backbone 
of the protein). 

12, The presence of sandwich micelles in the protein-soap association 
explains why the general character of the influence of the alcohols, 
alkanes and alkylbenzenes mentioned sub 5) 7) and 9) is quite the same 
as the one which one meets in the study of the influence of these sub- 
stances on the coacervation of soaps alone. 

13. The large shift in the homologous series of the n-primary alcohols 
mentioned sub 6) and the only weak one in that of the n-alkane 
mentioned sub 8) can easily be explained from the different localisation 
of molecules of alcohols and of alkanes taken up in the sandwich micelles 
(alcohol molecules remain anchored in the surface of the micelles, and 
therefore in principle they weaken the binding protein monolayer-sandwich 
micelle; alkane molecules are preferably taken up in the ‘“‘methyl-plane’’). 

14. Alcohols, apart from influencing the micelle-proteinbond, may 
also act on the micelle itself. The second mode of action is the primary 
factor in the phenomena mentioned sub 10). 

The continued uptake of the higher alcohols leads to such profound 
alterations of the sandwich micelles, that they are no longer able to 
bind the protein. 


CHEMISTRY 


CONTRIBUTIONS TO THE PROBLEM OF THE ASSOCIATION 
BETWEEN PROTEINS AND LIPIDS. *) III 


Further investigations on the coacervation of gelatin + oleate + salt at a pH 
above the I.E.P. of the gelatin 


BY 


H. G. BUNGENBERG DE JONG, C. MALLEE anp A. RECOURT 


(Communicated at the meeting of April 19, 1952) 


1. Introduction 

The present communication gives experiments and analyses which 
allow to conclude that the coacervation of gelatin + oleate + salt 1) at 
pH values higher than 9 belongs to the same category as the coacervation 
of gelatin + alkylsulfate + salt (studied by PankHurst?)) and the 
coacervation of gelatin + T-pol (mixture of sec. alkylsulfates) + salt 
(studied in part II of this series 3)). 

The assumption that the characteristic associations-in the coacervate 
are of the same kind here as the ones which are proposed for the coacervates 
in part II of this series seems, therefore, quite justified. On this basis 
(sandwich micelles of long chain anions covered on both sides with a 
monolayer of linear protein macromolecules) it will be possible to explain 
the influence of the n-primary alcohols on the coacervation of gelatin + 
oleate + salt which has been studied in part I of this series. 

At pH values below pH 9 the coacervation of gelatin + oleate + salt 
will appear to be more complicated than the coacervation of gelatin + 
(sec.) alkylsulfate + salt. An explanation for this difference will be given. 
It is based on the fact that oleic acid is a weak acid while alkyl-sulfaric 
acid is a strong acid. 


In the present investigation we used the same sample of gelatin as was employed 
in part II of this series. As oleate we used sodium oleate, neutral powder from 
Baker. For the investigation of the coacervation of gelatin + oleate + salt, the 
gelatin as such could not be used as it contained some CaSQ,. We have freed it 


*) The term liped is used here in a wide sense, including fatty acids and other 
long chain electrolytes. 

1) H. G. BuNGENBERG DE Jone and C. H. Boors—vaN STAVEREN, these 
Proceedings 45, 601 (1942). This publication may be considered as part I of the 
present series, 

2) K. G. A. Panxuurst, in Surface Chemistry p. 109 (Butterworths Scientific 
Publications, London, 1949). 

3) H. G. BuNGENBERG DE Jone and A. M. van LeguwEN, these Proceedings 
B54, 317, 329, 338 (1952). 
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from Ca by making use of a cation exchanger (‘“Dusariet”). The 5 % gelatin 
solution which passed the K-Dusariet column very slowly at 40° dripped into 
aceton, The precipitated gelatin was washed with aceton several times and there 
after it was dried at the air. Air-dried it contained 14.95 % water. 


2. The coacervation of gelatin + oleate with potassium tetraborate. Dependence 
of the mixing ratio of optimal separation on the salt concentration 


In the first communication of this series (see note 1) it was stated that 
in mixtures of gelatin and oleate coacervation can be obtained at suffi- 
ciently high pH with different potassium salts. In the investigation of 
the influence of the n-primary alcohols potassium tetraborate was used, 
which has the advantage that being a buffer this potassium salt auto- 
matically keeps the pH constant (pH at 18° = 9.244)). For the same 
reason we will also use potassium tetraborate in the investigation of the 
influence of the saltconcentration on the coacervation. 

We prepared mixing series of the general composition: a ml Na-oleate 
3% + (10—a) ml] gelatin 3 % + 5 ml potassium tetraborate b molar, in 
sedimentation tubes at 40° (thermostate). 

Fig. 1 gives the coacervate volumes (after standing one night) for a 
number of mixing series; each curve is corresponding to a mixing series 
in which the endconcentration of the potassium tetraborate was different 
(6 different). At concentrations up to and including 0.10 mol/1 tetraborate 


V ml pH = 9.24 


0 — 20 40 00 80 /00 
Gelatin 2% Oleale 2% 
Fig. 1. Coacervate volume as a function of the mixing ratio of 2 % gelatin and 
2% oleate solutions at a number of increasing K-tetraborate concentrations. The 
concentrations are given in moles/l. 


*) In the present communication the pH values as they follow from data 
which are known for buffers at room temperature are given for tetraborate itself 
and for buffer mixtures of tetraborate with KH,PO, or with K,CO;. One should 
give the values for 40°, but these are not accessible in general. It is known that the 
pH of borate buffers decreases at increase of the temperature; for instance the 
pH of 0.05 mol/1 sodium tetraborate at 18° is 9.24, at 40° it is 9.08. Compare 
I. M. Korrnorr, Saiire-Basen-Indicatoren, (4e Auflage, Julius Springer, Berlin, 1932), 
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the coacervate layers collected in the calibrated tube at the bottom of 
the sedimentation tubes and thus the reading of the coacervate volume 
was easy enough. At higher concentrations the coacervate layers in the 
neighbourhood of the maximum of the curves are specifically lighter than 
the equilibrium liquids and the layers collected at the top of the sedi- 
mentation tubes. Here we have read the height of the coacervate layers 
with the aid of a telescope (cathetometer), and in each tube we have 
determined the rise of the level system/air after adding a known volume 
of water saturated with butylaleohol. From these data the coacervate 
volumes can be calculated but they are certainly not very accurate. 
Therefore, the precise position of the maximum of the curves at higher 
tetraborate concentrations is uncertain to a few mixing percentages. 
From the curves at 0.117 and 0.142 mol/l tetraborate values of 81% 
and 82 % respectively would follow for the positions of the maximum, 
values which are not outstandingly different from the value of 80 % 
which is found at 0.1 mol/1 tetraborate. We have also determined in three 
independent mixing series, the coacervate volume curve at 0.167 mol/1 
tetraborate (not given in fig. 1) and we have found 78 %, 79 % and 82 % 
respectively for the position of the maximum. Taking into account the 
errors in the determination of the coacervate volume its seems justified 
to conclude that the position of the maximum (at about 80 % oleate) is 
independent of the salt concentration at sufficiently high saltconcentration 
(from 0.1 mol/l upwards). 

Fig. 1 shows that salt is necessary for the coacervation (below approx. 
0.08 mol/1 it does not occur), and that at its first appearance the maximum 
of the coacervate volume curve lies decidedly lower (approx. at 70 % 
oleate) than its final value (approx. 80%) at saltconcentrations above 
0.1 mol/1. 

In a similar way as in part II of this series we can calculate which 
mixing ratio corresponds to the equivalent of the ionized basic groups of 
the gelatin and the negative ionized groups of the oleate and find for it 
approx. 20 % oleate °). 

At the first appearance of the coacervate, the maximum of the curve 
lies at approx. 70 % oleate. The amount of oleate bound to the gelatin is 
therefore (70/30) : (20/80) = 9.3 times higher than the equivalent amount. 

At further increase of the saltconcentration this amount increases to 
about (80/20) : (20/80) = 16 times the equivalent amount. Thus in prin- 
ciple we find again the same here as with the coacervation of gelatin + 
T-pol + salt studied in part II of this series, viz a) that at the point of 


5) The equivalent weight of Na oleate is 304. We assume 1053 as the equivalent 
weight of gelatin as far as regards the positive groups (see note 9 in part If). The 
gelatin used in our experiments contained 15.0 % water, so 1 g. of air dried 
gelatin is equivalent to (304 x 0.85): 1053 = 0.245 g. Na oleate. As the gelatin 
and the oleate solution were both of the same concentration (2 %), the equivalent 
mixing ratio in fig. 1 must he at 0.245/(1 + 0.245) = 19.7 %. 
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maximum separation the amount of detergent bound to the protein, lies 
between the equivalent amount and a more than ten fold greater amount, 
b) that increase of the saltconcentration (here only up to 0.1 mol/1 tetra- 
borate) increases the amount of detergent bound to the protein §). 

In seems reasonable to assume, that the associations between gelatin 
and oleate at pH 9.24 and in the presence of a sufficient salt concen- 
tration are in principle the same as those between gelatin and long chain 
alkylsulfate in the presence of a sufficient salt concentration. We have 
argued out in part II of this series that they consist of large sandwich 
micelles of the long chain anions which are covered at both sides with a 
monolayer of linear protein macromolecules. Compare scheme B in fig. 6. 
The analysis of coacervates and equilibrium liquids in the next section 
will further support the above assumption. 


3. Composition of the coacervates and equilibrium liquids in a mixing series 
at 0.167 mol/l. potassium tetraborate 

For the determinations of dry weights, of Kjeldahl-N and of fatty 
acids, which determinations were at least performed in duplo (sometimes 
in triplo or quadruplo), much larger volumes of coacervates (and of 
equilibrium liquids) are necessary than are obtained from the 15 ml 
mixtures which are used in section 2). Therefore these mixtures were 
taken 10 times as large, thus: 


aml 3 % Na oleate + (100 
borate 0.5 mol/l. 7) 


a) ml 3% gelatin + 50 ml potassium tetra- 


As we are not very much interested in the composition of coacervates 
and equilibrium liquids obtained at a mixing ratio which lies far from 
the one corresponding to the maximum of the coacervate volume curve, 
we have restricted to the following mixing ratios: 60, 70, 75, 80, 85 and 
90 % oleate. Of course both endpoints of the mixing series, viz 0 % and 
100 % oleate (the systems containing only gelatine, and only oleate 


°) The increase at increasing salt concentration of the amount of long chain 
anions bound to the gelatin and reckoned from the first appearance of the coacervation 
till its approximate endvalue is much smaller here than in the case of gelatin + T- 
pol + salt which case is studied in part II of this series. 

At the first appearance of coacervation the maximum of the coacervate volume 
curve was found at a mixing ratio of 20 % T-pol. It shifted to about 55 % T-pol 
at increase of the salt concentration. Hence here the amount of long chain anions 
was (55/45) : (20/80) = 4.9 times the one which was found at the first appearance 
of the coacervation. 

With the coacervation of gelatin + oleate + salt we find an amount which is 
only (80/20) : (70/30) = 1.7 times the one which is found at the first appearance 
of the coacervation. 


Reasons for this difference were already given in part IT of this series (see there 
note 26). 


‘) With 3% is meant 100 g H,O + 8 g. air-dried gelatin (containing 14.95 % 
H,0) and 100 g H,O + 8 g Na oleate, 


ool 
respectively) were also prepared and analyzed in the same manner as the 
coacervates and equilibrium liquids 8). 
The results have been collected in Table I. The fatty acid contents 
(in millimoles per 100 g.) and the gelatin contents (in g. per 100 g.) have 


TABLE I 
Analysis of coacervates and equilibrium liquids in a mixing series at pH 9.24 


Fatty acid 


Mixing ee I tit oles per Gelatin Millimoles fatty acid 
cae A 100 ¢. g. per 100 g. per g. gelatin 
o/ F 
% oleate | 
: ; , : ‘ Total | | ; 
Equil. 1.| Coac. | Equil. 1.| Coac. | Equil. 1. system Coac. |Equil. 1. 


0 = 7270. | | 1.566 

60 14.48 | 7.11 | 14.2 | 0.542] 1.11 | 0.403 6.0 | 12.8 i133 
70 1474 | 6.74 | 143 | 1.87 | 1.05 | 6-390 Orly 1326 4.0 
75 [14.93 | 6.48 | 17.9] 1.80 | 1.24) 0.275 | 11.9 | 14.4 6.5 
80 LOT G89) 1000.90) (2.08) | 1 Si-O: 116 85-9 1 15-27) 17-9 
85 14.80) (6.67 | 15.2] 2:82 | 0:97,| 0.104 | 22.5° 1 15:7 | 27.1 
90 114.63. | °7.68: | 10:4.| 5.14 | 0-65°| 0.437 1 35:7 | 16:0°| 37.5 
100 = 700 |e 6.22 ee = 


been recorded in the columns 4, 5, 6 and 7. For the plotting of the results 
the colloid composition of the coacervates and of the equilibrium liquids 
will be indicated by the ratios millimoles fatty acids per g. gelatin, which 
ratios have been given in the columns 9 and 10. It will appear to advantage 
to plot these ratios against the total composition of the mixtures expressed 
in the same units. Therefore in fig. 2 we do not use as abscissa the mixing 
ratios given in column 1, but the values recorded in column 8 (calculated 
from the values in column 1, from the fatty acid content for 100 % oleate 
= 6.22 millimoles per 100 g., and from the gelatin content for 0 % oleate 
1.566 g. per 100 g.). When we plot in this way the compositions of the 
coacervates and of the equilibrium liquids — compare fig. 2 — we obtain 


8) After standing one night in the thermostate both the equilibrium layer and 
the coacervate layer were clear. Samples of them were taken and they were stored 
in closed flasks in the refrigerator until the moment of analysis. With the Kjeldahl 
determinations it appeared necessary to destruct (as a catalyst we used the following 
mixture: 95 g Na,SO, + 1.5 g CuSO,-5H,O + 5 g Se) during 12 hours in order 
to avoid strong frothing in the subsequent destillation of the NH, set free by 
caustic soda. Obviously the rate of destruction of oleic acid is but slow and it 
takes long time before it is completely destroyed. 

The analysis of the fatty acid content was performed according to a detailed 
precept in E. C. Noyons, Chemie en Kliniek, Vol. II, van Holkema en Warendorf N.V. 
Amsterdam, 1951, see p. 188. 

The principle of the method is to liberate the fatty acids by boiling with + 2 % 
HCl during one minute, then ethanol is added up to a concentration of 60 %, the 
fatty acids are extracted with petroleum ether (boiling point 60—80°), from 25 ml 
of this extract the petroleum ether is distilled, the residue is dissolved in 2 ml 
neutral ethanol 96 % and the fatty acids are titrated with 0.1 N isobutyl alcoholic 


KOH. 
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two intersecting curves. The colloid composition of the total systems is 
given by a straight dotted line which is drawn through the origin at a slope 
of 45° (the units used in fig. 2 as ordinates and as abscissa being the same). 

We see that the colloid composition of the coacervates does not change 
very much in the investigated tract of mixing ratios. In contradistinction 
to this the colloid composition of the equilibrium liquids changes very 
considerably in this tract. 

To the left of the point of intersection of the two curves, the coacervates 
contain relatively more fatty acid than the total systems (given by the 
dotted straight lme) and the equilibrium liquids contain relatively less 
than the total systems. To the right of the point of intersection we have 
just the reverse. At the point of intersection the colloid ratios in the 
coacervate and in the equilibrium liquid are equal. °) 

We can thus consider the total system to contain only the charac- 
teristic protein-oleate association here. It has separated in a layer rich in 
this association (the coacervate) and in a layer poor in it (the equilibrium 
liquid). At other mixing ratios one of the two colloids is in excess in the 
total system and this colloid is but slightly taken up in the coacervate 
(which tends to keep the colloid ratio of the point of intersection). One 
may expect that the only slight quantities of colloid which are taken up in 
excess will distinctly increase the water content of the coacervate (compare 
the argumentation in part II, section 12). 

The characteristic protein-oleate association will thus also be indicated 
by that mixing ratio in the total system where the water content of the 
coacervate is a minimum, that is where the dryweight of the coacervate 
is a maximum. One may further expect that the colloid content of the 
equilibrium liquid will be a minimum here. 

The results of the dryweight determinations (Table I, columns 2 and 3) 
have been plotted in fig. 3 against the mixing ratio in the total system 
expressed just as in fig. 2 in millimoles fatty acid per g. gelatin. We obtain 
indeed a curve with a maximum for the dryweight of the coacervate and 
a curve with a minimum for the dryweight of the equilibrium liquid. 

In fig. 3 we have drawn a vertical dotted line at the mixing ratio where 
in fig. 2 the point of intersection of the two curves is situated. We see 
that the maximum of the upper curve and the minimum of the lower 
curve lie indeed very close to this mixing ratio. 

Summarizing the results in this section, we may say that in broad 
outline they agree with the analytical results of Pankuurst on the 
coacervation of gelatin + alkylsulfate + salt. There is only the difference 
that the figure found for the number of millimoles long chain anions bound 


*) At this mixing ratio the colloid ratio of the total system is then necessarily 
also the same. The point of intersection of the curves for the coacervates and the 
equilibrium liquids should, therefore, fall on the straight dotted line. This is indeed 


pretty much the case, indicating that the results of the analyses do not contain 
grave errors. 


303 


per g. gelatin is higher (15 millimoles oleate, whereas Pankuurst found 
9.4 millimoles dodecylsulfate). 

The hypothesis on the nature of the associations between long chain 
anions and linear protein macromolecules, developped in part II of this 
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Fig. 2. Colloid composition of coacervates and equilibrium liquids in a mixing 
series (pH 9.24) as a function of the mixing ratio. Ordinates: Colloid composition 
expressed in millimoles fatty acid per g. gelatin. 

Abscissa: Mixing ratio expressed as the colloid composition in the total mixture, 
which is also given in millimoles fatty acid per g. gelatin. 

Fig. 3. Dryweights of the coacervates and equilibrium liquids in the mixing series 
of fig, 2. Abscissa as in fig. 2. 


series does not exclude such a higher figure. According to this hypothesis 
salt and protein co-operate in the formation of large sandwich micelles 
of the long chain anions, enclosed between two monolayers of protein. It 
was argued out that the side chains of the protein must lie in the protein 
monolayer, so that a surface of 28.5 A? is corresponding with each amino 
acid (assuming the side chain spacing 10 A and the period in the peptide 
chain 2.85 A). 

As the molecular surface for fatty acids is approx. 20 A?, there would 
be place for 28.5/20 = 1.43 fatty acid anions per amino acid residue in the 
protein monolayer. 

When we assume, that the value of Bowns (quoted by Pankuurst) of 
10.7 millimoles for the total amino acid content per g. collagen also applies 
for gelatin, there would follow that 1 g. gelatin can bind 1.43 x 10.7 = 


354 


15.3 millimoles fatty acid. This calculated value comes very near to the 
value of 15.0 millimoles fatty acid per g. gelatin which is found in the 
above by analysis. 


4. Influence of the n-primary alcohols on the coacervation of gelatin +- 
oleate +. K-tetraborate 

In part I of this series it was found that all terms of the homologous 
series which are investigated (methanol up to and including n-octanol) 
increase the water content of the coacervate. In a recent investigation 
H. L. Boor 1°) found that at approx. the same pH (9.3) n-pentanol and 
the higher terms exert a salt sparing action on the oleate coacervate 
itself, and that n-butanol and the lower terms exert a salt demanding 
action. This means that at constant salt concentration the former decrease 
and the latter increase the water content of the coacervate: 


oleate + salt 8—7—6—5 4—3—2—-—]1 


gelatin + oleate + salt §—7—6 —5—4—3—2—l1 


Therefore, the binding of the oleate to the protein shifts the transition- 
increase of the watercontent (to the right of the dotted line) to decrease 
of the watercontent (to the left of the dotted line) — over several terms 
in the direction of the longer alcohols. 

We have met the same kind of shift in part II of this series in studying 
the influence of the alcohols on the coacervation of gelatin + sec. alkyl- 
sulfates + salt. This shift can easily be explained by the weakening action 
on the binding protein monolayer-sandwich micelle, for the details of 
which we refer to section 13 in part II of this series. 

Resuming the above, we may say that the action of the n-primary 
alcohols on the gelatin + oleate + salt coacervates points strongly to the 
assumption that the protein — long chain anion associations in these 
coacervates are of the same kind (compare scheme B in fig. 6) as in the 
coacervates from gelatin + alkylsulfate + salt. 


5. Dependence on the pH of the mixing ratio of optimal separation 
PankHuRST has found for the coacervation of gelatin + alkylsulfate 
+ salt, that at sufficient salt concentration the composition of the protein 
— long chain anion association at the point of optimal separation is not 
only independent of the saltconcentration but also independent of the pH 
(above the I.E.P. of the gelatin, e.g. from pH 5.8 upwards). We intended 
to investigate this for the coacervation gelatin + oleate + K-salt too. 
In principle we followed the same method as in section 2) with this dif- 
ference that instead of potassium tetraborate we used mixtures of potassium 
tetraborate + K,CO,; for pH values higher than 9.24 and mixtures of 
potassium tetraborate + KH,PO, for, pH values lower than 9.24, 


%) Not yet published, except the influence of the pH on the action of n-butanol. 


Compare H. L. Boor, Kolloid Z. 125, 21 (1952), see fig, 2. 
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In the same way as in section 2 we made mixing series at a number of 
salt concentrations (in this case the buffer mixtures were treated as if 
they were salt), determined the coacervate volume curves and increased 
the salt concentration till the maximum of the coacervate volume curve 
did not shift to the right any longer in the mixing diagram. 

At pH values higher than 9.24 no particular difficulties were met with. 
The only inconvenience was that one had to use rather strong saltsolutions, 
as the salt concentration (expressed in the normality of the K ions in the 
buffer mixtures) needed for the beginning of the coacervation appeared 
to increase with increasing pH. The same difficulties (the coacervate 
collects in the top of the sedimentation tubes) as are already described 
in section 2 also occurred at the higher pH values and therefore the 
mixing ratio by which the maximum of the coacervate volume is situated 
is only accurate up to a few mixing percentages. The results at pH 9.4, 
10.0 and 10.4 showed that the mixing ratio of optimal separation at 
sufficient saltconcentration still lies at approximately 80%, just as we 
found with potassium tetraborate (pH 9.24) in section 2. 

The results obtained with pH values lower than 9.24 (consequently 
with tetraborate + acid phosphate buffer) showed that at pH 9.1 we still 
find as optimal mixing ratio approx. 80 %; at further lowering of the pH 
this mixing ratio shifts very considerably within a small tract of pH in the 
direction of lower values and at pH 8.8—8.9 it attains a value of only 
approx. 45 %. Compare fig. 4, which gives the coacervate volume curves 


V ml pit: 8.94 


Fig. 4. Coacervate volume as 
a function of the mixing ratio 
of a 2% gelatin and 2 % oleate 
solution at a number of in- 
creasing concentrations of a 
buffer of pH 8.94. The concen- 
trations are given in equiva- 
lents/l of the total potassium ion 
4 60 80 yo  ©oncentration of the buffer. 
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for three different K concentrations. Here too we perceive that, in contrary 
to the behaviour at pH 9.1 and higher, the maximum of the coacervate 
volume curve at its first appearance shifts to the left at increase of the salt 
concentration (instead of to the right). 

When we try to determine the coacervate volume curves at still lower 
pH values, the applicability of the coacervate volume method comes soon 
to an end. At lower pH values the coacervate assumes the character of a 
plastic mass, it adheres to the wall of the sedimentation tubes and does 
not readily coalesce into a homogeneous coacervate layer. At pH 8.7 the 


356 


measurements still allowed to locate the maximum of the coacervate 
volume curve and that at about 55%, which is distinctly higher than at 
pH 8.8.—8.9 (were we found 45 %). At further decrease of the pH to 8.54 
we found the value of about 65 %, though here the above mentioned 
difficulties were already strongly felt. The method failed altogether to give 
reliable results at still lower pH values. 

When we plot the mixing ratio of optimal separation as a function of 
the pH we obtain fig. 5. This figure shows that only above pH 9.1 the 
mixing ratio of optimal separation is approx. independent of the pH. 
Below pH 9 this mixing ratio decreases to about 45 % oleate and at 
further lowering of the pH it increases again (at least to 65 % or higher). 

We cannot say with certainty how the curve in fig. 5 proceeds in the 
direction of lower pH values. We will assume tentatively that a new 
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Fig. 5. Mixing ratio of 2% gelatin and 2 % oleate solutions which correspond 
to the maxima of the coacervate volume curves in a mixing diagram as a function 
of the pH. (see text). 


horizontal level is reached here at a mixing ratio of above 65 %. This 
would mean that there are two tracts of the pH (above 9.1 and below 
8.4) where the lipid-protein association has a constant composition. 
As the physical properties of the coacervates are very different in these 
two tracts there must be a profound difference in the nature of the protein- 
lipid associations. 

The following observations give a hint in which direction we might 
look for an explanation. 

When (at 40°) buffer mixtures (tetraborate + acid phosphate) are 
prepared ranging from 9.24 to 7.7 and oleate is added to them, one observes 
by transmitted light that below pH 9.1 the mixtures have a slight yellowish 
appearance, at pH 8.4 this is much more intense and at pH 7.7 the mixture 
soon assumes a red colour. After standing one night at 40° the mixture of 
pH 8.4 has developped a distinct turbidity, which is much stronger at 
pH 7.7. Obviously oleic acid is separated. This suggests that the sharp 
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fall of the mixing ratio of optimal coacervation below pH 9.1 (in fig. 5) 
is correlated with the first beginning of the separation of oleic acid from 
oleate solutions 4), 

Now it is very remarkable that at those pH values (8.7 and 8.4) where 
in the absence of gelatin a strong separation of oleic acid occurs, coacervates 
are obtained in the presence of gelatin, which by microscopic investigation 
appear to be completely homogeneous. Obviously the molecules of oleic 
acid take part in the lipid-protein associations at pH values lower than 
the ones corresponding to the minimum of the curve in fig. 5. 

As we have assumed tentatively that the curve in fig. 5 reaches a new 
horizontal level when the pH is sufficiently lowered, this leads to the 
working hypothesis that the sandwich micelles enclosed between the two 
protein monolayers will consist of an “‘acid soap” here, which means that 
oleate anions and oleic acid molecules take part in these micelles in some 
fixed proportion. Compare fig. 6 A, in which we have arbitrarily taken 
this proportion to be 1 : 1. At pH values higher than 9 we have to assume 
protein-lipid associations in which the sandwich micelles only consist of 
oleate anions. Compare fig. 6 B. Then the fall of the curve in fig. 5 just 
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Fig. 6. Schemes of the protein-lipid associations present in the coacervate. A at 
a pH lower than 8.4, B at a pH higher than pH 9. The oleate anions are represented 
with white heads, the oleic acid molecules with black heads (see text). 


below pH 9 and its renewed rise at further lowering of the pH, indicates 
a tract of the pH in which the conditions are not very favourable for 
either of the two kinds of protein-lipid associations. 

Of course further investigations are needed to confirm the assumption 
that the curve in fig. 5 really reaches a constant level at sufficiently low 
pH. This latter would be a support to the view that the sandwich micelles 
consist of an ‘“‘acid soap” of constant composition. 

In favour of it — or at least in favour of the importance attributed to 
hydrolysis of the oleate for the explanation of fig. 5 — is the very different 
behaviour of the gelatin + oleate + salt systems and of the gelatin + 
alkylsulfate + salt systems. 

According to PankuurstT the composition of the gelatin-alkylsulfate 
association at the point of maximum separation is constant from pH 5.8 


11) The coacervation of oleate solutions with KCl is also profoundly affected 
when the pH is lowered below pH 9. We found that coacervation is no longer 
possible at pH 8.7. 

25 Series B 
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upwards. Plotted in a similar way as in fig. 5, we would therefore obtain 
only one horizontal line. This striking difference with the system gelatin 
+ oleate + salt is in accordance with the above hypothesis. For hydrolysis 
and the formation of ‘‘acid soaps” somewhere above pH 5.8 can only be 
expected with soaps which are derived from weak long chain acids 
(R—COOH) and not with soaps derived from very strong long chain 
acids (R—SO,H). 


6. Summary 


1. The coacervation of gelatin with oleate and K-salts has been 
studied at pH 8.7—10.4. The results show that we have to discern between 
the behaviour below pH 9 and above pH 9. 

2. The behaviour above pH 9 is quite the same in great lines as with 
the coacervation of gelatin + alkylsulfate + salt (PANKHURST) and of 
gelatin + sec. alkylsulfates + salt (studied in part II). This appears from 
what is mentioned sub 3), 4), 5) and 7). 

3. Only at sufficiently high salt concentration coacervation occurs. 
The curves in a mixing diagram (solutions of 2 % gelatin and 2 %, oleate) 
representing the coacervate volume show a maximum (at about 80% 
oleate) which is independent of the saltconcentration and of the pH, 
provided the saltconcentration is high enough. 

4. The coacervates and equilibrium liquids occurring at the mixing 
ratios 60, 70, 75, 80, 85 and 90 % oleate in a mixing series at pH 9.24 
have been analyzed. The ratio oleate/gelatin in the coacervates is nearly 
constant within this range of mixing ratios (it only increases from 13 to 
16 millimoles oleate per g. gelatin), whereas that in the equilibrium liquids 
increases very considerably (from 1.3 to 37.5 millimoles oleate per 
g. gelatin). 

5. At one particular mixing ratio a) the volume of the coacervate is 
a maximum, b) the water content of the coacervate is a minimum, c) the 
colloid content of the equilibrium liquid is a minimum, and d) the ratio 
oleate/gelatin in the coacervate and in the equilibrium liquid is the same. 
Considering this particular mixing ratio as indicating the colloid com- 
position of the characteristic association, it is found that 15 millimoles 
oleic acid are bound to 1 g. gelatin. 

6. Comparison of the influence of the n-primary alcohols on the 
gelatin + oleate + salt coacervate (studied in part I of this series) and 
on the oleate + salt coacervate at the same pH gives: 


1 


oleate + K-salt 8—7—6—5 : 4—3-—2— 
: 87-6 =p —4 8 a ay 


gelatin + oleate + K-salt 


in which the terms to the left of the vertical dotted line are decreasing 
the water content of the coacervates, the terms to the right are increasing 
it. The binding of the oleate to the gelatin thus shifts the transition over 
several terms in the direction of the long chain alcohols. 


309 


7. The points mentioned sub 3)—6), including the figure given sub 5) 
(15 millimoles fatty acid per g. gelatin) can be explained by the hypothesis 
on the nature of the characteristic associations present in the coacervate 
(large sandwich micelles of long chain anions covered on both sides by a 
monolayer of linear protein macromolecules). 

8. The behaviour of the coacervation gelatin + oleate + K-salt at 
pH values below pH 9 is more complicated. A tentative hypothesis has 
been given (at sufficiently lower pH the sandwich micelles in the associations 
are formed by “‘acid soap’’) which explains a) the phenomena which are 
observed, b) why these complications are absent in the coacervation 
gelatin + alkylsulfate + salt. 
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Specific sequences of the cations and the anions in the coacervations gelatin + 
oleate + salt and gelatin + T-pol + salt, at pH values higher than the I.E.P. 
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BY 


H. G. BUNGENBERG DE JONG anp C. MALLEE 


(Communicated at the meeting of April 19, 1952) 


1. Introduction 


It was shown in the parts II and III of this series that the coacervations 
gelatin + alkylsulfate + salt (studied by PANKHURsT *)), gelatin + T-pol 
(= sec. alkylsulfates) + salt and gelatin + oleate + salt (above pH 9) 
belong to one and the same natural group of coacervation. The hypo- 
thesis was put forward, that the characteristic association between the 
protein and the soap which is present in the coacervate, consists of large 
sandwich micelles of the soap covered on both sides with a monolayer of 
linear protein macromolecules. The formation of these associations can be 
conceived to comprise two steps: 

a) the salt which is added acts primarily on the soap and transforms 
its spherical micelles into precursors of large sandwich micelles, 

b) the linear protein macromolecules collect these precursors by means 
of interaction with their keto-imide groups and force them to coalesce 
into large sandwich micelles which are enclosed between two monolayers 
of the protein. 

For shortness sake this hypothesis will be denoted in the following 
with “‘symplex hypothesis’’. 

The term symplex (in a more restricted sense than its original meaning) 
is used here to lay stress on the assumption, that the binding between the 
long chain anions and the protein is not due to Coulomb interactions 
(with the positively charged groups of the protein) but that it is of another 
nature. With PANKHURST we may provisionally assume that the mutual 
binding is due to interactions of the dipoles in the keto-imide groups of 
the protein and the negatively charged polar groups of the soap. We 

*) ‘The term lipid is used here in a wide sense, including fatty acids and other 
long chain electrolytes. 


*) Part I has appeared in these Proceedings 45, 601 (1942), parts II and III 
in these Proceedings B54, 317, 329, 338, 347 (1952). 


*) K.G,. A. Panxnurst in Surface Chemistry (London, Butterworths Scientific 
Publications, 1949) see p. 109. 
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will see in section 4 that probably this view needs some modification, 
though the nature of the binding still remains of the symplex type. 


There are a number of features in the coacervations gelatin + oleate + 
salt and gelatin + (sec) alkylsulfate + salt which strongly resemble a 
variant of tricomplex coacervation 3), viz. the variant: colloid amphoion 
+ colloid anion + micro cation *). 

This leads to an alternative hypothesis in which Coulomb interactions 
play the main réle and which for shortness sake will be denoted in the 
following by “‘tricomplex hypothesis’. 

In the above mentioned variant of tricomplex systems two independent 
complex relations (i.e. Coulomb interactions) are simultaneously present, 
namely a) between the positively charged group of the ampholyte and 
the negatively charged group of the colloid anion, b) between the negatively 
charged group of the ampholyte and a micro cation. The “‘tricomplex 
hypothesis” thus supposes complex relations a) between the NH, groups 
of the protein and the long chain anions, b) between the COO’ groups of 
the protein and the cation of the added salt. 


Therefore the role attributed to the salt in the two hypotheses is quite 
different. In the “‘symplex hypothesis” the salt acts primarily on the soap, 
in the “‘tricomplex hypothesis” the salt (with its cation) acts primarily 
on the protein. 

It seemed probable that a confirmation of one and a rejection of the 
other of the two hypotheses would be possible by studying more closely 
the specific salt influences. Therefore the experiments in the present 
communication deal with the specific cation and anion sequences in the 
following coacervations: 1. gelatin + oleate + salt, 2. gelatin + T-pol 
+ salt, 3. gelatin + salt, 4. oleate + salt and 5. T-pol + salt. 

The results will allow to reject the tricomplex hypothesis, which for 


8) For a survey of tricomplex colloid systems see H. G. BUNGENBERG DE JONG. 
Chapter X § 6 in Kruyt, Colloid Science II (Elsevier Publishing Company, Amsterdam, 
1949). 

4) The main points of resemblence are: 

1. A coacervate is formed which contains the two colloids (gelatin + oleate, 


gelatin + alkylsulfate). 

2. In the absence of salt the sols of gelatin and oleate (or alkylsulfate) can 
be mixed in any proportion without coacervation occurring. 

3. At the saltconcentration needed for the coacervation of an appropriate 
mixture of the two colloids, the gelatin sol itself and the oleate (or alkylsulfate) 
sol itself are not coacervated. 

4, It is only when the three — gelatin, oleate (n-alkylsulfate) and salt — are 
present together that coacervation occurs (provided the ratio of the colloids is 
not too unfavourable and the salt-concentration not too low). 

5. One of the two negatively charged colloids is an ampholyte (gelatin), the 


other is essentially negative (oleate or alkylsulfate). 
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other reasons did not seem very probable already. On the other hand, the 
results confirm the symplex hypothesis and they allow a deeper insight 
in the rdle played by the salt in the formation of the protein-long chain 
anion associations. 

In the present investigation we used the same samples of gelatin and of T-pol 
as were employed in the sections 2—8 of part II of this series. For the investigation 
of the coacervation gelatin + oleate + salt we used sodium oleate, neutral powder 
from Baker and the above sample of gelatin freed from Ca as was described in 
part III of this series. 


2. Specific cation and anion sequences in the coacervations gelatin + oleate 
+ salt and gelatin + T-pol + salt respectively 

In the experiments concerning the gelatin + oleate + salt coacervation, 
we started from a stock solution of the composition: 100 ml gelatin 
4 % + 200 ml oleate 4 % + 100 ml potassium tetraborate 0.25 moles/I. 
This stock solution is clear as the end concentration of the potassium 
tetraborate (0.0625 moles/l) is too small for coacervation. We now make 
mixtures of the composition: 


a ml salt solution + (5—a) ml H,O + 10 ml stock solution 


in which we used as salt solution 0.75 N NaCl and KCl respectively. 
The coacervate volumes were measured after one night standing in the 
thermostate (40°). We see — compare fig. 1 — that with NaCl the coa- 
cervation sets in at a smaller concentration than with KCl. We had the 
strong impression that the coacervate obtained with NaCl was higher 
viscous than the one obtained with KCl. It is not possible to use LiCl as 
then Li-oleate precipitates. 
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Fig. 1. Coacervation of gelatin + oleate with NaCl and KCl, V = coacervate 
volume in ml. 
Fig. 2. Coacervation of gelatin + oleate with a number of K-salts. 
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In quite the same way we compared a number of potassium salts with 
different anions — compare fig. 2 —. It appears that a bundle of curves 
is obtained in which the sequence of the anions resembles that of the 
so-called lyotropic series of the anions. 

Analogous experiments were performed at 30° with the coacervation 
gelatin + T-pol + salt. 

Here we prepared a stock gelatin solution (G) (containing 4.5 g. gelatin 
and 2.19 g. Na,SO, per 300 ml) and a stock T-pol solution (T) the latter 
by diluting the commercial 21 °%% T-pol solution with water to 157.5 ml. 
The mixtures had the composition: 

a ml salt solution + (10—a) ml H,O + 10 ml G + 5 ml T 

The results with a number of chlorides with different cations are given 
in fig. 3, those with a number of potassium salts with different anions in 
fig. 4. 
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Fig. 3. Coacervation of gelatin + T-pol with CaCl,, MgCl,, KCl, NaCl and LiCl. 
Fig. 4. Coacervation of gelatin + T-pol with a number of K-salts. 


The sequence for the cations is: 
Ca/2 > Mg/2 >K > Na > Li 
in which the relative position of K and Na is just the reverse as with the 
coacervation gelatin + oleate + salt. 

In contradistinction to this, the bundle of curves for potassium salts 
with different anions resembles closely that obtained with the coacer- 
vation gelatin + oleate + salt. . 

We will postpone the discussion of the sequences found in this section 
till we have become acquainted with the sequences of the cations and 
anions in the coacervation with salts of each of the colloids involved (see 


the next section). 
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3. Specific cation and anion sequences in the coacervation with salts of 
gelatin alone, of oleate alone and of T-pol alone 


a) Gelatin. Starting from a buffered gelatin solution of pH 5.8 
(384 ml Na acetate 0.2 mol/l + 16 ml acetic acid 0.2 mol/l + 2 g. gelatin) 
we made in test tubes which were standing in the thermostate (45°) 
series of mixtures of the composition: x ml salt solution + (15— 2) ml 
H,O + 5 ml of the above gelatin solution. As salts we took Li,SO,, Na,SO,, 
K,SO,, (NH,),SO, and MgSO, respectively. In each series a increased with 
small amounts and after one night standing the mixtures were judged 
as to their appearance. As coacervation limit was taken the concentration 
halfway the one at which the mixture is still completely clear and the 
one of the (next) mixture in which a slight opalescence can be observed. 
In this way we found Na,SO, = 0.806 mol/l; Li,SO, = 0.865 mol/l; 
(NH,),SO, = 1.00 mol/l and MgSO, = 1.275 mol/l. With K,SO, the coa- 
cervation limit could not be reached, its solubility in water being too 
small. As we wish, however, to know the place which is taken by the 
K-ion in the sequence of the cations, we have made use of the fact that as 
a rule two salts behave additively in the salting out by a mixture of salts °), 

That this indeed applies for gelatin at pH 5.8 follows from fig. 5, which 
shows that the points representing mixtures of (NH,),SO, with Na,SO,, 
with Li,SO, and with MgSO, are practically lying on the straight lines 
connecting the coacervation limit with (NH,),SO, on the abscissa axis, and 
the coacervation limits with the above mentioned three salts on the 
ordinate axis. In applying this on the combination K,SO, + (NH,).SO,, it 
was found that the straight line connecting the coacervation limit with 
(NH,).SO, and the point for the mixture of K,SO, and (NH,),SO, proceeds 
below the straight line for the combination Na,SO, + (NH,),S8O,. Compare 
fig. 5. 

Resuming the above we may write for gelatin at pH 5.8 the sequence: 


K > Na > Li > NH, > Mg/2 


In the presence of a NH,Cl + NH,OH buffer at pH 9.35 we could directly 
determine the coacervation limits for Na,SO,, Li,SO, and (NH,),SO, and 
found the same sequence: Na > Li > NH, here. We tried to determine 
the place of the K ion in the sequence by the above combination method 
(K,SO, + Li,SO,), but we got the impression that here for some unknown 
reason the method was not reliable. 

Without proofs to the contrary we will assume that both at pH 5.8 
and 9.35 the sequence of the alkalications is: K + Na > Li. 

This sequence was also found at two lower pH values (with acetate 
buffer at pH 4.3; with Mac-Ilvaine buffer at pH 2.85) where the place 
of the K-ion was determined with the above-mentioned combination 
method. 


5) E. H. Bucener and D. Kuiryn, these Proceedings 30, 740 (1927). 


——— 
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The sequence of the anions has not been determined anew, as this 
sequence is sufficiently known from the literature: 


SO,/2 > Cl > Br > J > CNS 8) 


b) Oleate. With the aid of the above mentioned combination method 
H. L. Boots’) has determined the sequence of the monovalent cations 
(chlorides) for the coacervation of oleate, for which he found: Li>Na>K. 
The method allowed to determine the place taken by the Li-ion, which 
place cannot be determined by measuring the coacervation limit (Li 
oleate precipitates at a low concentration already). 


| moles /l. 


04 } 13 
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Fig. 5. Coacervation of gelatin with MgSO,, Li,SO,, Na,SO,, (NH,).8O, and 

mixtures of (NH,),SO, with MgS0O,, Li,SO,, Na,SO, and K,SO, (see text). 
Fig. 6. Coacervation of Na-oleate with KCl, KBr, KJ and KCNS. 
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The sequence of the anions (potassium salts) has already been determined 
long ago using an oleate solution which probably was not completely 
desensibilized 8). The remarkable sequence which was found viz. 


6) Here we know that for gelatin the sequence is the same above and below 
the I.E.P. (for the high concentrations, which concern us here) Compare H. G. 
BUNGENBERG DE JonG and J. Pu. Hennemann, Kolloid-Beihefte 36, 123 (1932), 
from which its appears (see Table IX) that one may write in the above series SO,/2 


(expressed in equivalents/1.) 
7) Not yet published. 
8) H.G. BUNGENBERG DE Jone, G. G. P. SauBert and H. L. Boou, Protoplasma 


29, 481 (1938). 
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J > Br >Cl> CNS induced us to repeat %) this investigation, taking 
care now that complete desensibilization (i.e. pH above 12) had happened. 

Starting from a 2% stocksolution of Na-oleate (from Baker) con- 
taining 0.2 N KOH, we prepared mixtures of the composition x ml 
salt + (7—x) ml H,O + 3 ml oleate stocksolution. 

After one night standing in the thermostate (25° C), the coacervate 
volumes were read. The latter expressed in °% of the total volume have 
been plotted in fig. 6 against the salt concentration. The results once more 


show the sequence J > Br > Cl > CNS. 


c) T-pol. It is not possible to obtain coacervation of T-pol with 
Ca-, K-, Na- and Li-salt as the soap is precipitated beforehand in the form 
of double refringerent drops. Ordinary coaceryation was only possible 
with MgCl,. The sequences for the cations and the anions can, therefore, 
only be obtained here by using the above mentioned combination method. 
The experiments have been performed at 45° starting from a buffered 
stock solution of T-pol (pH 5.76) made as follows: 1 volume of the 
undilated (21 % soaps) T-pol was mixed with 1 volume of an acetate 
buffer (188 ml Na-acetate 0.5 mol/l + 30 ml acetic acid 0.2 mol/l diluted 
with distilled water to 500 ml). 

We made mixtures of the composition « ml MgCl, 4.5 mol/l + a ml salt 
solution + (15—a—a) H,O + 5 ml buffered T-pol stock solution. In each 
series a is kept constant and 2 is increased in small amounts. After one 
night the coacervate volumes are read. The coacervation limit could be 
determined very accurately in this way. 

The results with the cations are shown in fig. 7, from which appears 
the sequence: 

K > Ca/2 > Na > Mg/2 > Li 
The results with the anions (compare fig. 8) show the sequence: 
SO, > J > Br > NO,, Cl > CNS > SO,/2 
Compared to the results obtained with oleate, the sequence of the alkali 
cations is just the reverse, the sequence of the anions J, Br, Cl and CNS 
is quite the same. 


4. Discussion of the results 


In discussing the réle of the salt in the coacervations gelatin + oleate 
+ salt and gelatin + T-pol + salt the following points are successively 
dealt with: a) the cations of the salt which is added are of primary im- 
portance; b) the tricomplex hypothesis must be rejected; c) the symplex 
hypothesis is strongly supported by the results of the experiments; 
d) the strong action of the bivalent cations; e) the réle of the anions; 


f) suggestions as to the nature of the symplex relation between protein 
and long chain anions. 


*) We thank at this place Mr. A.M. van Leruwen for his aid in performing 
this investigation. 
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Coacervation of the y 

system Sequence of the cations Sequence of the anions 
ee ee ee Se ee ee 
gelatin + oleate + salt Na>K SO,/2 —Cl—Br—J —CNS 
gelatin + T-pol + salt Ca/2>Mg/2>K>Na>Li SO,/2 —Cl— Br —J —CNS 
gelatin + salt K>Na>Li>Me/2 SO,/2 —Cl—B1 —J —CNS 
oleate + salt Li>Na>K J —Br—Cl—CNS 
T-pol + salt K>Ca/2>Na>Mg/2>Li J —Br—Cl—CNS —SO,/2 


KNbs 
No RS KCl 


KBr S 


28 3.0 

Fig. 7 Fig. 8 

Fig. 7. Determination of the cation sequence for the coacervation of T-pol by 
means of combining the investigated salts with MgCl. 


Fig. 8. Determinations of the anion sequence for the coacervation of T-pol by 
means of combining the salts with MgCl,. 


We first give a survey of the cation and anion sequences found in the 
preceding sections. 


a) The importance of the cations 

When we compare the figures 3 and 4, we perceive that a) the con- 
centrations which are just needed for the coacervation of the gelatin + 
T-pol mixture are very different for chlorides with different cations, 
b) these concentrations are approximately equal for K-salts with different 
anions. 

In the coacervation gelatin + oleate + salt it is not possible to vary the 
cation very much (with Ca, Mg and Li the corresponding oleates are 
precipitated). Nevertheless if we compare fig. 1 and fig. 2, we come to the 
same conclusions as in the above: For a number of potassium salts the 
spreading of the concentrations just needed is here only about a third of 
the difference between NaCl and KCl. 
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We may therefore conclude that the cation of the added salt is of 
primary importance for the coacervations gelatin + oleate + salt and 
gelatin + T-pol + salt. Obviously the anions plays only a secondary role. 
We return to this under sub e). 


b) The results do not support the “tricomplex hypothesis” 

According to the “tricomplex hypothesis” (see the introduction for 
more details) the cation of the added salt will enter into a complex relation 
with the COO’ groups of the gelatin. One must therefore expect that the 
cation sequence for the combination gelatin + oleate + salt is quite the 
same as for the combination gelatin + T-pol + salt. We find, however, 
for the first mentioned combination Na > K and for the second 
K > Na > Li, therefore this result does not support the tricomplex 
hypothesis. Further, according to the theory of tricomplex systems, one 
would expect exclusively the sequence Li > Na > Kk, this being the 
sequence of the intensities of the complex relations between the mono- 
valent cations and the COO’ groups of the gelatin. One could, therefore, 
conclude that we have tricomplex coacervation in the combination 
gelatin + oleate + salt, and no tricomplex coacervation in the combination 
gelatin + T-pol + salt. But there are theoretical reasons why just in the 
case of gelatin + oleate + salt the realisation of tricomplex systems is 
utterly improbable, (the COO’ group of the oleate being stronger polar- 
isable than the COO’ group of the protein). This means that the sequence 
Na > K found in the combination gelatin + oleate + salt cannot be 
trusted to be a sound support for the tricomplex hypothesis, but that it 
must be explained in another way (see further below sub c)). 

Such theoretical contra-indications do not exist for the combination 
gelatin + T-pol + salt (the SO} group being much less polarisable than 
the COO’ group of the protein). 

From the theory of tricomplex systems we should expect the sequence 
Li > Na > K here without any reserve. The results of the experiments 
show clearly just the opposite sequence. 

Summarizing the above, we find no experimental support for the 
existence of complex relations between the COO’ group of the protein 
and the cation of the added salt. Taking into account that there also 
exist grave objections to the existence of the second set of complex 
relations (between the long chain anions and the positive groups of the 
gelatin, compare already Pankuurst) which is required by the tricomplex 
hypothesis, — see Introduction — we may definitely reject it. 


c) The results are in favour of the “symplea hypothesis’. 

According to the ‘“‘symplex hypothesis’ (for more details see Intro- 
duction) the added salt transforms the spherical micelles of the soap into 
precursors of the large sandwich micelles. These combine with the protein 
by symplex relations. One must therefore expect that the sequence of 
the cations for the coacervation of the soaps (in which according to H. L. 
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Boots the transformation via precursors into large sandwich micelles has 
been completed) is the same as the sequence of the cations for the coa- 
cervation of the gelatin + soap mixtures. 

The results of the experiments confirm this for the monovalent cations: 
Oleate -+- salt: Lli>Na>K._ T-pol + salt: K > Na > Li 
Gelatin + oleate + salt: Na > K Gelatin + T-pol + salt: K > Na > Li 

The fact that the sequence in the case gelatin + oleate + salt is just 
the reverse of the one in the case gelatin + T-pol + salt — an insur- 
mountable difficulty for the “‘tricomplex hypothesis’? — does not cause 
any difficulty for the “‘symplex hypothesis”, as this is explained by the 
fact that the cation sequences for the coacervation of oleate alone and 
T-pol alone are already opposite. 


d) The strong action of the bivalent cations 

This can only be studied in the combination gelatin + T-pol + salt, 
as the bivalent cations precipitate the oleate. At first sight it looks 
as if the strong action of the bivalent cations is in contradiction to the 
symplex theory. For one would expect the same cation sequence as for 
the coacervation of T-pol. Compare the next survey. 


{Mayol (COAT Go 386 So oe ee K > Ca/2 > Na > Mg/?2 > Li 
gelatin + T-pol (coacerv.) . . . . Ca/2 >Mg/2>K >Na> Li 

gelatin (salting out). ...... K > Na > li > Mg/2 
gelatin (affin. sequence) . ... . Ca/2, Mg/2 > li > Na >K 


But we have already discussed in part II of this series, that next to 
the main function of the salt which is added (formation of precursors) we 
have also to reckon with a second function of the salt (screening of the 
charged groups in the side chains of the protein, as a result of which these 
side chains can turn more easily into the plane of the protein monolayers 
of the soap-protein association). In the above survey we find support 
for the assumption that the strong promoting action of the bivalent 
cations resides in this second function (compare the affinity sequence 
of the cations for the COO’ groups of the gelatin). 

We further see from the survey that the lyotropic influence cannot 
explain this strong action of the bivalent cations (compare the salting 
out sequence of the cations for the gelatin). 


e) The réle of the anions 

We have already concluded in sub a) that compared to the cation, the 
anion of the added salt only plays a secondary réle. Variation of the 
anion has not much influence on the concentration whereby coacervation 
just occurs. Their influence comes mainly to the fore in the absolute 
values of the coacervate volume at somewhat higher concentrations 
(after the curves have taken a less steep course — compare the bundles 
of curves in fig. 2 and fig. 4). 

It seems probable that the anions mainly influence the watercontent 
of the coacervate. Indeed the coacervates obtained with KCNS are far 


less viscous than those obtained with KCl or K,SO, and in the case of 
gelatin + T-pol + salt, we have from measurements of the refractive 
index indications 1°) that the water content of the coacervate obtained 
with KCNS is much larger than the water content of the coacervate 
obtained with KCl and K,SO,. 

When we compare the anion sequences for gelatin + T-pol + salt, 
gelatin + oleate + salt, gelatin + salt, oleate + salt and T-pol + salt 
(see next survey) we always find CNS at the right end. 


Oleate | Gelatin | T-pol 
J — Br — Cl — CNS | Cl — Br — J — CNS J — Br — Cl — CNS 
ca ec Gelatin + Oleate — Gelatin + T-pol 
Cl — Br — J — CNS Cl — Br — J — CNS 


Further we find a very remarkable sequence of the anions (in which 
Br and Cl stand between J and CNS) for the coacervation of the two 
soaps. 

This sequence is different from the well known “‘lyotropic’’ sequence 
of the anions, which is shown characteristically by gelatin. In the coa- 
cervations gelatin + oleate + salt and gelatin + T-pol + salt we find the 
sequence which is characteristic for gelatin. 

This supports the supposition that the influence of the anions on the 
water content of the coacervate resides in a “‘lyotropic” influence on the 
gelatin and not on the oleate. This seems reasonable, as according to the 
symplex-hypothesis both sides of the associations are formed by a mono- 
layer of protein, whereas the sandwich micelles of the soap are lying in 
the interior. 


f) Suggestions as to the nature of the symplex relation between protein and 
long chain anions 


It is very striking that the sequence of the cations for the coacervation 
of oleate (Li > Na > K) is quite the same as the sequence of the cations 
for the reversal of the charge of the oleate. Quite so the sequence of the 
cations for the coacervation of the alkylsulfate (K > Na > Li) is just that 
which is characteristic for the reversal of the charge of sulfate-colloids. 
The relatively weak action of the bivalent cations in the coacervation of 
the alkylsulfate, coming into expression in the sequence K> Ca/2 > Na > 
> Mg/2 > Li is also met with in the reversal of the charge of sulfate 
colloids (the concentrations of the bivalent cations by which the reversal 


of the charge occurs are approx. the same or even higher than those of the 
monovalent cations) 1), 


0) Unpublished measurements with A. Recourt, 

4) For a survey of the specific sequence in the reversal of the charge see 
H. G. BUNGENBERG DE Jona, Chapter IX in Kruyt, Colloid Science IT (Elsevier 
Publishing Company, Amsterdam, 1949). For sequences of the reversal of the 
charge for oleate compare p. 292, and for sulfate colloids compare p, 285, 
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It seems that we must conclude, that the coacervation of soaps with 
salts is not first of all a direct consequence of the change of the water 
medium (as in, the salting out of gelatin), but that it is mainly connected 
with a binding of cations to the long chain anions. This would mean that 
cations will take part in the formation of sandwich micelles and their 
precursors, and of course will also be essential constituents of the soap- 
protein associations which we are studying in this series. As a consequence 
the conception that a dipole-anion interaction decribes the nature of the 
“symplex”’ binding of the protein monolayers to the surface of the sand- 
wich micelles, would also need some revision (interaction of the dipoles 
in the keto-imide groups and the charge mosaic at the surface of the sand- 
wich micelles) 12). 


5. Summary 


1. The specific cation and anion sequences occurring in the coacer- 
vations 1. gelatin + oleate + salt, 2. gelatin + sec. alkylsulfate + salt, 
3. gelatin + salt, 4. oleate + salt and 5. sec. alkylsulfate + salt have been 
investigated. 

2. The sequences which were obtained and the already known specific 
cation sequence for the reversal of the charge of negative gelatin, have 
been compared with the aim to decide for or against one of two alternative 
hypotheses on the nature of the protein-long chain anion associations, 
which hypotheses are denoted below by ‘“‘symplex-hypothesis’ and 
“tricomplex hypothesis’. 

3. With “symplex hypothesis” is meant the hypothesis already given 
in part II of this series, according to which the salt necessary for the 
coacervation transforms the spherical micelles of the soap into precursors 
of large sandwich micelles, which are collected by the linear protein 
macromolecules to form associations consisting of large sandwich micelles 
covered on both sides by a protein monolayer, the binding between protein 
and sandwich micelles being of a “symplex”’ nature (the term symplex 
is used here in a restricted sense, to denote that Coulomb interactions do 
not play a part in this binding). 

4. Many features in the coacervation gelatin + oleate + salt and 
gelatin + alkylsulfate + salt strongly recall the characteristics of tricom- 
plex coacervation. This leads to an alternative hypothesis — “‘tricomplex 
hypothesis” — on the nature of the protein-long chain anion associations, 
in which two sets of Coulomb interactions are present simultaneously: 
a) positive groups of the gelatin — long chain anions, b) negative groups 
of the gelatin — cations of the added salt. 

5. According to the “tricomplex” hypothesis the sequence of the 
cations should be the same in the coacervations gelatin + oleate + salt 


> 


12) Further investigations as to these points have been started and the results 
obtained up to now seem to confirm these conclusions. 


and gelatin + alkylsulfate + salt, as the cations are supposed to entertain 
Coulomb interactions with the same groups (COO’ groups of the gelatin). 
The cation sequences which are found are, however, just the reverse in 
the two cases. This fact, added to others and to theoretical contra-in- 
dications, leads to a definite rejection of the “‘tricomplex’’ hypothesis. 

6. According to the “‘symplex hypothesis’, the salt needed for the 
coacervation acts on the soap primarily (forming of precursors of large 
sandwich micelles). One should therefore expect the same sequence for 
the coacervation gelatin + oleate + salt and for oleate + salt. The results 
confirm this as in both cases is found: Na > K. One should also expect 
the same sequence for the coacervation gelatin + alkylsulfate + salt and 
for alkylsulfate + salt. This fits in too, as in both cases is found: 
K > Na > i. 

7. In the coacervation gelatin + alkylsulfate + salt bivalent cations 
show a stronger action, as can be accounted for by their action on the 
soap alone: 


gelatin + alkylsulfate + salt . . Ca/2 > Mg/2 >K >Na> Li 
alkylsulfate + salt. ...... K>Ca/2>Na>Mg/2 >Li 


It was argued in part II of this series that next to the main function 
of the added salt (formation of precursors) there is a second function 
(screening of the charged groups in the side chains of the protein). The 
strong promoting action of the bivalent cations is in accordance with the 
pH at which is worked (above the I.E.P. so that the gelatin has an excess 
of negative groups). 

8. The spreading of the anion sequences in the coacervations gelatin 
+ oleate + salt and gelatin + alkylsulfate + salt is much smaller than 
that of the cation sequences, which shows that the anions play a minor 
réle (they have mainly influence on the water content of the coacervate). 
The sequence is in both cases Cl— Br —J— CNS. This corresponds to 
the “lyotropic”’ anion series for gelatin and not to the sequence found 
for oleate and alkylsulfate, which is J — Br — Cl — CNS. As, according 
to the symplex hypothesis, both sides of the associations are formed by 
monolayers of gelatin, whereas the sandwich micelles of the soaps lie in 
the interior, this seems reasonable. 

9. There are indications that the cations of the salt which is used take 
part in the formation of sandwich micelles and their precursors. There- 
fore, they will be essential components of the protein-soap associations. 
The conception that a dipole-anion interaction describes the nature of 
the “symplex”’ binding of the protein monolayers to the surface of the 
sandwich micelles would, as a consequence, need some revision. 
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1 

The question of the predecessors of CoPERNICUS in antiquity and the 
opinions on world structure of the different Greek philosophers has been 
a much discussed problem. Some points therein may be stated as now 
undisputed facts: first, that HmrakLemes has put forward the daily 
rotation of the earth and explained the phenomena of Venus (and Mercury) 
by having them describe circles about the sun; and second, that ARISTAR- 
cuus has enunciated the heliocentric theory. 

In his classical memoir “I precursori di Copernico nell’ antichita’’[*] 
G. V. ScHTAPARELLI tried to bridge over the gap between these two stages 
of astronomical theory. It seems, he says, that after the testimonies quoted 
HERAKLEIDES limited the motion about the sun to Venus and Mercury 
and kept the earth as the centre for the superior planets (p. 27). This 
theory offered an explanation of the observed alternation of direct and 
retrograde motion of Venus. “So some one must naturally have been 
induced to see whether in a similar way also the stations and the retro- 
gradations of the upper planets could be explained, by making the sun the 
centre not only of the motion of Venus and Mercury but also of the other 
planets, thus in total adopting the system known afterwards as the 
Tychonic” (p. 28). Moreover in this way the great variations of brightness 
shown by Mars, indicating its smaller distance to the earth during op- 
position, could be explained at the same time. “If this idea arose in the 
mind of some one who was acquainted already with the heliocentric 
motion of Venus and Mercury, there remained to him no other plausible 
conclusion than to place into the sun the centre of the circle of Mars as 
well as that of Venus and Mercury” (p. 29). This orbit of Mars is an 
eccentric circle about the earth, carried along with its centre, the sun, in 
a yearly period. 

Here some critical remarks must be made. It is not “in a similar way” 
as with Venus that the retrogradations of the superior planets are ex- 
plained here. The circular motion of Venus about the sun is, so to say, 
directly seen in its oscillations to both sides of the sun. This is not the case 
with Mars; Mars, as also Jupiter and Saturn, can move to any angular 
distance from the sun, up to 180°. Their empirical relation to the sun, 
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therefore, is entirely different. They show oscillations, surely; but not 
relative to the sun. These oscillations, appearing in the alternation of 
direct and retrograde motion, take place about an invisible uniformly 
progressing centre. Hence, when the similarity in the apparent motions, 
relative to the stars, of Venus and Mars has struck the attention and asks 
for an explanation “in a similar way’’, it is the epicycle theory at which 
we are arriving. Just as Venus describes a circle the centre of which (the 
sun) is carried along the ecliptic, Mars describes a circle the centre of which 
is carried along the ecliptic. Then it is seen that the large variations in 
brightness presented by Mars, at the same time find their explanation in 
the variations of the distance to the earth. So it is not the Tychonic 
system but the epicycle system that appears as the most natural and con- 
sistent extension of HERAKLEIDES’ explanation of the motion of Venus 
and Mercury. It must be added, however, that as to the resulting positions 
of Mars in space both representations, the movable eccentric and the moving 
epicycle, are identical. They are different theoretical forms to express the 
same complicated real orbit and thus to the Greek philosophers represented 
different trends of thought. 

In pursuing his course of deductions SCHIAPARELLI says that once the 
Tychonic system had been reached it was not difficult for Greek thinkers 
acquainted with the Pythagorean idea of a central fire, to make the sun 
the central body and to make the earth describe an annual circle about 
the sun. That this was more than a supposition he states in express words 
in the German edition of his work some years later [*]. He says: “what 
from the here explained series of conclusions and facts resulted as highly 
probable, has really happened”’ (l.c. p. 65). The proof is given by a well- 
known sentence of GEmINUS (who took it from Postpontus), preserved by 
Stmericius, dealing with the difference between astronomical and physical 
hypotheses. There, as an example for illustration, it is said 


\ * \ A - \ e a 4 ae 4 
dlo xa magedda@y tis pnolv “Hoaxheidns 6 Llovtixds (éeyer), 
¢ \ f 2-4 oa 
OTL HAL KWOLMEVNS MMS TIS yHs, TO’ de rAiov mévorvtos MMC, 
£ i-¢ \ \ iva 7 
dvvatat 4 mEol TOY Fhtoy pawouérn Gropahia oblecdat. 


SCHIAPARELLI assumes the word in parentheses to belong to the text 
and quotes it as HERAKLEIDES saying: hence came some one and said that 
by making the earth move and the sun rest it is possible to save (i.e. to 
explain) the anomaly in respect to the sun. So he concludes that in these 
times already (before 300 B.C.) there was a person in Greece, whose name 
is unknown, who saw the possibility of explaining the course of the planets 
in the way of Copnrnicus. In a note added to the German edition (p. 68) 
he suggests that possibly this unknown person could have been HxERA- 
KLEIDES himself, who in that case would rank among the greatest and 
most consistent thinkers of all times. 

In 1898 he returns to this problem in a study “Origine del sistema 
planetario eliocentrico presso i Greci’’. [?] Here more definitely he states 
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his opinion that the system of HERAKLEIDES was the system of TycHo, 
even more perfect than TycHo’s because the rotation of the earth was 
included (l.c. p. 33). Since moreover, a number of manuscripts and the 
opinion of the best experts omit in Gemrnvs’ text the word in parentheses, 
its meaning is different now, it deals with Hprak.erpes himself, The 
translation now reads: 


“Hence also a certain Herakleides Ponticus came forward saying that also when 
the earth moves in some way and the sun is resting in some way, the irregularity 
appearing in relation to the sun can be saved’. 


The sentence of GEMINUS in this form has been the subject of much 
critical interpretation and controversy, for which we refer to the extensive 
discussion in Hratn’s Aristarchus of Samos [*] (p. 260—283). Most authors 
agree — SCHIAPARELLI among them — that there must be something 
wrong with the quotation and tried to correct it; most probable seems to 
be the opinion put forward by P. Tannery, that the name HERAKLEIDES 
was added, first in the margin by a copiist, and later was transferred into 
the text. SCHTAPARELLI thinks that HmrakLerpes has not assumed the 
Copernican system and has considered it a theoretical hypothesis only. 
HATH summarizes the result of his discussion in the words: ‘““Schiapa- 
relli’s later view is based upon presumption rather than upon direct 
evidence, which indeed does not exist (l.c. p. 260). DunH®Em [5], more 
favourably disposed, considers it an acceptable hypothesis: ‘it must be 
admitted that this interpretation is highly enticing; doubtless the sup- 
positions are numerous but they fill in a most happy way the gaps left by 
the texts” (l.c. p.416). On the other hand DREYER [*] earlier already had 
rejected it: “‘in the total absence of any mention of the Tychonic system 
by any writer we can only conclude, that it was never proposed as a way 
of ‘saving the phenomena’” (l.c. p. 147). 


1. 


Lately in his valuable memoir “Die Astronomie der Pythagoreer” [7] 
B. L. vAN DER WAERDEN deals with the ideas on world structure by 
HERAKLEIDES also, and reaches a conclusion in so far analogous to 
ScHIAPARELLI’s that he attributes a more highly developed world system 
to HERAKLEIDES. This conclusion is based on a definite view of the develop- 
ment of ideas in Greece after PLato. VAN DER WAERDEN proceeds from 
the sentence of Puatro (Laws, VII) “that each of them (sun, moon, and 
stars) traverses the same path, not many paths, but always one, in a 
circle’. Then those who came after him stood before the problem how by 
satisfying PLato’s demand the phenomena could be saved. 

To the problem posed in this way, one circle for each celestial body, the 
solution is the system of Copernicus. VAN DER WAERDEN gives this 
solution with the variation that the sun instead of resting in the centre 
describes a circle also, smaller than and within the orbit of Mercury. Thus 


each of the luminaries gets one circle, and PLaTo receives more than he 
asks, since the earth has its circle too; in Fig. 1, p. 60, this world system 
is represented. The author calls it “Die einzige Lésung”’, and he introduces 
it by the words “Auf die eben gestellte Frage ist nur eine Antwort mog- 
lich”. Surely, so it may seem to us, who have known such a system for 
many centuries already and have been educated to see it as a self-evident 
fact. But can we assume that the Greek thinkers, who had to break the 
way, were able to see this only way! The author seems to be sure of it; he 
says: “ich habe so geschlossen wie ein logisch denkender By thagunos: 
oder Platoniker schliessen kénnte, stiirker noch, schliessen miisste’’ 
(p. 62). To this assertion it must be remarked that it is questionable 
whether by implanting our logics into the ancient philosophers, we can 
render their mode of thinking and arguing. In the works that have come 
to us, of ARISTOTLE, of ARISTARCHUS, of PTOLEMY, we ever again meet 
with an attitude towards phenomena and theory, and with modes of 
thinking and reasoning different from ours (cf. my article ‘The planetary 
theory of Ptolemy” in Popular Astronomy, Vol. 55, Nov. 1947). So our 
confidence in our logics cannot warrant our deductions on the course of 
science in those times to be true. Critical examination of the results is 
necessary. 

‘None among the pupils and followers of Plato” thus the author con- 
tinues ‘‘was more apt to solve the main problem of pythagorean astronomy 
than HeraKLEIDES Ponticus .... Should not HERAKLEIDES have found 
also the only possible solution? Let us ask the testimonies!’ (p. 62—63). 

The testimonies (pp. 63—65) consist in 7 texts, three of SIMPLICIUS, one 
of an unknown scholiast, published by Branpis, one of PRocius, a Latin 
one of Cuaucriptus (cf. III), one of Geminus, the most important part of 
which has been given above; to which must be added a text of A®rruS 
(p. 58). For all of them we give here the text and the translation. 

Srmpicrus, Comment. to De caelo (II, 8) (Ed. KARSTEN p. 200) (v.d.W. 9.5) 

dud tO yeyovévar toads, Ov “Hoaxdéwys te 6 LIlovtixds Fv xa 

’Aplotaoyos, vouilovtas cblecdat ta ~awoueva, Tov ev Gvoavdv xdL 

TOV AOTOWY HOEMOLITOY, THS O€ VIS MEOL TVS TOV ianueoWwdv AdhovES 

aso dvanuayv xwovuerys Exdotys Huéoas ulav &yylota MEoLaToOPry. 
because there have been some as HERAKLEIDES PonTIKOS and ARISTARCHUS who 
supposed that the phenomena can be saved when the heaven and the stars are 


at rest while the earth moves about the poles of the equator from the west one 
revolution approximately every day. 


Srmptictus, Comment. De coelo (II. 13) (Ed. Karsten p. 232) (v. d. W. 9.4) 
év TH xEVTO@ O€ dvoay Ti yiy xd xdxd@ xwovuérny, 
tov d& ovoavoy roeudvyta “Hoaxdéidys 6 Lovtixds dod éuevos, 
amlew eto TA Pawomeva. 


HERAKLEIDES PONTIKOS by supposing that the earth is in the centre and moves 
in a circle and the heaven is at rest thought to save the phenomena. 
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SIMPLictus, Comment. De coelo (II. 14) (Ed. Karsren p. 242) (v.d. W. 9.3) 


tovto 0& ay ovvréBaive, nau & wetaBatix@s éxovéito Ty xbnow 

2 ae Se / 

7 yy é 0& xbxiw meoi to wéoor, os “Hoaxhédys 6 Hovtixds 

(s 9 ~ =) / 5 / > \ / / Sh mG) 

UIMETLUETO, THY OVOAViMY NOEMOvITMY, EL MEV TOOS Ovo, ExéWeEV 

» = / \ > yA 5 5 

av épavy ta dotoea avatésdovta, & O& meds Gvatodjy, & jmey 
\ \ long =~ / »” > / = 

MEOL TOVS TOV ionuEeowdv aAdhove, dvx dv and diaydowy do.Covtos 

4 4 7494 a 7 5 

TOMO 6 HAvog xau Ot GAAow aAdyytes avéteddov. 

The same would have happened also if the earth had a motion of translation. 
If in a circle about the centre as HERAKLEIDES PontTIKOS supposed while the 
heavenly bodies were at rest: if towards the west the stars would appear to rise 
there, if towards the east and if about the poles of the equator the sun and the 
other planets could not rise at different places of the horizon.... 


Unknown Scholiast, Ed. C. A. Branpis, p. 505 (v. d. W. 9.2) 
“Hoaxhéidys 6 Lovtizdsg xwétoda aegi to uéoov tH yy, 
tov O€ oboavoy HoEeuéw brotuéuEvoc, GblEW BETO TA Pawomera. 


HERAKLEIDES PontTIKOS by supposing that the earth was moving about the middle 
and the heaven was at rest, thought to save the phenomena. 


In these quotations there is only question of the daily motion; they all 
say that HERAKLEIDES put the heaven and the stars at rest by having 
the earth move or turn, i.e. rotate, in one day, about the poles of the 
equator. This is what is called here that the phenomena are “saved”. 
Puato used this expression speaking of the irregular apparent motions 
(stations and retrogradations) of the planets, which had to be saved, i.e. 
explained, rendered, by uniform circular motions. In the four above texts 
there is not the least allusion to those planetary irregulatities; to save here 
means simply to render the phenomena). If it was taken in PLaATo’s 
restricted sense, Dunem’s remark (l.c. p. 406) would hold that Hrra- 
KLEIDES’ rotation of the earth does save nothing, because for the daily 
celestial rotation being already circular and uniform there was no need 
of being saved ”). 

In the third quotation Smrpiicrus defends ARISTOTLE’s view that the 
earth is resting in the centre; in his first sentence “‘the same” relates to 
what is said in former sentences: that an orbital motion of the earth would 
produce gross effects of apparent displacement of the celestial bodies; 
they would appear in the case of translation also. Then he deals with the 
consequences of three different suppositions on rotation; where in the 


1) As a curiosity it may be remarked that the same word is still used in the 
17th century, in the ““Epistola dedicatoria’”’ preceding KEPLER’s “Epitome astrono- 
miae copernicanae”’ (Ed. Friscu. VII, p. 117), where he says that CLAVIUS, in view 
of GaLILer’s discovery of the Jupiter satellites, invites the astronomers to see “quo 
pacto constituendi sint orbes coelestes, ut haec phenomena salvari possint”’. 

2) Elsewhere he uses the same word: “La terre tourne sur elle-méme, afin de 


sauver l’apparence du mouvement diurne”’ (I.c. p. 441). 
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second case (the only one relevant) the planets are named beside the sun 
it is not their irregularities but solely their progress along the ecliptic that 
is referred to. His (futile) argument says that when HrRAKLEIDES puts all 
the heavenly bodies at rest the planets and the sun (of course!) cannot 
proceed from one to another zodiacal constellation. The third supposition 
of rotation along the ecliptic we have omitted. 

Another important point is that in the 2d and 3d of these texts the 
rotation of the earth is called a movement “‘in a circle”. VAN DER WAERDEN 
assumes that the expression “in a circle’? means a circular orbit, i.e. a 
translation through space. That this is not true is shown by these very 
texts. But they are not the only cases; we find this expression used by 
other authors also in the case of a rotation. Thus we find PLaro in the 
Timaeus (34 A) speaking on the creation of the Universe: 


610 6%) xatd TavTa &v TH avtT@ xau év Eavt@ MEovayay@v avto 
éxonae xxhwm xwétatar aTOEPOLEVOY 


... wherefore He spun it round uniformly in the same spot and within itself and 
made it move revolving in a circle (transl. Bury). 


And in ARISTOTLE we read (De coelo II. 4) 
” : ine) \ / \ ¢ , 7.4 a C ~ 
Ew 0&€ émet paweta xa baoxerta xv0xh@ aeoupéoecar To may. 


Again, since it is an observed fact and assumed in these arguments, that the 
whole revolves in a circle (transl W. K. C. GurTHrte). 


The same expression occurs some lines further on a couple of times: 
6 ovoavos xbxhw te péoeta, the heaven is carried in a circle. Thus it 
appears that rotation often is rendered by moving in a circle (cf. also 
iH. H. Marttn [*] p. 5). 

The testimony of Procuius is highly valued by vaAN DER WAERDEN: 
“surely ProcLus was best informed, because at his time the works of 
HERAKLEIDES probably still were extant’’. But Smrpiicrvus was less than a 
century later. That PRocius should be more reliable than others is not a 
general opinion. ARTHUR FATRBANKS in the Appendix to his book ‘The first 
philosophers of Greece” says: “PRoKLOs, like PLUTARCH, is very careful to 
cite the name of his authorities; but the text of the quotations is so care- 
lessly reproduced that they are of little value’ (p. 281). Here, however, 
he is arguing only. 

Procius, In Timaeo, § 281, E. F. (Ed. C. F. C. SCHNEIDER, p. 681) 
(v. d. W. 9.1) 


m0v 01) évhoyov Huds houérny axdvoartas éhovuéryy xcu 
otospoueryy aot» moew, Os IThdtwr daoéoxov Aégyortas; 
“Hoaxhéidyns pév oty 6 Hovtixdg 6v Tddtmvos dy AxOVOTIS, 
tabryy éxétwo thy ddSar, xudyv xbudw tiv yay: idtwv oa 
axiytov abrir totnow. 


How can we hearing (the earth) is wound round (?) reasonably make her 
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heaped ') and turning, and give this as PLaro’s view? Let HeERAKLEIDES Pontrcus 
who had not heard Paro, hold that theory that the earth moves in a circle. PLATO 
made it unmoved, 


Here we can see the result of quoting incompletely. By not having given 
attention to the first sentence and citing the next ones only, VAN DER 
WAERDEN is left with the reduced form: “Hrrakuerpes of Pontos, 
Puato’s pupil, holds the opinion that the earth moves in a circle”’ (p. 63). 
Then the interpretation by a circular orbit seems to be obvious. The fore- 
going sentence makes it clear that PRoctus speaks of a rotation of the 
earth wrongly ascribed to Puato, and that this rotation in the next 
sentence is expressed by motion “in a circle’. 

It must be remarked that ScHIAPARELLI also gives this quotation 
without the first sentence[®]; and the same is done by DuHEm (Lc. p. 405) 
without drawing consequences other than a rotation from it. 

Briss Uy 1332 (ved. Wi 7,6) 


“Hoaxhéidys 6 Lovvix0s xa *Expartoc 6 ITviaydoeog xwdvor 
ey THY yhy, ob puny te petapatixH>s GAda toEentixms tToeoyoo 
dluny éevyntovicuérny, ao dvoudy éx dvatoddcs mEoi tO idvoy 
GvTis “évTOOY. 
HERAKLEIDES Ponticus and EcpHantus the Pythagorean make the earth move, 


surely not in the way of progressing but in the way of turning, in the manner of a 
wheel from west to east about its own centre. 


Here is stated in express words that according to HERAKLEIDES the 
earth has no translation but a rotation, turning like a wheel. If to the 
earth besides its rotation an orbital motion too had been ascribed (which 
this collector of ‘‘opinions”’, many centuries earlier than Procius and 
Smumpticius, certainly would have known), he could not have expressed 
himself in this way. 

So we find all the quotations in complete harmony stating HERAKLEIDES’ 
theory of the rotation of the earth. Van DER WAERDEN sees here all 
confusion and contradiction (p. 66, 67). There is nothing of the sort; the 
statements are simple and clear. The contradictions and confusion are 
introduced by his attempt to read a circular orbit of the earth in them. 
As to this the testimony of the texts is flatly negative. There is not any 
proof or positive indication that H»raxiermes should have ascribed an 
orbital motion to the earth. 


Ill 


The text of Cuancrpius (cited p. 64 as 9.6) is the only one where 
HERAKLEIDES is named as the author of the theory that Venus describes 


1) For the difficulties and uncertainties in the meaning of (AAouévyy and its 
variants occurring in Piao, we refer to the discussion by Huara (l.c. p. 175—176). 
The next word otgepouévyy is entirely clear and leaves no ambiguity. 
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a circle about the sun; without his name it is mentioned as the Egyptian 
system by some later Roman authors. In the first sentence preceding a 
rather good description of the phenomena it is said that HERAKLEIDES 
described the circle of Lucifer and also that of the sun and gave to both 
circles one point and one middle (unum punctum atque unam medietatem). 
This has been understood mostly in this way that about a point describing 
a yearly circle about the earth, the sun describes a small circle (in a year), 
Mercury a larger one and Venus one still larger. The small circle might be 
considered as a representation of the variable velocity of the sun (the 
unequal length of the seasons) corresponding to an eccentric circle of the 
sun about the earth. The ancient authors putting forth the theory without 
the name of its inventor (Virruvius, MarTIANUS CAPELLA) simply say 
that Venus and Mercury describe circles about the sun. 

VAN DER WAERDEN keeps close to the first sentence of CHALCIDIUS and 
gives a small circle to the sun. Since, however, such a structure to later 
authors would have appeared as an epicycle and CHALCIDIUS speaks 
simply of a circle, he rejects it and assumes that the earth also describes a 
(larger) circle about the same centre. Instead of having the sun perform a 
yearly orbit about the earth he assumes that both the earth and the sun 
describe a yearly circle about a resting point, the earth a large, the sun a 
small circle, always opposite to one another, and gives this as the system 
of HerakueIpeEs. This then is the structure he put forth p. 60 as “‘die 
einzige Losung’’. It must be emphasized, however, that it finds no support 
in the text of CHaLcipius. A motion of the earth is nowhere spoken of or 
alluded to; the earth is spoken of as a point, “‘the centre of the earth and 
the heaven”. VAN DER WAERDEN of course is right when he says (p. 68) 
that it is not expressly stated there that this point is resting. 

CHALCIDIUS in the next part of the text gives a description of an illu- 
strating figure, and the existing manuscripts indeed contain such a figure. 
In this description a point X indicates the place of the earth, another 
point K the place of the sun; the line XK moves ‘“‘as much as the sun 
moves, i.e. nearly one degree per day”; and two lines making angles with 
it of 50° to the left and to the right indicate the place of Venus as evening 
and as morning star. So there is a contradiction to the preceding part of 
the text; a small circle of the sun here is not spoken of; to this description 
corresponds what is commonly given as HeRakLErpeEs’ theory, that the 
sun is the centre of the orbit of Venus. Such inconsistencies indicate that 
CHALCIDIUS in translating from an older Greek original (ADRASTUS) 
cannot have rendered or understood it well. The last sentence of the 
description quoted says that the lines from the earth drawn to Venus in 
greatest elongation are tangent to a circle described about the earth and 
the sun. Since this is impossible the sentence must be corrupted in some 
way, and figures trying to satisfy this condition must be out of sense. It 
might be, however, that the figure in a manuscript has not been made to 
satisfy the corrupted sentence of CHaLcrpius, but is a perhaps distorted 
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copy of an original figure in the Greek source. Then it could be possible, 
by restoring the original figure, to get information on the original text. 
Directed by this line of thought VAN DER WAERDEN has collected all the 
figures occurring in the existing manuscripts of CHaLcrprus. Among them 
there is a sensible, probably later form that simply neglects the corrupted 
sentence (his Fig. 8). The others indeed are senseless; by making a plausible 
correction VAN DER WAERDEN from one of them derives a figure (Fig. 9) 
with two concentric circles, the outer inscribed ‘“‘veneris’’, the smaller one 
“solis’’, with the earth (centre of the heaven) situated on the former and 
the two lines to Venus in greatest elongation tangent to the latter. The 
supposed original figure he then goes to reconstruct from it by adding a 
larger third concentric circle passing through the centre of heaven and 
inscribing the name “earth” to it (Fig. 5). 

It is clear that this procedure is an arbitrary construction; in the figures 
there is no substantial basis for it. They all give no more than two circles 
inscribed with veneris and solis. A circle or orbit of the earth is nowhere 
found in them. So neither the figures nor the text of CHALCIDIUS give any 
indication of a translation of the earth. 

Thus it appears that in all the texts preserved from antiquity there is 
no proof nor even an indication that HERAKLEIDES should have put 
forward an orbital motion of the earth. What is presented as a world 
system of HERAKLEIDES by SCHIAPARELLI or by VAN DER WAERDEN is a 
theoretical construction, presumed to be the only logical or possible 
consequence of former knowledge, but not sustained by fact. To us who 
look from later times and know all further developments as simple truths, 
their discovery may seem to have been easy; so we expect from a thinker, 
who by two discoveries has shown his ingenuity, that he should have made 
the next step also. We do not realize, then, what a large mental effort of 
the best brains has been necessary to perform in the progress of science 
each single step. The two discoveries rightly ascribed to HERAKLEIDES, 
the rotation of the earth and the orbit of Venus about the sun, constitute 
such an important progress compared with the former and prevalent 
views, that they suffice to give him a lasting place in the history of science. 
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CHEMISTRY 


IMENES AND THEIR AMPHIBIOUS BEHAVIOUR 


BY 


R. DIJKSTRA anp H. J. BACKER 


(Communicated at the meeting of May 31, 1952) 


By analogy with the formation of ketenes, SraupInGER*) tried to 
prepare an imene by eliminating chlorine from diphenylchloracetic 
phenylimidechloride Ph,CCl — CCl = NPh, but only a resinous product 
resulted. STAUDINGER *) succeeded later in obtaining imenes by a com- 
plicated reaction between phosphinimides and ketenes, e.g.: 


Ph,P =NPh + Ph,C=CO — Ph,C—=C=NPh 


Recently STEVENS *) reported the successful dechlorination of Srav- 
DINGER’s dichloro compound by means of sodium iodide. 


Ph,CCl—CC1=NTol > Ph,C=C=NTol 


Ristne, Upson and co-workers *), reacting the silver salt of phenyl- 
acetonitrile with butyl iodide, obtained a product which gave, by hydro- 
lysis, butylamine; thus the non-isolated intermediary compound was the 
N-butyl derivative. 

Cyanoacetic acid can also react in tautomeric form; with triphenyl- 
carbinol it gives, according to BERGMANN and WotrrF 5), a small quantity 
of an imene: 


CO,H —CN,—CN + HOCPh, > CH,=C=NCPh, 


ArnpT and Loxnwe ®) reacted substituted acetonitriles with diazo- 
methane and got oily products, methylated on the nitrogen atom. From 


1) H. StaupincEr, Die Ketene, p. 127 (Stuttgart, 1912). Ann. 356, 55 (1907). 
Imene (contracted from iminene) is the original name given by STAUDINGER to 
R,C=C=NR. These compounds were later reported in the literature under 
more complicated names as ketenimines 2) and vinylidene-amines (Org. Reactions 
VI, 85). 

*) H. Sraupincer and J. Meyer, Ber. 53 
E. Hauser, Helv. Chim. Acta 4, 887 (1921). 

*) C. L. Stevens, Chem. and Eng. News 30, 1384 (1952). 

4) M. Risine, J. E. MusKxat and BE. W. Lowe, J. Am. Chem. Soe. 51, 262 (1929). 
F. W. Upson, R. T. Maxwetu and H. M. PARMELER, J. Am. Chem. Soc. 2 LO Tal 
(1930). 

*) KE. Bercmann and H. A. Wotrr, Ber. 63, 1176 (1930). 

*) F. Arnpr and L. Louws, Ber. 71, 1627 (1938) 
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p-tolylsulphonyl-carboxethyl-acetonitrile a small quantity of a crystalline 


imene could be isolated ”). 


| When examining the reaction of diazomethane on bis-methylsulphonyl- 
acetonitrile for other purposes, we found that it produced, in high yield, 
a stable imene: 


(MeSO,),CH —C=N + CH,N, > (MeSO,),C =C—=NMe (I) 


Methylsulphonyl-carboxethyl-acetonitrile and methylsulphonyl-phenyl- 
sulphonyl-acetonitrile also give the corresponding imenes: 
(MeSO,) (CO,Et)C =C=NMe (II) 
(MeSO,) (PhSO,)C=C=NMe (III) 
In the latter case, however, the C-methyl derivative is formed simul- 
taneously: 
(MeSO,) (PhSO,)C(CH;) —CN 
If one of the substituents introduced in acetonitrile is methylsulphonyl 


and the second one a methylsulfoxyl group, the methylation with diazo- 
methane proceeds exclusively on the carbon atom. 


(MeSO,) (MeSO)CH —CN > (MeSO,) (MeSO)C(CH,) —CN 


Apparently the presence of two groups with high —I and —M effects 
is necessary for promoting the imene configuration of acetonitrile: 


X,CH —C=N 2 X,C=C=NH 


As soon as this compound loses a proton (which may combine with 
diazomethane to give the reactive methyl cation), the remaining anion 
will be the hybrid of various mesomeric structures, e.g.: 


X,C-—C=N 6 X,C=C=N 


Moreover each of the two sulphonyl groups may, by its mesomeric 
effect, enhance the contribution of conjugated structures, such as: 


= + = 
MeSO,=CX —C=N 


The new imenes (I, I, III) have a high tendency to nucleophilic 
additions. Water and alcohols are added by heating, and, in presence of 
traces of alkali, they react even at ordinary temperature, forming amides 
and imino-ethers: 


+ H,O — (MeSO,),CH —CONHMe 


a N ; =C =—=NM \ 
(MeSO,)C / + MeOH + (MeSO,),CH —C(OMe) (NMe) 


7) F, Arnpt, H. ScHOLZ and E. Fropen, Ann. 521, 95 (1936). 
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The structure of the products is proved by hydrolysis with hydrochloric 
acid, which gives methylamine and bis-methylsulphonylmethane (and 
methanol from the imino-ether). 

Amines add spontaneously to the imenes; the exothermic reaction leads 
to amidines. 

(MeSO,),C =C=NMe + PhNH, > (MeSO,),CH —C¢ 
‘NHPh 


Expecting to obtain the same amidine, we reacted aniline on the 
iminoether. We got, however, the amide and methylaniline. Thus the 
iminoether methylates the amine: 


(MeSO,),CH —C(OMe) (NMe) + PhNH, > (MeSO,),CH —CONHMe + PhNHMe 


Imenes, like ketenes, may also have nucleophilic properties. Imene I 
readily combines with electrophylic reagents, such as hydrogen chloride 8). 


(MeSO,),.C =C=NMe + HCl > (MeSO,),CH —CCl=NMe 


At first sight this amphibious behaviour (nucleo- and electrophilic) 
seems surprising. However, whilst addition of nucleophilic reagents does 
take place on the ethene binding, nonetheless we may assume that electro- 
philic reagents combine with the imine group, beginning with fixation of a 
proton on nitrogen; finally the HCl adduct may tautomerize. 

Ht + an 
(MeSO,),C =C =NMe — (MeSO,),C =C —NHMe + (MeSO,),C =CCl —-NHMe > 
— (MeSO,),CH —CCl=NMe 


This product is capable of giving Friedel Crafts reactions, e.g. with 
resorcinol dimethylether: 


(MeSO,),CH-C-¢  ‘S\—oMe 
Sea 
MeN 
OMe 


The structure of the resulting imine is proved by hydrolysis, giving 
methylamine and the ketone: 


fees 
(MeSO,),CH —CO a4 S ~OMe 


OMe 


The imene itself can give the same Friedel Crafts reaction without 
previous addition of hydrogen chloride. We can assume a coérdinative 


- a , : 
) These reactions also depend on the substituents, for imene II does not react 
under the same conditions. 
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addition of AICI, to the nitrogen. Then addition of the aromatic compound 
leads to the same imino-compound as is obtained by means of the HCl 
adduct: 


+ = - - 
(MeSO,),C =C =N — AICI, <> (MeSO,),C=C—N —AICl, 


| | 
Me Me 


+ HAr > (MeSO,),CH —C¢ 4+ AICI, 


The amphoteric character of these imenes is also the cause of their 
remarkable capacity to give immediately, at room temperature, an amide 
by addition of water, both in alkaline and acid media. 

The experimental details will shortly be published 9), 


%) R. Disxsrra, Thesis, Groningen (1952). 


METEOROLOGY 


TREERING MEASUREMENTS IN JAVA AND THE SUNSPOT 
CYCLE FROM A.D. 1514 


BY 


H. J. DE BOER 


bo 
— 


(Communicated at the meeting of February 23, 195 


1. Introduction 


In a previcus paper [1] we have shown, that treerings of Tectona grandis 
in Java, measured from A.D. 1514, give a fairly good picture of the 
weather in Java from that date, as the various well-known weather cycles 
are always present in the relative widths of these treerings. Of all those 
weather cycles special attention has been given to the 89-year one, because 
the duration of 8 sunspot cycles is 89 years and the relative sunspot 
numbers of the maximum sunspot years show a well-developed 89-year 
period. 

It is our intention to determine the maximum sunspot years and to 
estimate the relative sunspot numbers in these years from the above- 
mentioned treering measurements. In the same way the minimum sunspot 
years and their relative sunspot numbers may be derived. 


2. Determination of the maximum sunspot years 


If a period of 11 years is hidden in a series of experimentally determined 
annual figures, then this period may become visible by summing by three 
or by five of the annual figures. For not only the fortuitous irregularities 
in the series have been more or less wiped out, but also eventually occurring 
cycles of 3 and of 6 years duration or of 5 and of 10 years duration 
have completely disappeared, provided these cycles have a sinusoidal 
shape. 

The data of column 8 of the table at the end of our above-mentioned 
paper represent the departures from the mean concerning the measured 
widths of the treerings corrected for the age of the tree. To these data 
we have applied the process of summing by three and by five in order to 
make visible a possible sunspot period. The results of both processes have 
been gathered in column 2 and 3 of Table TI. 

When we study both columns, then we observe a large number of 
maxima and minima. From A.D. 1749 onward the high maxima often 
coincide with maximum sunspot years. Henceforth we call a maximum 
sunspot year “masy” for short. We have shown [2], that the years A.D. 


387 


TABLE I 
| pa) es : 

1514 | | 1564 = 7 = 147 1614 |— 52'— 109] 
ihe Sd | | 65 |— 74|— 227 150 ers a7 5 
£6269) ==" 81) fe GG == 130) oom it) 16.28 43'-20 SG 
17 |— 47/— 71 We Gus leche 113] lin = el == 60. 
FSo)— 2 15h—= 110) Sl 13 119 1S. 11 = 64 
19 23| 28 6915 G3 1103 ocleyees = 16 

1520 55} 3 1570 |— 47;— 85} M ||1620|— 2— 29! 

21 33} 41) m 71 |= 43:— 65 21 Lia oe 

Be 4 54 12) |= 2 20) Do Mer ed > 50) 

23 ll 60 73) 10) 17 93 = 5, 717 

24 522 74 39] 47 24|— 23 — 42! 

25 76 92| 75 | 65 75 YS |= BY) — 2) iam 
26 71/  112| M 76 52) 111 26.) == ga OI 

7 56| 93 || 77 | 67/ 651 i) e277 cues 

28 A 87 | 78 i= 770 i 28 Sih © 957 

29 47, 91 79 |— 46) 34| m 29 77| +86) M 

1530 55| 90 1580 |— 12 60 |} 1630 | 70) 88 
31 6896 81 61; 63) 31 56| 50 
32 65) 130) | 82] 140] 105 52 15 =e OF 
33 81) 125 || 83 85, 196] M || 33/— 80— 83 
34 82/123 | 84] 90) 157 34 |— 89 — 98| 
35 2) 119} m || 85| 82] 117 35. |= 78) 150) -m 
36 57| 104) | 86 73) 115; m 36 |— 69 — 172 
37 44 70, || 87 59} 164) 37 p14 82) 

38 28-68 I) 88 1h) 02h) 157 38 |— 64/—107| M 
39 31| 42 | 89] 130] 196 So 46 = 62 

1540 20, 49! M || 1590] 163, 200] M |, 1640 22 eo 
4] 36, 35 PAGO e100 177 arta 46-50 
42 11 2 62S 79). 126 42 53221 
43 |— gi— 48| 93 | 22) 100 eh eee eae 
Ae G6) = All cao || 94-1) 30) 48 Ad Ves 84) ys 
Ab i 56)—- 82 | 95 31 80 | 45/— 93 — 146) m 
46 |— 48/— 98 ee 57 | 46|— 79/— 149 
a7). 39)-— “95 97 34, 38 27 eet OD 142 
£8 = G6 72 98 12) (17 48 |= 90 178 Mi 
49 |— 56/—106| M || 99 |— 36/— 27) m 49 |— 116|/— 193 

1550 |— 64/—119 1600 |— d1i— 25 1650 |— 137|— 196 
oi yl er 4 Ol. 3.= 53 Sl (si o07 
Boal Si— 70 O24=—=- 33> 25 62 = 130\— 193 
53 |= 80/— 773| m 03 14);— 28) mM 58 |— 90/— 155 
54 |— 52/— 94 04 (= 391 33 54 |= 75) = 108 
55 |— 44— 51 Ob }= 31)—= 97 65 == 28 107 
56 |— 53/— 40 GG 60) —= 82 | 86 |= 41/— 61) sm 
57 |— 6|— 104 07 |= 87/— 127 57 |— 36— 84 
58 |— 40\— 90| M 08: |= 80|—139 58 |= 661— 102 
59 |— 91;/— 65 09 |— 81 — 136 59 |= 76|— 109 

1560 |— 69 — 133 1610 |— 85,—136| m || 1660 |— 76/—110/ M 
GL = (82—= 142 11 |— 78)/— 121 Bie 67) 140 
62 = 58/132 i= 691 110 62 |= 74\— 168 
63 |= 107|— 113 13 Ve 54 — 107 63: |= 125 — 202 


388 


TABLE I (Continued) 


ee —n—nnneeeeeST—SsSsSs—a—a—auns 


| 

1664 |— 168] — 207 | 1714 |— 34/— 49 | 1764 | 61) 124) m 

65 | 143, — 204 | 15 3}/— 36 | 65 78 (136 

66 |— 103!— 186| | 16 | | 36 m | 66! 104 159 

67 |— 5s\—168) m || 17|— 24/— 61] 67 | 129} 1741 M 

68 |— 86/— 118 18 |— 76|— 92) 68 97| 157 

Go) t= Sei 18) 19 |— 90!— 106 69 82) 131 
1670 |— 73\— 82 11720 |— 67/— 87 1770 50/127 

7 en ee ee 21 |= 28)— 99 71 57, 104 

72 |— 27/— 65| M 92 |— 31\— 87 72 76, 135 

731-3 ge) 77 23 |= a7) 108 73 101, 161 

74 |— 77|— 69) 24 — 106 — 149 74 116-190 

Te 2265) = Sl 25 |— 117|/— 208 75 | 136, 216 

76 Nee 298-2 6a 26 |— 149] — 215 76 138) 215) m 

77 lan Ti 27 |— 143|— 247] M 77| 130| 238] 

78 |— 30\— 31] m 28 |— 155|— 241 78 | 149] 287 

79 |= 27 2| 29 — 139 — 228 79 | 187} 281| M 
1680 8 41) 1730 | — 130) — 196 1780 | 202 248 

81 72 106 31 |— 97|— 126 81 | 148) 241 

82 126 96 M 32 |= g71— 79 82 84} 219] 

83 64, 96 || 33/— 6-— 6 83 87| 185] 

84 28) 67) | 34] 60 57 84 124, 161) m 

SE" Si) 1 35 52) 25 85 122} 178 

86 |— 13 — 15] 36 1-— 4m 86 | 107} 240) 

87 15} 33 37 |— 26 19 87 | 139} 200; M 

88 30 12 | 388 |— 44 17 88 | 126) 150 

89 29) 221 m || 39| 42 12] 89 90,159 
1690 6, 83! 11740} 68 90! M |!1790 35, 166 

91 37| 99) 41| 78) 84 91 67; 101 

92 102} 88 | 42 42} 65 92 90, 119 

93 96, 103) M 43 9 88 | 93] 86] 178 

94 49 116 | 44] 40 55 || 94 108, 144 

95 23; 76 45 39) 57 95 82| 126 

96 25 20] | 46 70! 36) m || 96 80 97 

97 19} 11 47 |— 10} 71) | 97 9) 45 

08 |= B= 10 | 48] 25] 38 G6 ee SSeS Cee ay 

99 |— 387;\— 26) m || 49 16} 73 i 99 |— 49 6 
1700 |— 23;— 28 1750 76 61 {1800 |— __7 15 

OL ==" tala ay 51 60, 119| M Ol 50 6 

02 j= 18\S) 94 52 76, 117 02 46} 32 

03 |— 67/— 63] 53 17; 102) | 03 13! 56] M 

04 |— 62/— 67 54 5 86 04 /— 8 49 

05 |— 43/— 89 5 i— 9d 82 05 6|— 15 

06 |= 20 93 56 9 60 m 06 s;— «9 

07 |= a¢i— 40) M 57 18) = 42 07 j= 19 12 

08 |= 30\—¢ 80 58 9) 58 08 Gi I} 

09 |— 33/— 94 59 33} 59 Ol da 9) Mm 
1710 |— 64|/— 105 1760 42) 67 1810 Sie 9 

it "pale ike 61 is) 89 M Lbs 15 

12 |— 94|— 128) m 62 33} 82 12 T=. 36 

12. 1—9. 4d e168 63 16) 95 13 \+.-23) 2) 46 


389 


18th |= dela 84 1853 |— 17,— 67 1892 | 38| = 51 

15 =. Olle 36! 54 |— 7711— 79| 93 46. 56 M 

16° |= isha 184) Mi boat = Gli 27 94 27; 17 

iy | =e) ses | 86) 952) 20) am |] on |— 12l— 19 

is = opesas akon = 5 [OG N= 4-40 

19 |— 55|/— 102 58 59| 34 97 |— 58|— 75 
1820 |=-—9|= 66 59 34| 87 Og 46/04 

21 6 4 | 1860 46] 341 M 99 3; 45 

22 is} 41 61 25| 83 1900) |= 17) 

23 2i 27) om |) ~ 62 80| 67 OF 367) a 

24 32) 84 63 39° «99. | o2/— s2l— 19 

25 | 71] 76 64 59 «50 ) OB = 1s) 84 

26 | 39] 116 65) 13 55) 04 10; ~9| 

27 | 113] 148 66 13 4 | 05 41) 10| M 

28 | 85] 198 | 67/— 151 43! m || o6|— 9] 24 

29 oe 177) 68 32) 53 07) |= a= 13 
1830 | 132| 217, M 69 57| 73 | 08 |— 25 

31 108} 200 || 1870 82; 62) M 09 25|— 8 

32 115] 165) |} 71 32 67 | 1910 9|— 23 

33 73| 144! ll, Seale 44 Weed foe 1G a6 

34 g1| 141 Woe | 3} 33] oe 04) 

35 73) #30) m || 74-| 28 16 i 13) 120) 769) — am 

36 73, 87 || 75 31 12, 14 |= 7(27\— 149 

37 58| 93 76 OP P24 aa i} 1b 7 143 

38 25| 124 | 77 |— 10, 58 | 16 Sil 030 

39 75) 98} M || 78| 45/ 64 iz 64|— 131| M 
1840 84, 80 79| 82| 108 18 |— 102|— 116 

41 60/101, 11880 | 117] 115] M 19 |— 94|— 149 

42 35, 98 | 81] 59) 109 11990 f= 85) — 197 

43 25| 36 82 35, 104 Oy A705 

44 31|—8| 83} 41) 67 22a Aa 80 

45 > Sol" vl] || 84).—84| 24 23) |= 65) — 138 

46 |— 39)/— 69 | 85 | 30. 84 24 |— 102|— 146 

47 \— 7O\— 92) m 86} ~37| 82 Bp et W672) moe 
48° |—“59l—. 84 | 87 48| 66 26 = 1374 173 

a ey) a ies -arteell 73 o7 = Sil =. 204 
LS50e b=. Ill 42 | gs9| 23| 86 224-93 

51 11|— 30| M || 1890 34, 52| m 29 

52 |— 16)— 14 91| 23) 3| 


1549, 1638, 1727, 1816 and 1905 have been masy’s and that in these 
intervals 8 sunspot cycles have to occur. 

Starting from 1905 as a masy by definition we find the next one after 
that year by taking a well-marked maximum an 8—13 years after 1905. 
In column 2 the year 1916 is our next masy, whereas column 3 indicates 
the year 1918. As both maxima carry the same weight in their respective 
columns we take 1917 as a masy. Between 8 and 13 years before 1905 we 
find in both columns a well-marked maximum at 1893. Proceeding in 
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the same way we find masy’s at 1880, 1870, 1860 and 1851. Starting from 
the defined masy 1816 onward we find, that the year 1830 is a masy. 
After 1830 in column 2 the year 1840 and in column 3 the year 1838 show 
well-marked maxima. Therefore we chose the year 1839 as a masy. Here- 
with we have found the 8 sunspot periods between 1816 and 1905. The 
maxima under consideration in column 2 and 3 of Table I have been 
printed in fat type. In column 4 the years, which we have chosen as 
masy’sin the above-mentioned way, have been marked with an M, whereas 
the years 1905, 1816, 1727, ete. have been denoted with an M. 

The first well-marked maximum in column 2 before 1816 occurs at 
1801 and in column 3 at 1803, so that in column 4 the year 1802 has been 
denoted with an M. The maximum before 1802 may be put down at 1794 
or at 1787 as a weighted mean from both columns. Starting onward from 
the year 1727 as a masy we may put down our first well-marked maximum 
at 1740 and the next one at 1751. From there to the very evident maximum 
at 1767 the distance in years is too large so that we are forced to take an 
intervening maximum as a masy at 1761. The first maximum after 1767 
may be seen at 1779 and then it is clear, that we have to take the year 
1787 as a masy and not 1794, as between 1779 and 1802 there may only 
happen two sunspot cycles and at 1787 the maximum is much more 
marked. Exactly in the same way we have determined 18 masy’s before 
Jats 

From A.D. 1749 onward we may compare our thus determined masy’s 
with the observed ones [3]. There are also observed masy’s before A.D. 
1749[4], though their correctness is much less, as they have been determined 
from scanty and very incomplete series of observations. In column 1 and 3 
of Table IT have been collected the observed masy’s and the determined 
masy’s respectively. 

If we now compare the observed masy’s and the determined ones from 
A.D. 1749 up to 1920, then it is evident, that in 9 out of 16 cases the 
masy’s in both columns coincide exactly, in two cases there is a difference 
of one year, in three cases a difference of two years and in two cases a 
difference of even three years. That means, that the standard deviation 
of the determined masy’s with respect to the observation is 1.4 vears. 

The standard deviation of the determined masy’s with respect to the 
12 observed ones before A.D. 1749 is 1.9 years. This does not surprise us, 
as the exactness of the observation before that year is only small. 


3. Estimation of the maximum relative sunspot numbers 


The relative sunspot numbers of the observed masy’s from A.D. 1749 
have been collected in column 2 of Table IT. In future we call these figures 
the observed ‘‘masn’s”’ for short. We have already shown [2], that in the 
successive observed masn’s an 89-year period is present. As the treerings 
of Tectona grandis show not only an 89-year period, but also a very well- 
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TABLE I 

1 2 3 4 5 6 a ee ae 2G 
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developed 51-year period, we have investigated whether the successive 
observed masn’s could be represented by the two above-mentioned cycles. 
This could be done with the aid of the method of least squares and the 


representation is: 
(1) 99 + 33.4 sin (x + 2°) + 16.0 sin (y + 187°), 


where « = 0 and y= 0 at A.D. 1750. 
The first term is the arithmetic mean of all masn’s occurring between 
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1749 and 1950. The second term is the 89-year period with an amplitude 
of about one third part of the value of the first term. The third term is 
the 5l-year period with an amplitude of about one sixth part of the 
value of the first term. 

At A.D. 1760, a masy, the expression becomes: 


99 + 33.4 sin ((10/89).360° + 2°) + 16.0 sin ((10/51).360° + 187°). 


In this way we may compute all masn’s occurring before and after 
1749 and all computed masn’s have been collected in column 4 of Table IT. 
The relation between the observed and the computed masn’s may be 
expressed by the correlation coefficient. This coefficient appears to amount 
to 0.78. If we had used the first two terms of expression (1) only, then 
the correlation coefficient amounts to 0.68. This means, that the 51-year 
cycle increases the correlation coefficient from 0.68 to 0.78. 

The best approximation of the observed masn’s has been worked out 
by WALDMEIER [5]. He has used the time difference in tenths of years 
between a maximum and its preceding minimum. The shorter the time 
difference the larger is the sunspot number. In column 5 of Table II have 
been gathered the masn’s computed from the formulae of WALDMEIER. 
The relation between the figures in column 5 and those of column 2 may 
be expressed by the correlation coefficient; this coefficient amounts to 
0.92, so that this relation is much closer than the one between column 4 
and column 2. 

Though the formulae of WALDMEIER give an excellent account of the 
eruptive character of the sunspot cycle, the method needs two series of 
exactly given data. For the successive monthly relative sunspot numbers 
have to be graduated in a special way, so that both series (i.e. the maxima 
and the minima) may be determined in tenths of years. Then the time 
differences between the maxima and their preceding minima may be 
computed in the same units. Though our expression (1) is less good from 
a theoretical standpoint, it only requires the knowledge of the years, in 
which the maxima occur. Therefore we were also able to compute the 
masn’s before A.D. 1749. Whether these extrapolated masn’s are true 
to the same degree as the computed masn’s after A.D. 1749 or not we can 
not say. But there is one fact, which makes the extrapolated values to 
be trusted to a certain degree ; namely the large masn’s evidently correspond 
with wide treerings and it is well-known, that large masn’s coincide with 
wet weather and wet weather coincides with wide treerings. 


4. Determination of the minimum sunspot years 


As in §2 we have shown, that maxima in column 2 and 3 of Table T 
coincide with masy’s, it is only logical to suppose that intervening minima 
agree with minimum sunspot years or misy’s for short. Between 1917 
and 1905 a minimum occurs as well in column 2 as in column 3 at 1913. 
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Indeed 1913 is a misy. Between 1905 and 1893 a minimum occurs in 
column 2 at 1902 and in column 3 at 1901. The course of the curves in 
the neighbourhood of the minima indicates the year 1901 as a minimum 
year. Indeed from observation 1901 is a misy. In the same way (i.e. by 
taking a minimum a 3 to 8 years before a maximum) we have been able 
to determine the misy’s happening before 1901. In most cases it has been 
easy to do so, but in a few cases we had to determine a minimum in a 
steeply rising or declining curve. 

The minima under consideration in column 2 and 3 of Table I have been 
printed in italics. In column 4 the years, which we have chosen as a misy 
in the above-mentioned way, have been marked with an m. 

In column 6 of Table IT we have collected the misy’s, which have been 
observed [3, 4]. The misy’s before A.D. 1749 are much less exact than the 
ones after that year. In column 8 we have gathered all our determined 
misy’s from A.D. 1521 up to 1925 including. In the first place we may 
compare the figures of both columns after A.D. 1749, i.e. 16 figures. 
In 7 out of the 16 cases the years in both columns coincide, in 4 cases the 
difference is only one year, in 4 cases the difference is two years and in 
one case the difference is even 4 years. That means, that the standard 
deviation of the differences between the determined and the observed 
misy’s is 1.5 years. Thus we may say, that the determination of the misy’s 
has about the same exactness as the determination of the masy’s. The 
standard deviation of the differences between the determined and the 
observed misy’s before A.D. 1749 is 1.8 years and even here we may say, 
that the exactness of this determined series of misy’s is about the same as 
that of the determined series of masy’s before A.D. 1749. 


5. Estimation of the minimum relative sunspot numbers 


The relative sunspot numbers of the observed misy’s from A.D. 1749 
have been gathered in column 7 of Table II. These figures we call “the 
observed misn’s”’ for short in future. If we want to find a relation between 
the observed masn’s and the observed misn’s, then it is obvious, that only 
a relationship may exist between the observed masn’s and their respectively 
preceding observed misn’s. The correlation coefficient between the depar- 
tures from the arithmetical mean of the observed misn’s and of the 
observed masn’s proved to amount to 0.67. This result has founded the 
opinion, that the observed misn’s may also be represented by a constant 
and two cycles, the one with a duration of the period of 89 years and. 
the other of 51 years. With the aid of the method of least squares we get: 


(2) 6.1 + 3.42 sin (x + 18°) + 1.80 sin (y + 196°), 


where x = 0 and y=0 at A.D. 1750. 
The first term is the arithmetical mean of all misn’s occurring between 
1749 and 1950. The second term is the 89-year cycle with an amplitude 
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of more than half the value of the constant. The third term is the 51-year 
cycle with an amplitude of about three tenths of the value of the constant 
term. 

With expression (2) all misn’s of the misy’s, determined before and 
after A.D. 1749 have been computed. The thus computed misn’s have 
been collected in column 9 of Table II. The relation between the observed 
and the computed misn’s after A.D. 1749 may also be expressed by a 
correlation coefficient. This coefficient amounts to 0.68, if we only use 
the first two terms of expression (2) for the computed misn’s. If we use 
all three terms of (2), the correlation coefficient increases to 0.84, This is 
a large value for such a simple representation of the observed misn’s. 


University of Indonesia 
Faculty of Agricultural Science 
Bogor, February 1952 
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PALAEONTOLOGY 


PALAEOLOXODON CF. NAMADICUS (FALCONER ET CAUTLEY) 
FROM BORNEO 


BY 


D. A. HOOLWIER 


(Ryksmuseum van Natuurlijke Historie, Leiden) 


(Communicated by Prof. H. BoscumMa at the meeting of June 28, 1952) 


It is usually accepted that the living Bornean elephants are descendants 
of a stock introduced by man. Since Elephas maximus L. is one of the 
living elements of the fauna of Sumatra, and, besides on this island is 
known as prehistoric remains from other islands on the Sunda Shelf, 
viz., Banka and Java, it seems difficult to believe that the former range 
of the Asiatic elephant did not extend over Borneo, too. However, fossils 
that would afford proof of the former existence of this species in Borneo 
have not yet been found. 

Our present knowledge of fossil proboscideans from Borneo is limited 
to the extreme. In 1885 LypEKKER described a left M? from the collection 
of the Zoological Society of London that was found early in the same 
year by a Kadayan in the jungle near Bruni on the Northwest coast of 
Borneo. The specimen was identified as Mastodon latidens Clift; a cast 
is in the British Museum (Natural History), no. M. 2498 (LYDEKKER, 
1885, 1886, pp. 75—76). 

For almost half a century this tooth from Bruni remained the only 
mammalian fossil known from the island of Borneo, until STROMER 
(1931) described two fragmentary teeth from the Lower Tertiary of 
Western Borneo as belonging to a suid (cf.Choeromorus) and an anthraco- 
there respectively. 

Stegolophodon latidens (Clift), formerly regarded as of Pontian age, is a 
Lower Pleistocene species typically from the Upper Irrawaddies of Burma 
(CoLBERT, in OsBorN, 1942, p. 824, footnote; COLBERT, 1943). VoNn 
KorniGswaLb (1931, p. 192) has suggested the possibility that the tooth 
described by LypDEKKER was brought to Borneo by Chinese, who sell 
ground fossil teeth from China in their drugstores, all over the world, as 
an aphrodisiac. Through these channels part of the fossil mammalian 
fauna of China was already known before it was discovered in situ in 
limestone caves and pits in Southern China (GRANGER, 1938). However, 
the Bornean tooth was made the type of a new species, Stegolophodon 
lydekkeri, by OSBORN (1936, p. 700, also OSBORN, 1942, p. 851) on the 
ground of its being “much more progressive” and smaller than the Stego- 
lophodon latidens type, a difference that, perhaps, might be better accounted 
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for by a subspecifie distinction. Until now, the Bruni molar was still the 
one and only fossil proboscidean find in Borneo. 

Therefore, I was much interested to hear from Dr C. O. VAN REGTEREN 
ALTENA, curator in charge of the paleontological collections of the Teyler 
Museum at Haarlem, that in this collection there is an elephant molar 
from Borneo that appears to be undescribed. I am very grateful to Dr vAN 
REGTEREN ALTENA for turning the specimen over to me for description. 

The specimen is no. 16257 of the catalogue of fossils contained in the 
Teyler Museum collections. The specimen was found Northeast of Sama- 
rinda, Eastern Borneo, at about an hour’s walk from the sea shore, and 
originally belonged to the Sultan of Kuti, who left it to Mr. van EELDEN, 
one-time assistant commissioner of Kuti, who in turn gave the tooth to 
Mr. P. Tu. JANSEN, head of the elementary school for girls at Haarlem, 
Netherlands. Mr. JANSEN presented the fossil to the Teyler Museum at 
that town. Prof. Dr E. Dusois, at that time curator in charge of the 
paleontological collections of the Teyler Museum, mentions this donation 
in his annual report to the board of directors of the Teyler Museum, 
dated April 8, 1912, thereby giving the detailed history of the specimen 
as recorded above. 

The fossil specimen consists of five and a half plates of a left upper 
molar. The state of preservation is splendid; the tooth is heavily fossilized 
with the enamel bluish white, and the dentine and cement dark brown in 
colour. It is represented on pl. I. 

The most distinctive character of the present specimen is the great 
height of the crown, which is about 180 mm in the almost unworn posterior 
plate. The greatest width of the molar is 84 mm. The laminar frequency, 
that is, the number of plates per 100 mm, is 5}. The crown is covered with 
cement both buccally and lingually, but the position of each plate is 
clearly indicated by vertical grooves in the cement coating. The wearing 
surface of the crown falls off slightly toward the flattened lingual surface ; 
the outer surface of the crown is convex antero-posteriorly. As both in 
front and behind the specimen lacks a number of plates it is, of course, 
impossible to determine its serial position. It is presumably the penul- 
timate or the last upper molar. 

All of the preserved plates are worn (pl. I fig. 2): the hindmost has 
four mammillae, just touched by wear, while the penultimate plate 
shows five enamel rings. In the third plate from behind we find three 
transversely elongated enamel figures of which the central is:the largest. 
The latter shows well the strong wrinkling of the enamel which is also 
characteristic of the more anteriorly placed plates of the present tooth. 
Plates 4 and 5 from behind have the dentine exposed from side to side. 
In plate 5 there is a very slight median dilatation of the crinkled enamel 
figure just buceally of the central line of the crown, which is not shown 
in plate 4. The tooth is broken off anteriorly through the middle of the 
6th plate from behind. 
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In labial side view (pl. I fig. 1) it can be seen that the occlusal surface 
of the crown is distinctly stepped; the enamel of the tall plates is exposed 
anteriorly to the extent of some 5—10 mm, while behind the plates are 
covered with cement up to the worn edges. 

The characters of the present fossil, in particular the rather extreme 
hypsodonty of the crown, the strongly wrinkled condition of the enamel, 
and the presence of rudimentary median expansions in the enamel figures, 
point to its belonging to the genus Palaeoloxodon. This genus is widespread 
in Asia; the best known species, Palaeoloxodon namadicus (Falconer et 
Cautley), occurs in the Narbada beds of Central India, Middle Pleistocene 
in age. The most diagnostic feature of this elephantine is the heavily 
developed frontal crest, due to a forward overgrowth of the frontal bones. 
A very rich material was figured by Fatconer and Cautiey (1845—1849, 
especially plates 12 A-D, 13, and 42 XXII). Whether the specimens 
found outside of India, usually isolated teeth only, that have been referred 
to the Narbada Palaeoloxodon, really belong to the same species cannot 
be definitely settled, and it seems safer to regard their specific identity 
as somewhat doubtful. 

Palaeoloxodon cf. namadicus, then, is associated with the Stegodon- 
Ailuropoda fauna, a widespread early post-Villafranchian faunal assemblage 
of Southeastern Asia. This fauna is known from various localities in 
Southern China (Szechwan, Yunnan, Kwangsi, Kiangsu), Indo China 
(Lang Son, Tonkin, and Tam Nang), Upper Burma (Mogok caves), and 
Java (Trinil, Sangiran, Patjitan, etc.), all approximately Middle Pleistocene 
in age (cf. CotBerRT, 1942, 1943; Hoorser, 1951; HoowEr and COLBERT, 
1951). There is, e.g., a very close resemblance between the present Bornean 
fossil and a right M2? from the Mogok caves described by CoLBERT (1943, 
p. 418, pl. XIX fig. 2) as Palaeoloxodon namadicus. The Samarinda tooth 
may be given the same approximate age, Middle Pleistocene. It is of younger 
age than the Bruni molar described by LypeKker which latter represents 
Stegolophodon latidens of the Upper Irrawaddy fauna of Burma, considered 
to be Lower Pleistocene, Villafranchian, contemporaneous with the 
Pinjor fauna of the Upper Siwaliks of North India. 

The fossil molar from Samarinda described in the present paper as 
Palacoloxodon cf. namadicus (Falconer et Cautley) appears to be the first 
indication of the Middle Pleistocene Stegodon-Ailuropoda fauna for Borneo, 
and thus roughly contemporaneous with the Trinil fauna of Java. The 
fossilization of the Bornean tooth is very different from that of the 
corresponding fossils from the Chinese limestone caves and pits found 
in the drugstore collections which latter are much lighter in colour 
(yellowish brown), and less heavy. Thus, the possibility of the derivation 
of the Samarinda tooth from the shop of a Chinese druggist can be 
excluded. It is the first find to fill the gap that existed until now in the 
geographic distribution of the Stegodon-Ailuropoda fauna between Indo 
China and Java. Hence, it is now becoming clear that Borneo did play 
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a role in the radiation of the Middle Pleistocene mammals from the 
Asiatic continent to Java, and further finds of the same nature in Borneo 
can be looked forward to. 


REFERENCES 


CoLBERT, E. H., The Pleistocene faunas of Asia and their relationships to Early 
Man. Trans. N. Y. Acad. Sci., (2), 5, 1—10 (1942). 
—————., Pleistocene vertebrates collected in Burma by the American Southeast 
Asiatic Expedition. Trans. Amer. Phil. Soc., new series, 32, 395 —429 
(1943). 
Fauconer, H., and P. T. Cautitey, Fauna Antiqua Sivalensis, being the fossil 
zoology of the Sewalik Hills, in the North of India. London, pls. 1—12, 
1845; pls. 13—24, 1846; pls. 25—80, 1847; pls. 81—92, 1849. 
GRANGER, W., Medicine Bones. Natural History, 42, 264—271 (1938). 
Hoowerr, D. A., The geological age of Pithecanthropus, Meganthropus, and Gigan- 
topithecus. Amer. Journ. Phys. Anthrop., new series, 9, 265 —281 (1951). 
, and E. H. Corspert, A note on the Plio-Pleistocene boundary in the 
Siwalik series of India and in Java, Amer. Journ. Sci, 249, 533 —538 (1951). 
KoENIGSWALD, R. von, Fossielen uit Chineesche apotheken in West-Java. De 
Mijningenieur, 12, 189-—193 (1931). 
LYDEKKER, R., Description of a tooth of Mastodon latidens, Clift, from Borneo. 
Proce. Zool. Soc. London for 1885, 777—779 (1885). 
, Catalogue of the fossil Mammalia in the British Museum (Natural History), 
4, 1—233 (1886). 
Osporn, H. F., Proboscidea. A monograph of the discovery, evolution, migration 
and extinction of the mastodonts and elephants of the world, New York, 
1, 1—802 (1936); 2, 805—1675 (1942). 
Stromer, E., Die ersten alttertiaren Saugetier-Reste aus den Sunda-Inseln. Wet. 
Med. Dienst Mijnbouw Ned.-Indié, 17, 11—14 (1931). 


GEOGRAPHY, PHYSICAL 


A REMARKABLE NEW GEOMORPHOLOGICAL LAW. I 


(The law of the denudation slope with rectilinear cross-profile) 
BY 


J. P. BAKKER anv J. W. N. LE HEUX ¢ 2) 
(Lo the memory of Prof. Dr Johann Sélch) 


(Communicated by Prof. F. A. Ventne Meryesz at the meeting of June 28, 1952) 


AX, Wblavey ile yyy 


In every type of approximately continuous recession by the free play of 
weathering-removal on steep mountain walls of well nigh homogeneous rock 
over a terrace, a denudation slope with a rectilinear rock-profile and a slope- 
angle equalling the screes-angle of the rock concerned will be formed, provided 
this screes-angle is not subject to noticeable changes during the recession- 
process and no or hardly any screes is deposited at the foot of the initial wall. 

Subject to the relevant premisses, the law can be formulated concisely 
as follows: 

In every type of weathering-removal recession *) of steep walls, a denuda- 
tion slope with a rectilinear cross-profile and a constant slope-angle equalling 
the screes-angle in Nature will be formed, provided no or hardly any screes 1s 
deposited on the terrace at the foot of the initial wall, which is more con- 
veniently written: 


y= tan a a = slope-angle of the screes 


This law was set up by J. P. Bakker in the summer of 1950 and the 
following November he made it public in a lecture in Prof. Jon. S6LcH’s 
physical-geographical ‘“‘Kolloquium” at the University of Vienna. 

In this treatise some problems concerning “‘RicuTER’s denudation 
slope’ will be worked out in detail. 


B. Introduction 


About fifty years ago Epuarp Ricurmr [1, p. 58—59] *) called the 
attention to mountain forms with straight-lined cross profiles and slope 


1) My unforgettable friend and collaborator, professor of mathematics at the 
Royal Military Academy-Breda (Netherlands) who to my infinite regret died 
June 18th, 1952. — J. P. B. 

2) However complicated it may be, rectilinear or not rectilinear, parallel or 
non-parallel ete. Naturally a floor of a mature valley or a flood plain etc. can 
also act as local base level for weathering attack and screes formation. 

8) The numbers in square brackets refer to the list of literature at the close 


of the last part of this treatise. 
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angles of about 30°—35° in the higher parts of the Alps. To this type of 
slopes he gave the name of “‘schiefe Denudationsfliche” and established 
that they can be formed at the cost of the receding arétes between the 
névé fields (fig. 1). “Der Grat zersplittert und zerfallt, sein Fuss aber wird 
“allmahlich von Firn verschlungen. Denn die schiefe Denudationsflache, 
“oberhalb derer der Fels abgetragen wird, gibt Raum zur Schnee-auf- 
“lagerung. Sowie der Rand zuriickweicht, breitet sich der Firn aus, er 
“nimmt den freigewordenen Raum ein. Man kann sagen: die Firnfelder 
“‘fressen ihren Rand. Aus steilen Felsrippen werden gerundete Firngraten.” 

As an example RicuTrR gives a panorama of the Venediger and the 
Zillerthaler Alpen of which here chiefly the foreground, a small armchair- 
shaped cirque of the easterly Windbachkees, is reproduced. Special 
attention should be given here to ““RicHTEeR’s denudation-slope” with 
approximately rectilinear cross profile (Rd), which is separated only by a 
faint discontinuity (d) from the remnants of the arétes (Av) of the Glocken- 
kahrkopf (our fig. 1). 

In 1933 Orro LEHMANN [2, p. 83—126] published his mathematical 
treatment of continuous parallel recession of slopes with rectilinear profiles 
exclusively by the free play of weathering. The initial slope is bordered at 
the foot by an approximately horizontal terrace and at the top by an 
almost horizontal plateau. Starting from the principle that in every case 
of continuous parallel slope-recession over a horizontal terrace R’F (figs. 2 
and 3) in an homogeneous rock, there must be a certain ratio between the 
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Fig. 2. Parallel recession of the steep slope FS (bordered at the top by a horizontal 
plateau SR) and simultaneous formation of screes IA, IIB ete. (after O. LEHMANN). 


rock-volume, detached from the slope per time-unit, and the screes- 
volume, deposited simultaneously at the foot of the slope, LEHMANN could 
formulate the following equation: 


(J—c) x screes-volume = rock-volume 


in which c is constant. 
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With the aid of figure 3, in which F’F” represents an infinitely small 
increase of the rocky nucleus underneath the screes, LEHMANN got the 


Fig. 3. Diagram from which LEHMANN’s differential equation may be obtained. 


differential equation : 


(1) (1 —c)ay (a = =) = (dx — bdy) (h — y) 


ie bh + (a—ac—b)y 
da ene dy 
6 = the cotangent of the slope-angle f of the initial wall. 
a =the cotangent of the slope-angle a of the screes. 
h =the height of the initial wall. 


It is clear that for ¢ =—oe the right part of the equation (1) written 
in the form: 


=) _ (dx—bdy) (h—y) 


l—c 


(3) ay (dy -- 


equals zero. 
From this differential equation it follows that 


< 


1 
Y=7c% or y=xtana 
x= ay. 
This implies that when debris-deposit on the foot-terrace is completely 
or nearly completely lacking in the long run the initial wall will be replaced 


by a new rockslope with a rectilinear cross-profile and a slope-angle a 
equalling the screes-angle. 
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From a theoretical point of view it does not matter whether a has its 
maximum value occurring in Nature (in the Alps: Biindnerschiefer 26° 
granites 43°) or a smaller one. Essential is, however, the premiss that a 
remains constant or nearly constant during the continuously progressing 


Fig. 4. Boulder controlled rock slopes with rectilinear crossprofiles at the foot of 
Middle Devonian reeflimestonewalls. Gerolstein, Eifel Mts reproduced by 
Mr. EH. v. Sraa. 


process of slope-recession, as otherwise the rectilinearity of the cross- 
profile is lost. 

The occurrence of rectilinearity of cross-profiles of screes has been 
established in many divergent areas all over the world, either completely 
pure of nearly so. This was demonstrated by investigations of PlwowaR 
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Fig. 5. Ricurer’s denudationslope (AB and CD) with gullies at the foot of a red- 
sandstone butte in SW Colorado (after E. B. Branson and W. A. Tarr [11]). See 
also BAKKER and Le Hevx [7, I, p. 963—965, figs. 4 and 5]. 
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(3], Svivy [4], Krrx Bryan [5], Leamann [2] and many others. This 
premiss is thus sufficiently justified by observations in Nature. 

Moreover RicutER’s rock-slopes with rectilinear cross-profile are well- 
known from the Alps (Venediger, Dolomites etc.); the Eifel Mts (reef- 
limestone); the Swabian Alps [Danube-valley near Werenwaag -Castle]; the 
Vosges Mts; the Cévennes Mts of Central-France; the Mesa-regions of the 
United States [New Mexico. Colorado (Monument valley) etc.]; Palestine; 
South Africa [Muizenberg etc.); Aruba-West Indies (in hooibergite, a rock- 
type which takes according to W. vAN TONGEREN an intermediate position 
between gabbros, pyroxenites and hornblendites); Spitsbergen ete. ete. 

In approximately homogeneous limestones and sandstones RICHTER’s 
denudationslope has mostly a very characteristic shape. In other rocks 
rounded tops of otherwise slopes with rectilinear cross-profile and slope- 
angle a may occur. See figs. 4—9. 

In the framework of his theory LEHMANN remarks quite rightly that 
RicHTsER’s ‘‘schiefe Denudationsebene”’ is not an accidental phenomenon. 
He says: “Die Ricurersche Denudations-béschung, wie ich sie nennen 
“mochte, ist nunmehr keine ganz abgesonderte Erscheinung. Sie gehért 
“mit dem, was in dem Elbesandsteingebirge beobachtet wurde, zu jenen 
“Fallen verhinderter Schuttanhaufung, fiir welche die gefundenen Glei- 
“chungen mit weit negativen c-Werten aufkommen und sie ist der grészte 
“Anniéiherung an den Fall ¢ = — ox, die mir bisher nur aus verfirntem 
“Hochgebirge bekannt ist.” 

We must be aware of the fact, however, that the phenomena to which 
respectively Ep. RicnTerR and Orro LEHMANN alluded, are by no means 
identical : 

a) apart from the fact that RicurerR did not employ a mathematical 
analysis and his conception is exclusively based on field-observations, it is 
striking that, evidently, he has never thought of a sharply defined type 
of slope-recession. RICHTER mentions in passing that during the recession- 
process the arétes are rounded. Moreover the rather irregular form of the 
crest in fig. 10 points to the fact that in this case slope-recession is probably 


T = Trogrand. 
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YW _ / Gb. = Oberer Gefillsbruch. 


Fig. 10. After E. Ricurer [1, p. 59]. See text. 


J.P. BAKKER ann J. W.N. LE HEUX?+: A remarkable new geomorphological law 
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Fig. 6. The Mount of the Sermon (S. Matthew V, 1 — 2). In the foreground RIcHTER’s 
slope (Rd) with rectilinear cross-profile (photo Dutch Bible Society). 


Fig. 7. The Chimney 
Rock (sandstone) Ghost 
Ranch, NW of Santa Fe 
(New Mexico). 

AB = RiIcHTER’s denu- 
dationslope with micro- 
mesa effect; the slope- 
recession at C and D is 
probably of a fairly 

complicated nature. 


Fig. 8. Torri di Sella (Italian Dolomites). AB = slope with approximately rectilinear 
cross-profile (photo Mr. C. WEGENER SLEESWIJK). 


Fig. 9. Hohk6nigsburg (755 m) in the Vosges Mts. near Sélestat (Schlettstadt) 
in the Rheingraben. Remarkable rectilinear cross-profile in red-sandstone (Bunt 
sandstein-Grés bigarré). Photo Mr. C. WEGENER SLEESWIK. 
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not a parallel one and of a fairly complicated nature. As far as we can 
ascertain from LEHMANN’s reflections [2. p. 99—100] this author has 
exclusively thought of parallel slope-recession in his mathematical analysis 
of “RicHTErR’s denudation slope” with a rectilinear cross-profile. This 
can immediately be concluded from the fact that LEHMANN refers to the 
Elbesandsteingebirge (see Hnrrner [6]) and to the equations found by 
him. Indeed LenmMann knew only FisHer’s and his own equations. 

b) RuicHrerR had in mind the recession of crests. This is a recession- 
type in which the height of the crest decreases continuously, in other 
words, with a continuously decreasing h-value. In LEHMANN’s theory, 
however, the parallel receding slope is bordered at the top by an approxi- 
mately horizontal plateau. When the plateau is wide enough, this implies 
a constant or approximately constant h-value. 

c) In the figure of p. 59 of RicHTER’s treatise the rectilinearity of the 
cross-profile is only valid for part of TGb (our fig. 10). At 7 the slope is 
curved convexly, but this part of the curve is undercut by the erosion in 
the U-shaped glaciated valley. In the theories of LEHMANN [2], BAKKER-— 
Lr Hevx [7] and van DiyK—LE HeEvx [8] such a notable curvature at 7 
only appears when c is still slightly negative, for instance a c-value of 
approximately —5 or —10 (figs. 11 and 12). With increasing negative 


pot os 


Fig. 11. The influence of the constant ¢ on the form of the curves for parallel 

rectilinear plateau wall recession (a = 30°; B = 75° and 90°). For c — — oo we get 

RicutTeEr’s ,,Denudationsbéschung’”’ with rectilinear cross-profile and slope-angle a 
(after LEHMANN [2)). 


values of c the curvature will become more and more insignificant and 
finally disappear completely (LEHMANN [2, p. 98], Bakkur and Le Hrux 
(9, p. 540]-[7, part IT, p. 1155] [7, part IV, p. 1373—1374)). So RICHTER’s 
own example of his ‘“‘schiefe Denudationsflache” in fig. 10 does not cor- 
respond with c =— oo or an other great negative value of c, in any way. 


Continuing our historical summary we turn our attention again to the 
projective-geometric treatment of O. LEHMANN’s theory by BAKKER and 
28 Series B 
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Le Hevx. In this method Ricyrer’s denudation-slope with rectilinear 
cross-profile is the boundary-case MA in figs. 7 and 8 [9, p. 544—545], 
Between MB and MA lie the directions of all tangents on the profile 
sought. 


0 -10 


Fig. 12. The influence of the constant ¢ on the form of the curves for central 

rectilinear recession (a = 21°48; B = 63°34’). For c—> —co we get a new slope 

with approximately rectilinear cross-profile and slope-angle a See our text (after 
BAKKER and Le HeEvx [7, Il, p. 1155)). 


In our theory on central rectilinear recession of slopes it was shown 
how RicuTeEr’s denudation-slope could be formed by means of “indirect” 
as well as “direct slope transformation” [7, part I, p. 964—966 4)]. This is 
at once valid for central rectilinear recession of crest-slopes (BAKKER and 
Le Hevx [7, part III and IV]) and for the case in which the top of the 
slope is bounded by a plateau [7, part I]. In our just mentioned theory, 
however, the foot of the initial wall F acts at the same time as recession- 
centre (see fig. 16 of this treatise). This implies that the forming of 
RicuTsr’s denudation-slope by indirect slope-recession is a trifle compli- 
cated. Consider, for instance, our general formula of central rectilinear 
recession of a slope bordered at the top by a plateau [7, part I, p- 964-966]: 


¢—1 
w= ay —(a—b)y [~ EC ov 


a =the cotangent of the screes-angle a. 
b = the cotangent of the angle f of the initial wall. 


*) Fig. 1 of our theory on central rectilinear recession of slopes (part I, p. 959) 
is an example of direct slope transformation. The initial rectilinear slope becomes 
gentler and gentler but apart from that it remains preserved as a unity. 

Wespeak of indirect slope transformation, when at the foot of the initial mountain 
wall, a new slope is formed, growing at the cost of the first one. 


— 
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h = the height of the initial wall. 


, rock-vol , 
Ci the constant for the ratio: —— 


. So we ca rite agai 
screes-volume ~ © can write Te 


(1 —c) X screes-volume = rock-volume. 


For high negative values of c (limit case c =— ce) our general formula 
may approximate 
= ay 
Because of the fact that for ¢ =—co we may ignore h2, if y does not approui- 


mate zero too closely: 


(Gil 
a= ay + O*y [(1 — 2c)y?}'-* 
x = ay + O*y (Gy?)—* 


If G is practically ~ and C* practically zero (6 > a) we may write 
x= ay + O*G. 


C*G@ is a constant dependent upon the way in which C* approximates 
zero and b approximates a. 

Apparently there is no scope for indirect slope transformation in the 
case of central rectilinear recession of a plateau-wall when the foot of the 
wall F is the recession centre. This is quite clear as the foot of the initial 
wall F is immutable and simultaneously acts as recession centre. In this 
way there is no opportunity for RicuTeR’s denudation-slope to develop 
at F at the cost of the initial wall, for at F the initial wall does not recede 
at all. Strictly speaking, for c =— ce no indirect slope transformation will 
occur in the immediate environment of this point either. Approximately 


Fig. 13. Diagram from which Van Disk—LE Hevux’s differential equation for 
parallel rectilinear recession of crests and peaks may be obtained. AB represents 
an infinitely small increase of the new slope [8, I, p. 117]. 
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speaking, however, for high negative c-values indirect slope transformation 
will certainly occur. To see this point we will take a less limited definition 
of RicurErR’s denudation-slope further on in this publication. Then 
RicuTeER’s slope can be formed as well by indirect slope transformation as 
by direct slope transformation in the case of central linear recession with F 
as recession centre. 

In the theory of continuous parallel rectilinear crest recession by 
van Disk and Le Hevx [8] every opportunity is present for a normal 
development of RrcuTER’s denudation-slope with straight-lined cross- 
profile at the cost of the initial wall. For in this case the foot O of the 
initial wall moves over a considerable distance during the recession 
process, so that there is every possible room for the indirect shaping of 
RicuTerR’s denudation-slope (fig. 13). 

All these cases give rise to the presumption that in principle “‘the denu- 
dation-slope with rectilinear profile’ can be formed in all types of continuous 
slope-recession under weathering-removal conditions. In other words, a 
generally valid geomorphological law appears. 

Before proving the validity of this law we deem it desirable to define 
strictly what we mean by RicHTER’s denudation-slope and for which 
negative c-values this slope-type can be formed. 


C. How do we define RicuTER’s denudation-slope? 


In imitation of LeHmann’s [2] and our own earlier theories [7 and 9] 
we define RicHTER’s denudation-slope as that rock-slope having a recti- 
linear or an approximately rectilinear cross-profile over its whole length 
and a slope-angle approximately equal to the one of the screes in Nature. 
The top of this slope-type can be formed either by a plateau and edges 
of arétes or by remnants of not wholly eroded initial walls (peaks, buttes 
etc.) See figs. 4—9. The above mentioned theories are based upon the 
premiss that the rock is homogeneous or approximately homogeneous. 

First of all the question arises what is meant by an homogeneous rock 
in Nature. Here we think of the macro-sedimentologic or petrographic 
approximately homogeneous limestone, sandstone, schists etc. It is true 
that in these rocks petrographic differences and joints occur, but every in- 
vestigator knows that in many cases they don’t have a noticeable influence 
on the regularity of the slope-curves c.q. the rectilinearity of RrcurErR’s 
cross-profiles. The great domes of the Yosemite Valley, the Sugar Loaf of 
the Rio de Janeiro harbor, the inselbergs of the semi-arid regions, the 
rounded summits of many European mountains are well-known examples 
of mountain-forms with smoothly curved cross-profiles. Examples of 
RicuHTER’s slope have already been mentioned. 

From a geomorphological point of view we may call those rocks homo- 
geneous whose variations of the mathematical denudation curves, conse- 
quently too of the rectilinear cross-profiles, are small (figs. 4—9) and 
without essential importance for the shapes of large mountain-slopes. 
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When the whole mountain-slope is exposed to the free play of weathering- 
removal only, and consists of one geomorphologically homogeneous rock, 
we speak of free slope-recession. 

So it is clear that it is not permitted to speak of free slope-recession in 
the case of e.g. mesa- or cuesta-landscapes, where mountain-slopes can 
consist alternately of thick hard resistant limestones or sandstonebanks 
and of soft easily eroded clays and marls. For at the mesa slope of our 
fig. 14 the lesser recession velocity of the harder banks B, D and F can 


Fig. 14. Slope development in a mesa-landscape after Davis —OrstretIcuH [10, 
Atlas, p. VIII]. See our text. 


be of influence on the form of the cross-profiles in the weak clays and 
marls C, EZ and G (concave profiles). When the resistant beds are shallow 
they only form unimportant interruptions of the mountain slopes with 
rectilinear cross-profiles (slope AB in fig. 7). Henceforth, when the beds 
are horizontal, we will call these unimportant interruptions the micro 
mesa-effect and when the beds dip at a not too high angle the micro cuesta- 
effect. More essential than the small irregularities in rectilinear denudation- 
slopes in figs. 7 and 8, is the following: in Nature it can happen that a 
boulder controlled slope formed under weathering removal conditions 
(denudation-slope) seems to have a nearly constant slope-angle over the 
whole length; nevertheless at the foot F (fig. 15) a small irregularity 
occurs. This irregularity is found because an extremely small amount of 
screes FPS could maintain itself here. With further recession of the flat 
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part PQ this screes will presumably vanish. As this type of irregularity 
will probably occur rather frequently in Nature, it is preferable for this 
reason alone yet to conceive as RicuTsr’s denudation-slope the cases in 
which PF in proportion to the height of the whole slope is only small. 


c 


Fig. 15. A boulder controlled approximately rectilinear slope PQ of 35° from the 
horizontal with an extremely small screes FPS at the foot. 


This conception is the more desirable as from a theoretical point of view 
this is of great importance for the general validity of our law. 

To make this clear a short explanation is necessary in which we first of 
all make use again of the already mentioned conception: recession-centre 
(BAKKER and Lr Hevx, [7], part I, p. 959). In fig. 16 we see how, in a 
certain case of central rectilinear recession, the original wall recedes and 
successively passes through the stages FS, DJ, CIT ete. 


i nn Fi 


Fig. 16. Central rectilinear recession of the slope FS and the simultaneous forming 
of screes. FS, DI, CII etc. are recession-stage lines (after BAKKER and Le Hrux 
"ET, Ly Ps) PSL 


In future we will call FS, DI, CII recession-stage lines (rectilinearity) 
or when they are curved recession-stage curves. It is clear that in fig. 16 
these lines cut each other at the foot F of the initial steep slope. In other 
words the foot F functions here as recession-centre. As to the position of 
the recession-centre we can classify in two groups all types of more or less 


complicated slope-recession exclusively by weathering-removal. See the 
second part of this treatise. 


GEOPHYSICS 


LE CRITERIUM EULERIEN DE LA STABILITE DES BLOCS 
CONTINENTAUX, CRITERIUM D’OROGENESE. I 


PAR 


M. MATSCHINSKI 


(Communicated by Prof. F. A. Ventye MErNesz at the meeting of June 28, 1952) 


§ 1. Il nest pas facile d’établir un systéme d’équations différentielles 
adéquates au probleme des déformations de l’écorce terrestre. C’est 
SMOLUCHOWSEI [1] qui a essayé en 1908 d’appliquer a ce cas les simples 
équations de l’élasticité, la théorie de la plasticité étant encore peu élaborée 
en ce temps. II] existe aussi un essai d’étudier le probleme a l’aide d’équa- 
tions purement formelles, sans aucune liaison avec la mécanique théorique 
(BEMMELEN et BERLAGE en 1930). On a tenté d’appliquer aussi la théorie 
de la plasticité, mais plus du point de vue technique que géologique. 

Et ce n’est pas seulement aux difficultés de résoudre des équations que 
Von s’est heurté; c’est plus a l’absence parmi les schémas de la mécanique 
théorique d’un schéma qui pourrait coincider avec les phénoménes de 
déformations de l’écorce terrestre: les équations de lélasticité sous sa 
forme classique n’étant valables que pour des déformations trés petites, 
ce qui ne nous intéresse guére ici; les équations de la méme élasticité mais 
sous sa forme non-linéaire, étant encore moins applicables, car les défor- 
mations de l’écorce étant grandes n’ont rien d’élastique; les équations de la 
plasticité n’étant pas capables de décrire les états stables ou méme semi- 
stables. Enfin, édifier une théorie purement formelle, c’est s’abstenir 
d’explications; car expliquer c’est lier un probleme concret avec les lois 
générales de la Science, en notre cas de la mécanique. 

D’autre part les difficultés & résoudre sont aussi trés grandes, presque 
insurmontables. I] s’agit toujours d’équations non-linéaires, les déformations 
de l’écorce étant grandes. Pour les équations de lélasticité non linéaire, 
on n’a créé jusqu’é aujourd’hui aucune méthode d’intégration en vue des 
applications pratiques. Encore moins est il fait dans le domaine de la 
plasticité; seuls des cas trés simples sont résolus; et ce nest pas étonnant: 
ni la forme ancienne de la condition de plasticité de Tresca et Saint-Venant 
(— forme discontinue), ni la forme de cette condition donnée par Huber 
et Mises (— forme non-linéaire) ne sont compatibles avec les méthodes 
pratiques d’intégration (sous-entendu, les méthodes donnant les solutions 
sous forme algébrique, les simples calculs numériques, si importants pour 
Vingénieur, ne jouant pas un grand role pour les considérations générales, 
pour |’établissement des lois). 
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En dépit de toutes ces difficultés une quantité presque innombrable 
d’essais existe sur ce sujet. Pour ne pas trop allonger cette introduction, 
nous ne mentionnons que les plus importants. SMoLUCHOWSKI [1], cité déja 
plus haut, n’a pas seulement été le premier, qui ait essayé d’appliquer les 
méthodes mathématiques aux questions d’orogénése, mais aussi il a été, 
semble-t-il, le premier qui ait attribué a la théorie de |’élasticité non- 
linéaire la valeur qu’elle mérite et qui ait tenté de faire le passage, quoique 
approximatif, du cas linéaire au cas non linéaire. A proprement parler les 
efforts faits apres SMOLUCHOWSKI ne donnent presque rien de nouveau. 

JEFFREYS [2] écrit dans son livre tres connu ,,The Earth” les équations 
de l’élasticité sous leur forme la plus générale et, se bornant a un calcul trés 
simple et basé sur une application de |’élasticité linéaire, donne les chiffres 
correspondant, selon lui, a la possibilité d’orogénése. Pour ce dernier 
calcul il se borne également au cas ,,rectiligne’’, qui peut déja donner des 
différences sensibles en comparaison avec le cas ,,plat’’, quoique calculé de 
la fagon la plus simple (p.e. un continent ,,rond’’). Au § 5 nous citons un 
exemple trés élémentaire qui montre que les cas ,,linéaire’’ et ,,plat’’ nous 
ameénent 4 des valeurs des coefficients caractéristiques différant jusqu’a 
50 % Vune de l’autre. Et cette différence, comme on le voit par le tableau 
du § 10, peut justement faire entrer certains continents dans notre schéma 
ou ne le pas faire. Deuxiémement, et c’est encore plus important, Jeffreys 
calcule son cas sans prendre en considération le ecritérium d’existence 
(— critérium eulérien), se basant seulement sur un cas hypothétique, sans 
s‘occuper de la question de réalisation. Et il tire enfin de l’inégalité 
qu'il a obtenue des conclusions qui nous paraissent étre trés discutables 
du point de vue géologique et géophysique (voir aussi § 7). 

Un calcul du méme type, mais plus détaillé et touchant de prés la 
théorie de la stabilité (— sans mentionner le critérium eulérien), est donné 
par GoLpsTErN. En général tout ce que nous avons dit sur le caleul de 
Jeffreys, peut étre rapporté A celui fait par Goldstein, ce dernier calcul 
n’étant qu'un élargissement du précédent. Pour le détail nous renvoyons 
le lecteur au paragraphe 6 également. 

Le calcul de Jeffreys, remarquablement simple, a été adopté par plu- 
sieurs auteurs et a été souvent reproduit sans changement ni critique 
(voir p.e. GUTENBERG [4]). 

VenING MrINESZ — & qui nous devons des recherches importantes 
presque dans toutes les parties de la géophysique — a donné lui aussi un 
article sur le sujet ici traité [5] mais il s’y occupe spécialement des 
questions d’applications gravimétriques. Nous n’y trouvons pas de 
recherches sur les conditions d’orogénése. 

Enfin, sans chercher A épuiser la liste de ceux qui ont traité le probléme 
considéré, on doit encore mentionner Ross Gunn. Dans une série de 
travaux [6] trés remarquable il a tenté de lier les hypothéses générales 
de nature mathématique avec les faits de géographie et de géophysique, ce 
qui est son trés grand mérite. Mais du point de vue purement mathé- 
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matique lui méme a qualifié ses formules de base de ,,trés approximatives”’. 
En fait, elles ne sont que les plus simples de celles de Smoluchowski. 

Les articles de ce dernier restent jusqu’& aujourd’hui les seuls qu’on 
puisse mentionner comme essai d’application de l’élasticité non-linéaire. 
Aucun autre travail ne peut étre cité, ce qui n’a rien d’étonnant vu les 
difficultés dont nous avons parlé plus haut. 

Parmi les tentatives d’application de la théorie de la plasticité aux 
problemes d’orogénése ne citons que celle du méme Ventna Mernusz [7]. 
Il n’y applique pas les équations de la plasticité sous leur forme générale, 
établie par la théorie de la plasticité (voir p.e. Napat [8]). Cette application 
de la forme générale est tellement compliquée (comme il ressort de nos 
remarques faites au commencement du paragraphe et des considérations 
consacrées a ce sujet dans notre article sur la plasticité [9]), que Vening 
Meinesz se borne 4 construire les cas les plus simples, ou, au leu des 
équations de la théorie de plasticité dans le sens exact il est possible de se 
borner a certaines formules de la théorie des liquides visqueux, a savoir 
les formules d’espéce mathématique la plus simple et communes a celles 
de certaines formules simplifiées de la plasticité. 

Les considérations d’un autre article de VentnG MEINEsz [10], si in- 
téressantes qu’ils soient, correspondent, elles aussi, plus a la théorie de 
viscosité, qu’a la théorie exacte de la plasticité. De plus, ces résultats doivent 
étre recalculés en se basant sur les faits découverts par lexpédition 
francaise au Groenland. 

On pourrait citer encore plusieurs autres travaux, mais cela ne chan- 
gerait pas la situation: les systémes d’équations de la mécanique rationnelle, 
systémes qui peuvent étre considérés comme plus ou moins convenables 
pour le cas réel (équations d’élasticité non-linéaire et de plasticité), n’ont 
pas jusqu’ici été considérés, spécialement 4 cause des difficultés presque 
insurmontables dont nous venons de parler. 


§ 2. Mais en dépit de toutes ces difficultés de principe autant que 
mathématiques, on peut indiquer deux possibilités existant dans le domaine 
des théories classiques de la mécanique, dont l’application est irrépro- 
chable du point de vue de la rigueur logique. Premiérement c’est la possi- 
pilité d’appliquer les principes de minimum (— principes variationnels) de 
la mécanique. L’auteur a déja essayé de faire cette application dans une 
de ses notes [30]. Avec l’introduction des intégrales de tels principes de 
minimum (que ce soit ils les principes de MAXWELL, CASTIGLIANA, HENCKY, 
KircHHor ou d’autres) nous excluons d’un seul coup non seulement 
toutes difficultés liées A la résolution des équations — parce qu'il ne reste 
dans ce cas des équations différentielles 4 resoudre — mais aussi la difficulté 
de choisir entre les théories de l’élasticité et de la plasticité. En fait le 
minimum d’un intégral peut étre toujours cherché a Vaide des méthodes 
les plus simples pour déterminer les minima et non a l’aide des équations 
différentielles; on peut méme recourir aux méthodes indirectes, basées 
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sur les considérations physiques, géologiques, etc. La difficulté de choisir 
entre les deux théories tombe, elle aussi, parce que le principe de minimum 
peut toujours étre écrit sous la forme la plus générale, sans spécifier les 
hypotheses de l’élasticité ou de la plasticité. 

Mais nous laissons ici tout détail de cdté. C’est la deuxieme possibilité 
d’appliquer rigoureusement les théories de la mécanique que nous avons 
Vintention de développer ici. Nous pensons é la théorie de la stabilité. 
On soit q’une telle théorie ne vise pas a établir des solutions; 
elle tente seulement d’établir les conditions d’existence de telles ou telles 
autres solutions. Des pareils raisonnements n’ont pas été appliqués, a 
notre connaissance, jusqu’a aujourd’hui, sauf peut étre une seule exception, 
Particle sus-mentionné de GoLpsTErN, ot, sans le dire explicitement 
Pauteur introduit les considérations de la théorie de la stabilité (voir § 6). 

Dans sa forme classique, elle a été créée par EULER qui a donné la théorie 
de la stabilité des poutres sous pression axiale. Plus tard cette théorie A été 
étendue a la question de la stabilité des treuils, ete. Actuellement nous 
avons une théorie bien développée, mais l’idée principale reste toujours 
celle d’EuLER. 

On sait que cette idée consiste 4 considérer seulement des déformations 
trés petites, quoique l'état final corresponde A des déformations trés 
grandes. On considére le point, ou les points, de bifurcation de la solution 
ou, plus généralement, les points ot la solution du probléme non-linéaire 
touche la solution du probléme linéaire. Les déformations de n’importe 
quelle grandeur ne peuvent parvenir qu’aprés des déformations petites, 
et méme apres des déformations, in statu nascendi, infinitésimales. On 
considére par conséquent les équations de l’élasticité linéaire, équations 
correspondantes au cas des déformations trés petites et on établit les con- 
ditions d’apparition des formes instables. 

Le travail classique d’Euler se rapporte a l’équation de la ligne élastique: 


(1) EI SY _ _ py, 


ou x est la coordonnée axiale, y le déplacement perpendiculaire a l’axe, 
I le moment dinertie, le module de Young, P la force de pression axiale 
(considérée comme constante). Nous traitons dans ce qui suit ’équation 
généralisant [1] — équation de la surface élastique : 


(2) HIAy = —Py, 


ou P pourrait étre aussi bien constante que fonction de x. Ici A est le 
Laplacien remplacgant la deuxiéme dérivée par rapport a x dans (1), 


§ 3. A quel probléme réel correspond done ce probleme abstrait? En 
géophysique, considérant un morceau de l’écorce terrestre, supposée 
primitivement sans plis ni ventres, on peut chercher les conditions ou, 
quand et comment toutes ces inégalités (plis, ventres, etc.) commenceront 
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a se former. C’est-a-dire, dans notre cas, le critérium eulérien de la stabilité 
@une forme (décrite par (2) ou par les généralisations suivantes de (2)) 
est un criterium du commencement d’orogénése. 

A premiére vue on pourrait s’opposer A cette application de Péquation 
de la plaque a l’écorce terrestre. Mais il y a de raisons qui nous aménent a 
adopter cette simplification. Premiérement comme on le peut voir d’apres 
les données numériques mentionnées ci aprés [voir (13) et (14)] le rapport 
entre l’épaisseur de ,,plaque”’ (/) et ses dimensions (2r) varie entre 1/7 et 
1/70 pour les différents continents et les différentes hypothéses. Le carré de 
ce rapport étant compris dans les limites 3 % —0,03 °% peut étre toujours 
supprimé. Deuxiémement, le passage éventuel du cas ,,plat’’ considéré 
ici au cas ,,dans l’espace” nous apporterait de telles difficultés, outre 
celles déja mentionnées, que le probléme ne pourrait étre résolu. Enfin, 
nous ne sommes pas seuls a introduire les simplifications (4); personne n’a 
considéré notre probleme a l’aide de l’équation a trois dimensions; presque 
tous se sont méme limités, excluant le cas ,,plat’’ considéré ici, au cas 
ZEcchugne 

Le morceau considéré de l’écorce étant en soi stable, nous devons faire 
une hypothése sur Vorigine des forces provoquant l’instabilité. Premiére- 
ment, on peut accepter pour le moment l’ancienne hypothése de con- 
traction, en supposant que le morceau est soumis aux forces de pression 
agissant sur ses bords. Cette hypothése est abandonnée maintenant 
presque par tous; nous ne la considérons qu’a cause de sa simplicité 
mathématique, comme un point de départ. 

En second lieu, nous considérons le méme probleme pour le cas de 
Vécorce éclatée. Dans ce cas un morceau de l’écorce correspond formelle- 
ment d’aprés son rayon de courbure a une sphere plus petite que celle 
déterminant la surface du Globe. Les spheres de différents rayons ne 
coincidant pas, les forces de pesanteur commencent a jouer, tendant a 
aplatir le morceau en question en méme temps qu’a le plier. Les illustrations 
géométriques de ce processus simple ont déja été données par moi dans 
Varticle [12] A qui je me permets de renvoyer le lecteur (sur la possibilité 
d’appliquer & ces circonstances le criterium eulérien voir aussi § 8). 

Cette hypothése expliquant les pressions orogénétiques n’exclut pas les 
calculs faits antérieurement par plusieurs auteurs. Si tels calculs ont été 
faits sans préciser l’origine des forces comprimantes et s’ils ne sont valables 
que pour une partie relativement petite de l’écorce terrestre (p.e. les 
calculs de Ventnc Metnesz [7] et de beaucoup d’autres), ils peuvent bien 
entrer dans les cadres de cette deuxiéme hypothese. 

Dans les deux cas il s’agit d’un bloc continental en voie de plissement. 
Dans la premiére hypothése c’est un bloc coincidant avec la surface 
terrestre, mais pressé de tous cdtés. Au contraire, dans la deuxieme hypo- 
these c’est un bloc ne coincidant pas primitivement avec la surface sous- 
jacente, mais s’affaissant et par conséquent se pliant. On ne doit pas 
penser que dans ce dernier cas on admette une cavité: on peut s’imaginer 
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un tel morceau, de rayon plus petit que celui de la surface terrestre, flottant 
sur le magma. On peut imaginer également une interprétation tout a fait 
autre, voir notre note [13]. 

Outre ces deux hypothéses de genre physique, nous introduirons quel- 
ques hypotheses simplificatrices. Nous admettrons d’abord que le morceau 
en question est rond; cette supposition simplifie les choses du point de 
vue mathématique, parce qu’elle transforme |’équation (2) en une équation 
qui, bien qu’elle soit plus compliquée que l’équation de départ (1), com- 
porte de nouveau seulement une variable indépendante que nous appelons 
r pour la distinguer de la variable x de |’équation (1). Cette équation 
transformée aura la forme: 


; dy 1 dy = 
(3) EI (53 | — 3) — Py. 


= 
C’est une équation linéaire de deuxiéme ordre, sans dérivées partielles. 

De plus, pour simplifier les choses encore devantage, transformons la sur- 
face du Globe en une surface plane; dans le cas de la premiére hypothése le 
morceau sera aussi transformé en un morceau plat, dans le deuxiéme cas 
il conserve une courbure, mais plus petite que la courbure primitive. Finale- 
ment nos deux hypothéses, avec les simplifications dont nous venons de 
parler, sont représentées sur les figures 1 et 2. 

Avec ces deux simplifications nous ne nous éloignons pas trop de la 
réalité: 1) aucun continent n’est deux fois plus long que large, 2) la courbure 
commune ne peut jouer qu'un role secondaire, c’est de la courbure relative 
du morceau qu’il s’agit (voir aussi [14]). 


§ 4. Calculons done le critérium cherché pour le cas de Vhypothése 
de contraction (fig. 1). En introduisant pour abréger : 


(4) g= EI 


on peut transformer (3) en 


(5) vo = y’ + gy. = 0. 
La solution de (5) — une équation de Bessel — est 
(6) y = C-I(qr), 


étant donné que y ne peut pas étre infini. Les conditions eulériennes sur 
les bords 


(7) y|_, = 9, 
nous donnent 
(8) HG) 0. 


Cette équation a, comme on le sait, les racines: 

(9) qr) = 0,000; 2,404; 5,520; 8,054; ete.... 

La premiere (qj’ = 0,000) correspond a une solution stable. C’est la racine: 
(10) Qty = 2,404 = 9,75, 


qui est la premiere entre les racines instables du point de vue de la théorie 
classique (voir § 5). Alors d’apres la théorie générale de la stabilité, nous 
trouvons le critérium de stabilité pour le cas étudié sous la forme: 


(11) P < Big =5,7194! = 5,82. 
To To 


La force P étant la force sur |’élément 1-/, on obtient comme condition 
pour la pression: 


5,8 1 \2 Pe 1\2 # 
(12) Perit. = 12 i k= ice @° 


Citons quelques chiffres: 7y-rayon moyen d’un continent (voir § 10) se 
trouve entre les limites: 


(13) 1000 km < ry < 5000 km 
(voir le tableau sur la page 24). Celles pour / sont: 
(14) 50° km = 1 = -300 km, 


— les valeurs adoptées par la théorie de l’isostasie autant que par la géo- 
logie — épaisseur de sial etc. Les résultats tirés du point de vue de Visostasie 
peuvent étre empruntes du traveau classique de Hayrorp et Bowls [15], 
ainsi que de l’article de Ventnc Metnesz [16]. On trouve un calcul trés 
simple dans la note de CatLLEvux [17]. L’estimation de la valeur de / du point 
de vue de la géologie a varié beaucoup au cours du temps. Parmi les 
récents travaux on peut citer p.e. RrrrMann [18] et FouRMARIER [19], qui 
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adoptent la valeur / = 70 km. L’application des considérations isostatiques 
nous pourrait amener a des nombres encore plus petits. Or, on ne doit pas 
oublier que la limite ici cherchée est plus liée au le changement de l'état 
(solide ou liquide) qu’ou le changement des poids spécifiques. Mais 
Visostasie ne donne que la limite entre les couches aux poids spécifiques 
différents. 

De (13) et (14) on tire les limites pour la valeur auxiliaire 


15 ] ¥ l \2 el 
(48) T0000 ~ & <1 


0 


et, enfin, pour la pression critique (en supposant approximativement que: 
A Lies 
EH x 10° —= 


ey 


em? 


kg 
em? 


kg 


(16) 50 


<“— 9. < 50000 - 
/ crit. em2 


Mais la valeur critique de la pression provoquant le morcellement étant 
d’environ : 


kg 


(17) 


=~ 1000 


Perit.more. em?’ 

on voit que des deux limites (16) seule la deuxiéme est réalisable. En fait 
quand la partie A BCD (fig. 3) commence a se morceler, la pression sur A B 
ne sera pas transmise a la surface C'D et les formules (1), (2) etc. ne seront 
pas applicables. Naturellement, sous des pressions trés considérables la 
valeur (17) peut, elle aussi, augmenter considérablement. Mais une telle 
augmentation fait passer notre corps dans un état plastique, cas ot la 
transmission des forces, au sens de la fig. 3, est toujours discutable, parce 


mesg F< 


CT 
PRISER OT 


Fig. 3 


qu’on a alors: 1) dissipation des forces au sens geométrique et 2) dissipa- 
tion au sens thermique. Dans tous ces cas, qui sont, sans doute possible, 
réels nous quittons déja le domaine des états proches d’une déformation 
infinitésimale, qui doivent nous donner les conditions de bifurcation 
(voir § 2). De cette facon, pour ¢tablir un criterium de la stabilité des blocs 
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continentaux pour le cas de la premiére hypothése, on doit introduire 


également la valeur (12) dans la condition p., < Dagar Ola: 


crit. 
#H l \2 

(18) Perit. =F (—-) < Perit.more. 

d’ou l’on tire: 

(19) f) > 22,4-1 


ce qui donne par exemple les valeurs numériques suivantes: 


\ % > 1120 km, pour/= 50 km 
Ty = 15610 km pour P=—70 km 
| % => 2240 km, pour /= 100 km 
1% => 7720 km, pour J = 300 km 


(20) 


§5. Il est trés intéressant de comparer tous ces résultats simples avec 
ceux qu’on peut trouver a Taide d’une hypothése encore plus simple, 
hypothése d’un continent non pas limité de tous les cétés, mais un con- 


tinent ayant la forme d’une bande, — c’est-a-dire en revenant sur le cas 
rectiligne. 
L’équation de base prend dans ce cas évidemment la forme: 
wu" Jie? (j 
5) —y=0. 
(5a) if ay = 6 


Les solutions (correspondant a (6)): 
(6a)  symétrique: y=C-cos (¢,7) et antisymétrique: y = S-sin (q,7) 
a Vaide des conditions sur les bords: 
(8a) eos (9,7) = 0° ou? sin (¢,%)=0 


nous donnent les séries des nombres caractéristiques: 


n 3, 5 
(92) ape aa 
( a.7% Typ LIC, OT, 
ou, ce qui revient au méme, la série: 
(9aa) G7o = 1,571; 3,142; 4,712; 6,283; 7,854; etc. 


dont le premier terme correspondant a q, est: 


(10a) hf = 1,571. 

En V’introduisant dans les conditions de stabilité on trouve: 
1 EN 

(12a) Perit. = = i! 

et 


(19a) % > 141 
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\ ty >> 700 km, pour 7]= 50 km 
> 1000 km, pour /= 70 km 
| ry > 1400 km, pour J = 100 km 
ry > 4200 km, pour J = 300 km 


(20) 


\ 


En comparant ce dernier résultat (19a) avee le précédent (19) on obtient 
la preuve de la remarque faite plus haut. De fait nous voyons que le 
coefficient dans (19) est de 50 °% supérieur a celui dans (19a). 

Admettant p.e. pour / la valeur moyenne (/ = 100 km) entre les valeurs 
(14) on trouve par le calcul approximatif (19a) que hypothése de com- 
pression est admissible pour tous les continents, tandis que le calcul plus 
exact (cas ,,plat’’) introduit une condition (19) déja plus serrée, con- 
dition qui exclut la possibilité d’expliquer les montagnes d’Australie en 
partant de l’hypothése de contraction. Cet exemple nous montre que dans 
notre sujet, pour ne pas obtenir des résultats faux, on doit abandonner le 
calcul sous la forme rectiligne et ne considérer que le cas ,,plat’’. Aprés 
cette remarque nous ne reviendrons plus au cas d’une seule dimension. 

Un calcul plus poussé augmente encore la valeur du coefficient. Au 
§ 4, en procédant d’aprés la régle classique nous avons intercalé dans les 
conditions de la stabilité la deuxiéme valeur de la série (9), — le nombre q,. 
C’est tout a fait exact dans le cas d’une plaque plane comme dans le cas 
d’une poutre droite, car dans ces cas déja une incurvation correspondant 
a la solution avec q, dérange la stabilité et, introduisant des déviations de 
la planéité, augmente les termes non-linéaires dans l’équation de base. 
Ces derniers influent dans le sens d’une nouvelle augmentation des 
déviations etc. jusqu’au moment ou une configuration curviligne de la 
poutre ou de la plaque se forme. Mais ce n’est pas tout a fait vrai dans 
notre cas ot l’équation (5) n’est qu'une simplification d’une configuration 
déja curviligne. Une simple augmentation de courbure apportée par la 
solution correspondant a q, (qu il soit égal & (10) ou & (10a)) ne change 
qualitativement rien. Pour avoir un changement qualitatif c’est une 
solution ayant des valeurs négatives aussi bien que positives, qui est néces- 
saire. C’est cette solution qui apporte avec soi la naissance du relief: 
abaissement d’une partie de l’écorce et soulévement d'autres parties qui 
seront les montagnes. 

C’est pourquoi la forme classique du critérium eulérien appliquée au 
§ 4 doit étre remplacée par une condition qui soit justement la méme 
algébriquement, mais avec cette différence importante qu’au lieu de la 
valeur q, ce sera la valeur correspondant & une solution telle que nous 
venons de la décrire, qui doit étre introduite. La plus proche solution 
correspondant 4 un tel changement qualitatif de forme est la solution liée 
au troisiéme terme de la série (9): 


(9b) Got"p = 5,520 


Le calcul avec ce nombre nous améne & la condition de stabilité, — dans 


ce nouveau sens, 


(116) P <EIg =~ 30"! 
re 

ce qui est équivalent a 

126 eros —) 

( ) Perit. -,0 ( ro Ex. 


‘ a : : 
Cette derniére relation (— 12b) introduisant des valeurs non réalisables 
nous oblige de passer & la condition de deuxiéme forme: 
ee ae 1\2 eS 
( 80) Perit. = 2,5-8 a < Perit.more. = 1000 2° 
Ap ae em? 


d’ot. on tire: 


(190) r > 501 
et, enfin, 

i 2500 km, pour 1= 50 km 

\ es 3500 km, pour /= 70 km 

| T, 5000 km, pour / = 100 km 

[ 7) > 15000 km, pour J = 300 km 


Vv Vv 


(200) 


— conditions d’orogénése pour le cas simplifié (formule (3) ou (4)). 

Naturellement, si nous essayons d’appliquer le raisonnement plus 
simple (cas rectiligne) nous arriverons a une condition plus forte que 
(20a) (— a cause de l’introduction de q, @ lieu de q,) mais plus faible que 
(20b). C’est pourquoi il n’y a pas de raison, comme nous Vavons déja dit, 
de revenir au calcul simple, mais incertain partant de la forme , rectiligne’’. 

A quel cas réel correspondent donc les résultats obtenus dans les derniers 
paragraphes? — Il n’est pas difficile de l’imaginer. C’est le cas de l’écorce 
ou des parties de l’écorce isostatiquement compensées de la fagon la plus 
complete. En fait, c’est le cas ou Vinfluence des poids est la plus 
négligeable. A cause de |’épaisseur de l’écorce qui se mesure en kilométres 
les petits changements initiaux (et c’est seulement aux changements initiaux 
qu’on a affaire en considérant un critérium de stabilité) introduisent dans le 
cas de l’écorce bien compensée des changements de poids tres petits et, 
grace a la loi des angles, des changements de pression (et de tension, qui 
sont moins importants) sensiblement plus grands. 

Alors on peut affirmer que pour une telle écorce bien compensée la 
théorie de la compression est inapte a expliquer Porogénése: en comparant 
(20b) avec le tableau des rayons des continents existant sur la Terre 
(voir § 10) on voit que seules les données pour |’ Asie satisfont la condition 
(20b), tous les autres continents étant exclus. Mais méme sur ce continent 
Vorogénése ne peut étre expliquée par I’hypothese de la contraction 
parce que, comme il ressort des cartes géographiques, ce sont des solutions 
dordre beaucoup plus elevé qu il serait névessaire de supposo pour 


pouvoir décrire le relief de |’ Asie. ? 
(A swivre). 
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GEOPHYSICS 


LE CRITERIUM EULERIEN DE LA STABILITE DES BLOCS 
CONTINENTAUX, CRITERIUM D’OROGENESE. II 


PAR 


M. MATSCHINSKI 


(Communicated by Prof. F. A. Venrne Meryesz at the meeting of June 28, 1952) 


§ 6. Mais tous ces résultats ((16), (19) et (20)) ne sont qu’une premiére 
approximation, étant donnée |’équation de base (3) sans forces de pesan- 
teur. De plus, il est clair, sans un long calcul, que l’introduction des forces 
de pesanteur rend le bloc en question encore plus stable, ce qui permet de 
considérer ces résultats non seulement comme une approximation, mais 
comme des valeurs se trouvant dans tous les cas au-dessous de la réalité. 
De fait, en admettant l’hypothése des blocs dont la courbure coincide 
avec celle de la Terre entiére, les forces de pesanteur agissent toujours 
dans le sens du rétablissement de la stabilité: si une partie du bloc se 
souléve, les forces hydrostatiques ne sont pas compensées et la pesanteur 
fait revenir cette partie a la place de départ; si une partie s’affaisse, les 
forces hydrostatiques dirigent la partie en question vers sa place d’équi- 
libre. Ces simples considérations peuvent étre exprimées aussi sous une 
forme mathématique. 

En attribuant au symbole A un sens étroit, A savoir: 


(21) A= 


et en introduisant, comme on I’a dit, les forces de pesanteur on peut écrire 
Péquation différentielle (3) sous la forme: 


(22) EIAAy + PAy + 2Wy = 0, 
ou: 

9s W W écorce + Wag Wsial + Wai 

) = écore T ety sial sims 
(23) | i a wal 


est la densité moyenne. L’équation caractéristique de (22) est: 


(24) Elat — Pa? + 2W = 0 


et la solution de cette derniére est: 


P P2 2W P .)2W P2 
i 2 oe A oe Pr oes 
(25) \ a= Far = ) ca — gr dar +? El 47m’ 
|] gi: ps a pact 
\ eS Ri gees 
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Grace a la condition évidente: y|,_, 4.00, de quatre solutions indé- 
pendantes de (22) il n’en reste que deux (au § 4, grace A la méme condition, 
de deux solutions nous n’avons eu affaire qu’A une); on peut donner A ces 


deux solutions, par exemple, les formes: 


(26) Iy(qr) et Ip(agr), 


Sy yrs me. Pew. [ 6W 3 
\ (Sa ae) | eee) |) Si oe || Se 23, 


i -)/ Fai aee. oral aes a yew yew /6W 3p 
8 2HI ' 4HI 2EI 4EI EP + aR —*) V ae — Be 
sont, sous la condition: 2W HI > 3p, deux nombres complexes conjugueés ; 


soit a, = a, a, =a. La solution de (22) s’écrit: 


(28) y = C-I,(ar) + C-I,(ar), 


(27) 


ou évidemment C est un nombre complexe conjugué a C, afin d’avoir y 
toujours réel. La solution (6) du probleme sans pesanteur n’avait qu’une 
constante arbitraire, ce qui correspondait 4 un seul groupe de conditions 
eulériennes (7). Maintenant, la forme (28) ayant deux constantes arbitraires 
(partie réelle et partie imaginaire de C), on doit introduire deux groupes 
de conditions eulériennes. Le premier groupe est le méme que (7), c’est- 
a-dire: 

(29) y|,-,, = 95 CL,(ar) + Ol(ars) = 0: 

Pour le deuxiéme, afin d’avoir l’analogie la plus compléte avec le cas du 
§ 4, on doit prendre les conditions 


(30) Ay|,.,, = 03 a-C-Ij(arm) + a-C-1,(ar,) = 0. 


En fait, la condition (30) a déja été remplie d’elle méme au § 4 comme 
corollaire de l’équation (6) et des conditions (7). Ici (30) doit étre remplie 
forcément. A cause de a, = a, on peut écrire: 


(31) I,(a,r) = Rel,(ar) + cmI,(am), 
I,(agr) = Rel,(ar) — iLm1,(am) 

et le déterminant des équations (29) et (30) 

(32) [Rel,(ary)]? + Lml,(aro) ? > 9, 

est positif, toujours sous la condition susmentionnée ; 

(33) 2WEL > 3p. 


Cela signifie que l’état du bloc est sous cette condition (33) toujours 
stable; ce n’est qu’a la condition 
(34) 2WHI = 3p, 
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que les premiéres instabilités peuvent apparaitre, ou a plus forte raison 


au cas ou: 


(35) 3p? > 2WEI. 
En introduisant les données numériques du § 4 on peut facilement tirer 
de (34) et (35) la condition suivante pour la pression: 


: ae , kg 
(36) Pryor, = 50000 —, 


cm-* 


qui est le critérium eulérien dans la premiere hypothése (voir § 3). Cette 
valeur n’est pas nouvelle. Presque les mémes chiffres donnent par exemple 
SmoLucHOWSEI [1], VENING Mernesz (dans [7] et dans les articles 
antérieurs: des années 1934 et 1948) et Umpcrove [27]. SMOLUCHOWSKI 
cherche a eviter cette difficulté a l'aide d’un procédé fort artificiel — nous le 
traitons ailleurs. VeNntnG Mernesz [7] souligne que cette valeur est 
impossible du point de vue mécanique. 

On ne doit pas oublier que dans (36) ilne s’agit pas d’une pression simple, 
mais de la surpression, c’est-a-dire de la composante de la tension en 
direction horizontale. On ne doit pas oublier non plus que la composante 
verticale est déterminée par la pression hydrodynamique; cette derniére 
méme a la profondeur de 30 km n’est que la grandeur: 


kg 
m?* 


(37) Prer, & 10000 


D’aprés la théorie de la plasticité, la différence entre les composantes 
principales du tenseur de tensions ne peut dépasser la constante de 
plasticité (k). On voit que dans notre cas cette valeur sera largement 
dépassée, ce qui rend impossible toute théorie d’orogénése qui fait surgir 
les montagnes sous l’action des forces de pression. 

Nous reviendrons a ces résultats dans leur sens général au § 10, Iei il 
ne nous reste qu’a les comparer avec les résultats de GoLDSTEIN [4] men- 
tionnes déja au § 1. 

Seuls les résultats de ce § 6 sont, dans un certain sens, paralléles A ceux 
de Goldstein; le contenu des autres parties de notre travail se trouve en 
dehors de larticle de Goldstein. 

Nous parlons du parallélisme entre le calcul de ce paragraphe et celui 
de Goldstein dans le sens que l’équation de base (22) et les transforma- 
tions jusqu’é linégalité capitale (35) sont les mémes que chez lui avec 
la seule différence formelle que le laplacien A, cylindrique chez nous, 
est chez Goldstein une simple deuxiéme dérivée, que par cette raison les 
fonctions caractéristiques, fonctions de Bessel chez nous, sont de simples 
fonctions circulaires et hyperboliques, ete. Une autre différence entre 
notre § 6 et le travail cité consiste dans la facon de raisonner de Goldstein. 
Il ne considére pas un critérium de stabilité d’Euler explicitement, mais 
s’efforce d’obtenir des conditions de stabilité. En fin de compte il arrive a 
une condition essentiellement de méme forme que (35) donnée plus haut. 
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Mais on doit s’opposer fortement contre la méthode par laquelle il 
procéde pour appliquer (35). La formule (35) étant une forme du critérium 
de stabilité doit étre appliquée aux données numériques réelles et non pas 
aux valeurs géométriques fictives. On doit prendre p.e. la valeur réelle de 
Pépaisseur de l’écorce, — si on ne la connait pas, prendre une série des 
valeurs comprises entre des limites raisonnables — et calculer avec elles. 
En procédant de cette facon on trouvera des relations et des inégalités 
entre différentes grandeurs réelles; on peut comparer enfin tout cela avec 
les tableaux des données géographiques. Dans ce qui précéde, nous avons 
procédé de cette facgon. Mais malheureusement Goldstein dispose les 
opérations mathématiques et logiques dans un sens inverse. I] applique 
quelques données numériques, mais sans introduire lépaisseur, et obtient 
Vinégalité pour cette derniére. Naturellement, il trouve que / est bornée 
supérieurement. I] dit: déja pour une valeur de tant de métres la couche 
est instable. Or, la couche en métres n’est pas une couche réelle. Et il est 
physiquement évident que les plaques trés minces (ayant des métres 
d’épaisseur et des milliers de kilométres de rayon) ne sont pas stables. 
On n’a pas besoin de faire le caleul pour voir ce fait. Enfin, une couche 
d’une telle épaisseur n’est qu’une couche découpée dans |’écorce terrestre 
par l’imagination. L’épaisseur de l’écorce terrestre se mesure malheureuse- 
ment en dizaines de kilométres. Et une telle couche est stable du point de 
vue de la théorie de la compression, comme le montre la formule (35). 
Nous n’avons aucun droit d’isoler mentalement une couche des autres. 
La friction entre une pareille couche et les autres est tellement élevée 
que les équations de base (22) n’ont plus de valeur. Méme dans le cas de 
V’écorce entiére la suppression de la friction avec le magma est discutable; 
dans le cas d’une couche peu épaisse, formant une partie de l’écorce, cette 
opération est inadmissible. 


§ 7. Considérons maintenant la deuxiéme hypothése (voir § 3) — 
représentée sur la fig. 2. La grandeur P n’étant pas dans ce cas constante, 
on doit d’abord calculer la fonction P(r). La force de pression (agissant 
comme auparavant sur l’élément 1-1) est ici égale au poids spécifique 
multiplié par le volume ((r/2)-1-J) et par le sinus de l’angle a (voir fig. 4): 


(38) Py = 41 1.sin a. 
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Sina est approximativement égal a: 
: 2h 
(39) sin a oe ae 
comme on le voit sur la méme figure 4. La grandeur / signifie ici l’élé- 
vation due a la différence des rayons de courbure du morceau et de la 
Terre entiére. En introduisant pour abréger: 
Wih 
2 BL 


(40) a= 
et en portant les résultats (39) dans l’équation (3), on obtient: 
uv ] I 9 9 

(41) Yt Sey tea y= 9, 


ou, pour une premiere approximation, la partie (W7r/2)-/-cos a de la force de 
pesanteur est pour le moment supprimée, comme nous I’avons déja fait au 
§ 4 (une équation plus exacte sera considerée au § 9). 

L’équation (41) n’étant pas une équation de Bessel comme au § 4, peut 
étre cependant transformée facilement de fagon a exprimer Jes solutions 
au moyen de fonctions de Bessel. Supprimant le détail [20], indiquons que 


la solution peut étre écrite sous la forme: 


(42) y=C-I, (4 r*) 
ce qui, avec les conditions eulériennes (7) nous donne: 
Hi 42 
(43) 1,(4 3) = 0. 
Le méme raisonnement que plus haut, nous améne au résultat 
lary, 9 
/Wlh re : 
(44) / ee eg. a i)" See 
EIre 2 


— ce qui peut étre écrit sous la forme: 
(45) Wh =E (=) . 1,59, 


équivalent a la forme (11) du paragraphe précédent. Etant donné que les 
limites de (//ry)? sont les mémes que dans § 4, c’est-A-dire (15) et que: 


7 3 0UCUd&“ E weak. 
46 Pp a Nee, eats - 
ha W = 1000 ami? W & 3000 km, 


on obtient les limites pour h: 
(47) 0,5 km < h < 500 km 


dont seule la premiére peut étre considérée comme réelle. Cette circonstance 
nous oblige & revenir A la méme forme du criterium que celle donnée dans 


le § 4 pour la premiére hypothése; dans le présent paragraphe on doit 
résoudre (45) par rapport a %): 


Ee 


48 é 
(48) ro > 1,261 |/ 
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parce que ce ne sont pas / et J, mais plutét 7) qui peut varier d’un continent 
a l’autre. La forme (48) peut étre spécialisée pour certaines valeurs hypo- 
thétiques de h: 


I 


30 km 


(49) f, => 131, pour: h 
10 km 


r, > 221, pour: h 


I 


§ 8. Comme le lecteur l’a vu, nous avons suivi, en considérant la 
deuxiéme hypothése, la méme voie que celle que nous avons parcourue 
pour appliquer l’hypotheése de contraction. Et ce ne sont pas uniquement 
les simplifications considérables d’une méthode synthétique d’exposition, 
qui nous ont incité a procéder ainsi — en commengant par le cas 
de l’équation de deuxieme ordre — mais aussi la possibilité plus large 
d’étudier les propriétés spéciales d’une équation plus élémentaire. La 
connaissance de ces propriétés nous aidera, quand nous reviendrons a 
notre probleme sous sa forme plus générale. 

Premiérement, on doit chercher certaines possibilités de linéariser le 
coefficient de l’équation (41). Dans ce qui précéde nous avons considéré 
la solution exacte de (41). En dépit du fait que cette derniere n’est pas une 
simple équation de Bessel, elle peut étre résolue a l’aide de ces fonctions 
avec un argument changé (— quadratique). Voyons si cette méthode 
exacte ne peut étre remplacée par la résolution d’une équation dont le 
dernier coefficient soit constant. 

Pour prouver cette possibilité remplacgons la variable 7? dans (41) par 
sa valeur moyenne entre 0 et 7: 


on aura: 
rat r9 

(41¢) oe) a) 

La solution du type qui nous intéresse est: 
(42c) y = C-1,(0,577 gror) 
ce qui donne l’équation caractéristique: 
(43c) 1 (0,577 qr.) = 0 
au lieu de (43). On voit que la seule différence est la valeur du coefficient 
numérique qui est égal & 0,577 dans (43c) au leu d’étre égal & 0,500 (voir 
(43)). Ce changement provoque un changement de la valeur caractéristi- 
que de q, ou de q, atteignant 15 %. On voit alors qu’en premiere appro- 
ximation on peut considérer l’équation (41) avec le coefficient linéarisé. 
A cause de cela nous linéariserons le coefficient correspondant dans 
l’équation généralisant (41) (voir § 9) ou il serait trés difficile de traiter la 


solution exacte. 
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Deuxiémement, l’équation simple (41) nous peut encore servir pour 
écarter les doutes possibles sur la méthode appliquée par nous pour 
étudier la deuxiéme hypothése d’orogénése. En fait, certains pourraient 
douter de la possibilité de l’application de la méthode eulérienne a une 
configuration théorique de l’écorce éclatée. On pourrait croire quil est 
indispensable de considérer |’écorce dans le moment méme de la rupture 
en calculant tous les détails de changement de sa forme jusqu’au moment 
d’apparition des montagnes. 

Naturellement, une telle méthode ne serait pas fausse; mais elle serait 
extrémement compliquée. C’est pourquoi nous avons appliqué une méthode 
simplifiant les choses, méthode supposant l’écorce contractée jusqu’a la 
figure idéale et aprés commengant a s’adapter a la forme de la Terre. 
Maintenant nous devons prouver notre droit de le faire. 

Revenons pour cela au moment ot l’écorce vient d’éclater. Elle coincide 
& ce moment géométriquement avec la surface de la Terre, mais des 
déplacements par rapport a Vétat naturel sans contrainte existent 
partout, — déplacements horizontaux dus a l’état tendu de l’écorce avant 
la rupture. On peut toujours se figurer le centre non déplacé et le sens des 
déplacements coincidant avec les rayons issus du centre. La fonction 
décrivant ces déplacements sera en premiere approximation quadratique, 
par suite de la transformation d’une sphére en une autre ou en un plan. 
Etant donné la coincidence géométrique des surfaces de la Terre et de 
Vécorce éclatée, |’équation de notre probleme restera la méme que celle 
de la théorie de la contraction; sa solution est évidemment la fonction 
de Bessel: J. 

Or, a cause de l’existence des déplacements susmentionnés, déplacements 
qui tendent a se réduire, l’argument de cette fonction de Bessel doit subir 
une transformation. Cette derniére ne doit étre que la transformation 
restituant formellement la configuration sans déplacements; en raison 
de la remarque sur la distribution des déplacements cette transformation 
ne sera en premiére approximation qu’une fonction quadratique. La 
solution prend done la forme: 


I (const. r?) 


coincidant avec la forme (42) donnée par notre méthode simple. 

Naturellement, cet exemple ne prétend pas étre une preuve générale ; 
il n’est qu’un exemple explicatif. La preuve générale c’est Papplication 
du principe de la relativité (relativité classique, — relativité de Galilée 
comme on dit, mais non pas celle d’Einstein). Ce principe nous permet de 
procéder de cette fagon aussi dans le cas du § 9, cas ow l’application du 
raisonnement exact demande des transformations trop longues et trop 
compliquées. Le principe de la relativité classique nous donne le droit le 
considérer les choses en divisant le procédé en deux parties formelles: 
formation d’une figure idéale et stabilité de celle-ci, sans réaliser toutes 
les transformations nécéssaires algébriquement. 
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Mais dans le cas simple du § 7, ot tout revient & une transformation 
quadratique, nous avons jugé utile, pour les lecteurs éloignés par leur 
spécialité des applications du principe de la relativité, de décrire cette 
transformation; c’est ce que nous venons de faire. 

Pour achever ce paragraphe il nous reste 4 mentionner encore une fois 
que l’application du criterium eulérien sous sa forme classique (comme 
nous l’avons fait ici et au § 7) doit étre remplacée, d’aprés la remarque 
du § 5, par Vapplication de la forme spéciale, forme déja décrite dans le 
paragraphe cité. 

En passant, selon cette forme du critérium, de q, @ q, nous trouvons au 
lieu de la formule (44) du paragraphe précédent la suivante: 


Wil 2 
(445) | ale FE 
Eir, 2 
d’ot l’on tire: 
(45) Wh=E (—) - 10,16. 
0 


A l’aide de celle-ci on obtient les conditions de stabilité sous leurs deux 
formes: dans la premiere 


(47b) 3 km <h < 3000 km 


et dans la seconde: 


(48D) ry > 3,191 | 
ou: 

t) > 321, pour: h = 30 km 
oe / ry) > 551, pour: h = 10 km 


§ 9. Comme nous l’avons déja fait remarquer au début du §7, équation 
de départ pour tous ces résultats — équation (41) — a été simplifiée en 
supprimant la partie des forces de pesanteur agissant dans le sens perpen- 
diculaire & l’étendue du bloc. Mais l’effet de ces forces perpendiculaires 
est dans le deuxiéme probléme tout a fait autre que dans le premier. La 
l’effet de pesanteur a consisté dans la suppression de la possibilité méme 
de Vinstabilité; ici au contraire les forces de pesanteur créent Vinstabilité. 
La ces forces ont supprimé toutes les déviations, tant les déviations vers 
le haut que celles vers le bas; ici, il est vrai, la pesanteur s'efforce ae 
supprimer les déviations vers le haut, mais elle renforce celles dirigées 
en bas. Comme les résultats du § 4, ceux du § 7 peuvent étre considérés 
eux aussi comme une approximation. Mais les valeurs du § 4, comme on 
Vavait fait ressortir au § 6 sont au-dessous de la réalité; tandis que les 
valeurs du dernier paragraphe (et du § 7) sont, sans doute possible, au- 
dessus des valeurs réelles. Essayons de calculer plus exactement ces 


derniéres. 


430 


La généralisation nécessaire (— analogue a (22)) de l’équation (41) est: 


(50) EIAAy + A(ay) — by = 0 
ou 
(51) pee Wik (~) , b = 2W. 


Cette équation n’a de sens que pour des valeurs négatives de y, ou 
approximativement en cas de prédominance des valeurs négatives, — 
ce qui est certainement le cas pour notre probléme. On ne rencontrerait 
pas de difficultés insurmontables pour établir une équation encore plus 
générale que l’équation (50) mais les résultats d’un pareil caleul qui est 
beaucoup plus compliqué, sont trés proches de ceux qui découlent de (50). 
Nous ne considérons pour cette raison que l’équation (50), 

On peut la transformer en une équation ne contenant que des grandeurs 
sans dimension; on trouve: 


(52) 64) wh) (f) + (Far) - GY 0.4) (f) — (Gr rheos a) (f) =o, 


on a maintenant: 


Wlhr2 2Wré 
(5 a! = (TR, = (A cos «) 
(53) a ( EI ); b (= cosa). 


L’équation (50) n’est pas difficile A résoudre; mais Péquation carac- 
téristique peut apporter des difficultés. C’est pourquoi et étant donné qu’en 
valeurs numériques: 


(54) a’ << 0’, parce que: lhr? << rt cosa 


(voir § 4 et § 5), on peut commencer en considérant l’équation plus simple: 


= b 
ou approximativement: 
(56) b= 2W, 


— la valeur moyenne de b. Cette derniére approximation se base sur la 
remarque du paragraphe précédent sur la possibilité du passage de l’équa- 
tion (41) avec le dernier coefficient non-linéaire A Péquation (4la) ot 
celui-ci est linéaire. En appliquant la méme condition (y|,-9 #CS) qu’au 
paragraphe précédent on obtient: 


4 4 
(57) y =C,I, [r ar} +C,1, (ri xr) 
Les conditions eulériennes (voir (29) et (30)) prennent les formes: 
a= o 4 
_ 1/2W .3/2W 
Cc, ty (r, a7) + Cy 1, (rot | =r) = th 


(58) 
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dot on tire ’équation du critérium: 


4 


(59) ih (7, | = 0, 


ayant naturellement les mémes racines que l’équation (8), c’est-a-dire les 
valeurs (9). La premiére racine instable est: 


/ 


(60) 2,404, 
mais il est plus raisonnable de prendre la deuxieme racine instable: 
(61) 5,520, 


parce que, comme nous avons déja expliqué, la premiere (60) peut mener 
a la formation d’une dépression de la partie centrale du bloc, sans faire 
surgir des chaines de montagnes; — ce n’est que la deuxiéme (61) qui 
assure la formation d’un plissement. C’est pourquoi posons: 


(62) re Yew = 8,620 
OT Sa aa 


d’ou l’on peut tirer numériquement (voir § 4) la condition suivante (sans 
hypothése de pression artificielle): 


(63) ry 2 bl, — 


ce qui est beaucoup plus favorable pour notre théorie que les conditions (49). 


Ce résultat est représenté sur la verticale du cdté gauche de la fig. 5. 
Les résultats du § 7 sont également représentés sur la méme fig. 5, mais sur 
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la verticale du cété droit. Les coefficients des inégalités r, > const. 1 pour 
Péquation (50) dans sa forme compléte (ne supprimant ni a’ ni b’) sont 
représentés par les lignes correspondant aux valeurs différentes de h. En se 
basant sur le fait que les valeurs de a’ et deb’ sont fort inégales (voir (54)), 
on peut étre certain qu’en prenant pour ce coefficient la valeur 8, on se 
trouve trés proche de la réalité, erreur n’affectant que la deuxiéme 
décimale. Pour toutes ces raisons nous écrivons définitivement: 


(64) rm > 8l, — 
— ce qui représente le critérium d’orogénése des blocs continentaux pour 


le cas de la deuxiéme hypothése (voir § 3). 
Les résultats essentiels de nos considérations ($§ 4—5) sont sommaire- 


ment représentés sur le tableau suivant: 


‘ Critérium Paragraphe et 
Hypothése : eulérien formule 
de la ‘‘contraction’’ (sans prendre en considération ry > 501, § 5, (19b); 
les poids) Si ae, OTS he 
de la “contraction” (avec les poids) . . . . . . py > 50000 § 6, (36); 
de l’écorce primaire plus petite que la terre (sans 
PTC e LE RS Pane wc: MOGs bab aoe Ea Pee ITE | § 7, (49); 
de l’écorce primaire plus petite que la terre (avec 
PORT ORAB IT od Bis oa YG. 0 Sey cg pees § 9, (63) et (64) 


Il ne nous reste plus qu’A comparer les résultats (63) et (64) avec les 
résultats du § 6 (36) et A tirer quelques conclusions. 


§ 10. D’abord rappelons quelques faits géographiques. On a calculé 
abondamment les surfaces des continents, tant en entier que par sections 
de hauteurs différentes. On peut citer entre autres: de LAPPARENT, MURRAY, 
SupAN, PeNck, von Tino, HEIDERICH, WAGNER. KRUMMEL, KARSTENS, 
Kossina etc. C’est & Kossrya & qui nous devons les résultats les plus 
précis. Avec quelques mesures et caleculs supplémentaires de lauteur 
(voir aussi [21]) ces résultats sont représentés sur le tableau suivant: 


Australie Amérique Amérique Afrique | Eurasie 


Sud | Nord 
Surface du continent 
dans les limites de 
Visohypse. ... . Om 8,2 7,8 24,3 29,8 54,0 
— 100m 9,2 22,0 28,0 0a! 66,3 


Rayon correspondant 
a la surface entourée 
parVisohypse . . . 0m | 1615 km | 2380 km | 2780km | 3080 km | 4150 km 

— 100m]1710 ,, | 2650 ,, | 2990 » | 3150 ,, | 4590 ,, 

Rayon correspondant 

& la surface hypothé- 


tique du bloc. . . 1900 ,, | 2900 ,, | 3200 ,, | 3300 ,, | 5000 


{ ‘99 


Les surfaces sont données en millions de kilométres carrés, les rayons 
4 5 at a: ys {Park aS . : 
sont calculés approximativement A l’aide de 7) = \ (surface): z, les limites 
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des blocs sont celles qu’on prend habituellement (voir par exemple PENK [22] 
ou SuPAN [23]) et telles qu’on peut les déduire de la loi @’altitude [24] 
(voir [25]). Elles se trouvent & peu prés sur l’isohypse — 200 ou — 180 
metres (au-dessous du niveau de la mer). 

C'est avec ce tableau que nous devons comparer les deux formes du 
criterium de stabilité que nous avons obtenues au § 6 (37) et au § 9 ((63) 
et (64)). 

Premicrement on voit que lhypotheése de la contraction (méme sous la 
forme du critérium (19)) donne une limite de stabilité un peu trop haute, 
ne permettant pas a |’ Australie de former des montagnes. On doit sup- 
poser l’épaisseur de l’écorce beaucoup moindre que les 100 km admis plus 
haut — a savoir 70 km — pour faire naitre les montagnes australiennes. 
Dans le cas de notre hypothése (criterium (64)) une écorce de 100 km d’épais- 
seur, a condition d’une différence, si petite soit elle (sic!), entre les rayons 
(celui de la Terre et celui du morceau) pourrait déja donner des montagnes 
sur tous les continents, Australie et grandes iles incluses. La limite inférieure 
pour cette différence existe naturellement, mais elle n’est déterminée que 
par la géométrie: l’affaissement doit nous donner un excédent de masse 
suffisant pour expliquer les masses des montagnes réelles de la Terre. 

Nous n’insistons pas sur l’obstacle des pressions impossibles (du point 
de vue de la théorie de la plasticité — voir la fin du § 6) auquel se heurte 
la théorie de pressions (voir § 3). 

Naturellement, comme nous l’avons déja dit, ce n’est pas pour trouver 
des arguments contre ’hypothése de contraction que nous avons fait tous 
ces calculs. Il y a beaucoup d'autres raisons géologiques et géophysiques 
pour lesquelles elle est abandonnée; sans les rappeler toutes, mentionnons 
en quelques unes: pression d’origine indéterminée, difficulté d’accor- 
der existence de la pression qui comprime les blocs avec existence de 
la tension qui a morcelé l’écorce primaire en créant les blocs, difficulté 
encore plus grande d’accorder l’existence de la pression intercontinen- 
tale avec l’absence locale de parties de cette écorce (Océan Pacifique), ete. 
Tout cela nous obligerait & introduire encore et toujours des hypo- 
théses, rappelant les épicycles de Ptolémée. Au contraire, dans le cas de 
notre hypothése, ces trois circonstances s’expliquent tout a fait naturelle- 
ment. Introduire une pression, nous n’en avons pas besoin, les forces 
agissantes sont données par le poids et l’existence de h; cette existence 
de h — due A la différence du rayon du globe et du rayon des morceaux — 
explique également l’existence sur la surface terrestre des parties non- 
couvertes par les blocs et enfin la tension les morcelant. Nous n’entrerons 
pas ici dans les autres détails, car ils sont suffisamment expliqués 
ailleurs [26], ]12], [14], [29], [30], etc. 

En tous cas l’existence des couches montagneuses sur tous les conti- 
nents est bien expliquée par la condition (64); les quatre premiers conti- 
nents du tableau correspondent au cas de l’existence d’un excédent de 
7) & la deuxiéme valeur de (9) — c’est ce qui donne les plissements relative- 
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ment simples; |’Eurasie avec7, beaucoup plus grand correspond évidemment 
au cas ou 7) dépasse les valeurs suivantes de (9) ce qui correspond a un 
plissement beaucoup plus compliqué, décrit par des fonctions ayant plus 
de maxima et de minima. 

Enfin, il nous reste a souligner que le calcul qui nous a fourni la condition 
(64) était basé sur l’admission pour W du poids spécifique absolu. Si, au 
contraire, nous introduisons, d’aprés les remarques du § 3 les valeurs du 
poids spécifique relatif (— continents ,,flottants’’) la valeur du coefficient 
dans (64) est multipliée par 1 4 environ (12 au lieu de 8). Mais si nous 
reconnaissons que la différence des poids était au moment de la formation 
de l’écorce terreste plus considérable, nous trouvons de nouveau une 
réduction par 1 2 (10,5 au lieu de 12), Se souvenant de plus que la valeur 
8 a été prise un peu exagérée, on peut adopter la valeur 10, comme une 
valeur dépassant en tous cas la valeur réelle. Il est évident que méme 
cette valeur nous assure la réalisation compléte des données du tableau. 
Rappelons pour finir, que pour la réalisation de (64) il suffit que la dif- 
férence des rayons soit de quelques kilométres (voir la fig. 5), ce qui est 
une hypothése fort modeste, car la différence des rayons de l’ellipsoide 
terrestre dépasse aujourd’hui considérablement cette valeur. 

Pour simplifier le caleul nous n’avons pas introduit ici les forces 
latérales orogénétiques de Prey [28]. L’introduction de ces forces 
freignant Vaffaisement, aura par effet que la valeur de critérium 
eulérien diminuera encore pour les théories lesquelles comme la notre, 
supposent des ruptures et des blocs isolés de l’écorce, tandis que la valeur 
du critérium pour l’hypothése de la compression restera inchangée. 


Résumé. En appliquant Vidée du critérium eulérien aux morceaux 
(— blocs) de l’écorce terrestre, l’auteur a calculé les cas de la pression 
bilatérale ainsi que de la pression agissant de tous les cétés sur un 
bloc rond. Chacun de ces cas a été considéré de deux facons différentes: 
1) du point de vue de la théorie de la compression (— bloe dont le 
rayon de courbure coincide avee celui du globe) et 2) du point de vue 
de la théorie proposée [12], [26], [29], [30] par lui-méme (— bloc 
dont le rayon de courbure est plus petit que celui de la Terre entiére), 
Un tableau sommaire des résultats théoriques se trouve A la fin du § 9. 
Quelques données nécessaires géographiques relatives aux continents et 
géologiques relatives aux blocs continentaux sont réunies dans le tableau 
du § 10. En comparant ces deux tableaux, on voit facilement que 
"hypothése des blocs, dont les rayons different de celui du globe, est 
plausible. En ce qui concerne Il’hypothése de la compression, on voit 
que qu’a moins qu’on ne fasse de suppositions peu vraisemables (une 
écorce constituée par des couches paralléles peu épaisses, sans friction 
entre celles-ci) cette hypothése est impossible. 


oR be 


748). 
30. 


435 
BIBLIOGRAPHIE 


SmoLucHowskI, M., Anzeiger d. Akad. d. Wiss. Krakau. Math. Nat. Klasse, 
2 (1909). 

JEFFREYS, The Earth. 2éd., 164 (1929). 

GOLDSTEIN, S., Proc. Cambridge Philos. Soc. 23, 120 (1926). 

GUTENBERG, Handbuch der Geophysik, T. 3, p. 287 et 472. 

VENING MEINESZ, Gravity Observations at Sea. — Netherlands Geodetic. 
Comm. Delft 1934 et 1948. 

Ross Gunn, Journ. of Franklin Institute, 224, 19 (1937); 236, 47 (1943); 
236, 373 (19438); 237, 139 (1944). 

Geophysics, 12, 378 (1947). 

VENING MErNEsz, Earth’s crust deformations in Geosynclin. Proc. Kon. Ned. 
Ak. Wet., 53, no. 1, 27 (1950). 

Naval, Plasticity (édit. amer. 1948, édit: allem. 1930). 

Matscuinski, M., Zur Theorie der plastischen Bearbeitung usw. Wiss. Abh. 1 
(1948). 

VENING MeErINeEsz, The determination of the Earth’s plasticity from the post- 
glacial uplift in Scandinavia. Proc. Kon. Akad. v. Wetensch. 
Amsterdam 33, 6 (1930). 

Matscuinsger, M., Comp. Rend. Ac. Sc. 233, 1474 (1951). 

, Cahiers Géol: de Thoiry, no. 7, (1951). 
, Comp. Rend. Ac. Se. 233, 1653 (1951). 
, Revue Géomorph. Dyn. no. 4, 157 (1951). 

HayForD et Bowle., Special Publication of the C. a. G. S., no. 18. 

Ventnc Mernesz, Bulletin géodesique, no. 1, 33, (Juillet 1946). 

CAILLEUx, Revue des Sciences Pures et Appliquées, no. 2, (1952). 

Rirrmann, Archives des Sciences. 4, Fase. 5, 273 (1951). 

FouRMARIER, Bulletin de la Société belge d’Astronomie, de Météorologie et 
de Physique du Globe. no. 5—6, mai-juin 1951 et no. 7—8, juillet- 
aout (1951). 

Watson, Theory of Bessel functions. (2 ed. Cambridge. 1944). 

Matscuinski, M., Comp. Rend. Ac. Se. 234, 1192 (1952). 

PencK, Morphologie des Erdoberflache. Stuttgart (1894). 

Supan, Grundziige ete. Band I (1927). 

Marscuinsk1, M., Comp. Rend. Ac. Sc. 233, 492 (1951). 

, Comp. Rend. Somm. des Se. de Soc. Géol. 7, 105 (1952). 
, Cahiers Géol. de Thoiry, 10, 84 (1952). 

Umpcrove, The Pulse of the Earth, 2nd. 47 (1947). 

Prey, A., Uber die Méglichkeit der Gebirgsbildung durch den hydrostatischen 
Druck in der Erdkruste, Sitz.-Ber. d. Akad. d. Wissensch. Wien. 
Bd. 151 (1942). 

Marscuinsk1, M., Revue scientifique, no. 6—10, (1952). (sous-presse). 

, Plissement d’un continent de forme approximativement triangu- 
laire. Comp. Rend. Ac. Se., t. 2384, 2473 (1952). 


PALAEONTOLOGY 


FOSSIL MAMMALS AND THE PLIO-PLEISTOCENE BOUNDARY 
IN JAVA 


BY 


D. A. HOOIJER 


(Rijksmuseum van Natuurlijke Historie, Leiden) 


(Communicated by Prof. I. M. vAN DER VLERK at the meeting of June 28, 1952) 


It has been, and still is the usage of the Geological Survey of Indonesia 
to place the Putjangan beds of Eastern Java at the base of the Pleistocene, 
a view that was supported by von KopmniagswaLp who dated the fossil 
mammalian fauna found in these deposits, the Djetis fauna, as Lower 
Pleistocene. Antecedent to this fauna are the Tjidjulang and the Kali 
Glagah faunas of von KorniaswaLp, who regards these faunas as of 
Middle and Upper Plocene age respectively. 

However, in recent years another opinion was expressed by various 
American workers. In the words of one of them: ““The Tji Djoelang and 
Kali Glagah faunas contain Lower Pleistocene elements, e.g., Tetra- 
lophodon, Stegodon, Merycopotamus, and Hippopotamus, such as are found 
in the Tatrot and Pinjor faunas of India. While these animals may also be 
found in Upper Pliocene sediments, the general resemblance of the two 
Javanese faunas listed above to the Tatrot and Pinjor faunas of India 
justifies their inclusion in the Pleistocene according to the definition of the 
period adopted in this work” (CoLBERT, in OSBORN, 1942, p. 1454). 

Thus far, these views have not penetrated much into the geological 
literature on Java, and in so far as they did, they have been rejected. 
Therefore, it is my intention to consider on these pages why the criterion 
mentioned above should be adopted for Java, and what the consequences 
of such a procedure would be. 

The definition referred to by CoLBerr is the world-wide spread of 
certain new mammalian types, particularly Archidiskodon, Equus, and 
advanced bovines, which is regarded as indicative of the advent of Pleisto- 
cene times, Villafranchian is the name for this type of fauna, a name used 
by Have (1908—1911, p. 1767), and in the opinion of modern workers it 
is to be placed in the Pleistocene as its basal member, the Lower Pleistocene. 

During the last few decades, this principle has been adopted in 
distinguishing between Pliocene and Pleistocene deposits in India, Burma, 
and in South and North China. The implications for Java, the fossil 
mammalian faunas of which island must be correlated with those of the 


Asiatic continent, particularly with the classic Siwalik series of India, will 
now be briefly discussed. 
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If the Tjidjulang and Kali Glagah faunas are placed in the Lower Plei- 
stocene, as they should be because of their Villafranchian aspect (Archi- 
diskodon occurs in both faunas: voN KOENIGSWALD, 1940, p. 74; 1950, 
p. 92), then the Plo-Pleistocene boundary in Java is no longer immediately 
below the Putjangan beds, but somewhere in the marine Lower Kalibeng 
Globigerina marls of Eastern Java. If, for convenience, we follow the 
correlations as given for Java by VAN BEMMELEN (1950, pp. 108—109), 
correlations that are based on fourteen years of intensive field work, the 
Kalibiuk beds in Central Java, and the Tjipatjar beds in Bantam, with the 
marine Cheribonian mollusk fauna of OostinGH, would form the base of 
the Pleistocene. Also, of course, OOSTINGH’s Sondian on top of the former 
would have to be placed entirely within the Pleistocene; the latter is now 
generally regarded as of Upper Pliocene age. 

No doubt this is a view that cannot be easily accepted by the local 
geologists and stratigraphers, but in my opinion it would be unwise not 
to follow the principle of dating Villafranchian faunas as Lower Pleisto- 
cene now adopted for those regions, particularly India and China, with 
which the stratigraphical correlations of Java have to be made. 

As a matter of fact von KoENIGSWALD (1939, 1940, p. 72) had already 
observed that the Djetis and Trinil faunas of Java are characterized by 
the appearance of elements of a special type which he attributes to an 
invasion from China, the Sino-Malayan fauna. This is the so-called 
Stegodon-Ailuropoda fauna that is widespread in Southeastern Asia and 
that consequently is very convenient for correlation purposes (cf. HOoIsER 
and CoLBERT, 1951 a; Hoorser, 1951). The faunistic block here referred 
to as Stegodon-Ailuropoda fauna, as first clearly seen by Pur (1935), 
extends from China South of the Tsinling dividing range (Szechwan, 
Yunnan, Kwangsi, Kiangsu) over Indo China and Burma to Java. We 
cannot but conclude that the several faunas comprising this block were 
contemporaneous. They show intergrading relationships much the same 
as are shown by modern mammals in the same general area. There is not 
only a close generic, but even specific identity between them in many 
cases. 

Antecedent to this stage we have the Upper Irrawaddies of Burma, and 
the Ma Kai Valley deposits of Yunnan (CoLBERT, 1940), which by the 
character of their faunas are correlative with the Tatrot and the Pinjor 
zones of the Upper Siwaliks of India. The Lower Pleistocene age of the 
Tatrot, Pinjor, Upper Irrawaddy, and Ma Kai Valley deposits is indicated 
by the Villafranchian faunas that they contain. In India Archidiskodon 
appears first in the Tatrot zone; Equus appears first in the Pinjor zone, as 
well as in the Upper Irrawaddies of Burma, and in the Ma Kai Valley 
silts of Yunnan. The conclusion following is that the Stegodon-Ailuropoda 
fauna is early post-Villafranchian, and hence can be regarded as of Middle 
Pleistocene age. The various Villafranchian faunas referred to are pre- 
sented, by genera, in tables I and II. 

30 Series B 
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TABLE I 
The genera of mammals of the Tatrot zone and of the Pinjor zone in the Upper 
Siwaliks of India 


a a . . Wiow _ ie = We . . . a 
Tatrot zone Pinjor zone | Tatrot zone Pinjor zone 


Papio Hyosus 

Presbytis Hippohyus Hippohyus 
Ramapithecus Dicoryphochoerus —Dicoryphochoerus 

Rhizomys Sus Sus 

Nesokia Merycopotamus Merycopotamus 

Hystrix Hippopotamus Hippopotamus 

Caprolagus Camelus 

Canis Dorcatherium 

Sivacyon Cervus 

Agriotherium Giraffa 

Melursus Sivatherium 

Sinictis Indratherium 

Mellivora Hydaspitherium (?) 

Lutra Taurotragus 

Enhydriodon Tragocerus 

Viverra Selenoportaz 

Vishnuictis Proamphibos 

Hyaenictis Leptobos 

Crocuta Bucapra 

Megantereon Bubalus 

Felis Probubalus 

Sivafelis Platybos 
Paramachaerodus Bos Bos 
Pentalophodon Pentalophodon Bison 

Stegolophodon Vishnucobus 
Stegodon Stegodon Indoredunca 

Palaeoloxodon Gangicobus 
Archidiskodon Archidiskodon Sivadenota 

Elephas Sivacobus 
Hipparion Hipparion Robus 

Equus Sivatragus 

Nestoritherium Sivorya 
Rhinoceros Rhinoceros Hippotragus 

Coelodonta Damalops 
Tetraconodon Tetraconodon Damaliscus 
Stvachoerus Stvachoerus Antilope 
Propotamochoerus Gazella (?) 
Potamochoerus Potamochoerus Sivacapra 

Capra 


Similarly, in North China two successive stages comparable to the 
Tatrot-Pinjor-Upper Trrawaddy-Ma Kai faunal complex and the Stegodon- 


Ailuropoda block can be distinguished, viz., the Nihowan ( 
of locality 18 near Peiping, 


Sanmen) fauna 


and the Choukoutien fauna. In the Nihowan 


fauna Equus makes its first appearance in North China, and this fauna is 


accepted as of Villafranchian relationships by 


(1937, 1940), 


TEILHARD DE CHARDIN 
This author prefers to place the Villafranchian in the Upper 


TABLE IT 


The genera of mammals of various Villafranchian faunas in Asia 


Upper Irrawaddies 


(Burma) 


Tjidjulang 


(Java) 


Kali Glagah ~ 
(Java) 


(Yunnan) 


eee 


Stegolophodon 
Stegodon 

. (“Elephas’’) 
Hipparion 
Equus 
Rhinoceros 
Potamochoerus 


Stegodon 
Archidiskodon 


Rhinoceros 


Rhizomys 
Lutra 

Felis 
Tetralophodon 


Stegodon 
Archidiskodon 


Stegodon 


Equus 
Rhinoceros 


Sus Sus 
Merycopotamus Merycopotamus 
Hippopotamus Hippopotamus Hippopotamus 
Rusa (?) Rusa (?) 
Cervus “Cervus” “Cervus” Cervus 
Muntiacus 
Leptobos (?) 
Bubalus 
Bibos (?) Bibos (?) 
Bos “Bos” Bos 
Antilope (?) “Antilope”’ “Antilope” 


Gazella (7?) 


Pliocene because it is more convenient to have certain post-Nihowan 
diastrophic events in China — the rejuvenation of the topography and 
the cutting of the Fenho gorges — as the marker of the Plio-Pleistocene 
boundary. However, if we place the Villafranchian at the base of the 
Pleistocene, then Nihowan becomes Lower Pleistocene!) and Choukoutien 
Middle Pleistocene. 

Middle Pleistocene is also the age assigned by von KOENIGSWALD to the 
Trinil fauna of Java. There is no reason, however, for not accepting the 
same approximate age for the Djetis fauna that, like the Trinil fauna, 
definitely belongs to the Stegodon-Ailuropoda block, and thus is early post- 
Villafranchian in age. There are numerous elements in the Trinil fauna 
correlating it with the cave and fissure faunas of Szechwan, Yunnan, 
Kwangsi, Kiangsu, all in South China, and of Indo China, such as Pongo, 
Hystriz, Viverra, Felis, Stegodon, Muntiacus, Rusa, and Bubalus, and 
these genera have all been found in the Djetis fauna as well (table III). 


1) The Lower Pleistocene of North China also includes zones iiLvands Tim 
Shansi, as distinguished by TEILHARD DE CHARDIN and TrassaERT (1937). It is 
in zone II that Archidiskodon makes its first appearance in North China. It is 
associated with Zygolophodon borsoni, which latter is a characteristically Villa- 
franchian type (SCHREUDER, 1950; Hoo1ser and Corpert, 1951b, p. 134). 


TABLE III 


The genera of mammals of various Middle Pleistocene faunas in Asia 


SS ——————————Eeeeeee 


Narbadas 
Boulder 
Conglomerate 


Mogok 
caves 


(Burma) 


Djetis 


(Java) 


Trinil 


(Java) 


Szechwan 
Yunnan 
Indo China 


a ———— eee 


“Ursus” 


Stegodon 


Palaeoloxodon Palaeoloxodon 


Equus 


Rhinoceros 
Sus 
Hippopotamus 


Cervus 


Boselaphus 
Leptobos 
Bubalus 
Bos 


Antilope 


Aystrix 


Ailuropoda 


Stegodon 


Rhinoceros 
Sus 

Rusa (?) 
Cervus 
Bibos (?) 
Bos 


Macaca 
Presbytis 
Trachypithecus 


Hylobates 
Symphalangus 


Pongo 
Pithecanthropus 


Manis 
Lepus 
Rhizomys 
Rattus 


Hystrix 


“Megacyon” 
“Ursus” 


Lutra 
Viverricula 
Viverra 
Paradoxurus 


Arctitis 
Crocuta 


Felis 


Echinosorex 
Macaca 


Trachypithecus 


Hylobates 
Symphalangus 


Pongo 
Pithecanthropus 
Homo (7) 
Manis (7?) 
Lepus 
Rhizomys 
Rattus 


Hystrix 
Cyon 


“Ursus” 


Lutra 
Viverricula 
Viverra 
Paradoxurus 


Arctitis 
Crocuta 


Felis 


“Epimachairodus”’ 


Stegodon 
(‘‘Elephas’’) 
Archidiskodon 
Cryptomastodon 


Nestoritherium 


Tapirus 
Rhinoceros 
Sus 
Hippopotamus 
Tragulus 


Muntiacus 
Rusa 
“Cervus” 
Duboisia (2) 
Leptobos 
Bubalus 
Bibos (?) 

ee Bos’ > 


“Antilope” 


Stegodon 
Palaeoloxodon 


Cryptomastodon 


Megatapirus 
Tapirus 
Rhinoceros 
Sus 
Hippopotamus 
Tragulus 


Muntiacus 


Axis 
Rusa 


Duboisia 


Leptobos (?) 
Bubalus 
Bibos 


Macaca 


Rhinopithecus 
Hylobates 
Symphalangus( ?) 
Gigantopithecus 
Pongo 


Pithecanthropus( 2) 


Homo (?) 


Lepus 
Rhizomys 
Rattus 
Nesokia (?) 
Hystrix 
Canis 

Cyon 


“Ursus” 
Ailurus 
Ailuropoda 
Charronia 
Arctonyx 


Viverra 
Paradoxurus 
Paguma 


Crocuta 


Felis 


Stegodon 
Palaeoloxodon 


Nestoritherium 
Megatapirus 
Tapirus 
Rhinoceros 
Sus 


Moschus 
Muntiacus 
Elaphodus 


Rusa 

Cervus 
Hydropotes (?) 
Proboselaphus 


Bubalus 
Bibos 


Spirocerus 


Naemorhedus 
Capricornis 
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As already remarked in a previous paper (Hooter, 1951, p. 278) the 
faunal distinctions between the Djetis and the Trinil beds are dwindling 
the better these faunas become known. Of course there must be a difference 
in age, for the Putjangan beds with the Djetis fauna underlie the Kabuh 
beds with the Trinil fauna, but, as my table III convincingly shows, there 
is such a very close resemblance between the Djetis and the Trinil fauna 
(27 out of the 45 genera contained in the Djetis and the Trinil fauna are 
identical in the two faunas) that the former as well as the latter can be 
placed in the Middle Pleistocene, correlative with the cave faunas of 
South China (last column in table III). Von Korntaswatp (1939, p. 49; 
1940, p. 70) emphasizes the presence of Hylobates, Pongo, “Ursus, 
Crocuta, Nestoritherium, Tapirus, and Bibos in the Djetis fauna as repre- 
senting invading elements from South China, and this conception of the 
“Sino-Malayan” fauna is perfectly in accord with the views presented in 
the present paper. There is no reason to accept an age for the Djetis fauna 
older than that of the Stegodon-Ailuropoda fauna in general, which is 
typically developed in South China. In India, the faunas of the Narbada 
beds and Boulder Conglomerate are clearly correlative with the Djetis 
and Trinil faunas of Java, and the occurrence of this Middle Pleistocene 
fauna in the Mogok caves of Upper Burma (COLBERT, 1943) fills the gap 
that existed in the geographic distribution of this type of fauna between 
India in the West and China in the East. 

The Lower Pleistocene, Villafranchian stage in Java is represented by 
the Tjidjulang and Kali Glagah faunas, correlative with the Tatrot and 
Pinjor of India (table I1). Von KoENIGSWALD (1939, p. 48; 1940, p. 70) 
has recognized this early Pleistocene stage in Java too, and refers to it as 
the “Siva-Malayan”’ fauna, having its origin in India as shown by Mery- 
copotamus and Hippopotamus in the first place. Again, this same type of 
fauna is present in Burma, the Upper Irrawaddies (COLBERT, 1938, 1943), 
as well as in China (Ma Kai Valley deposits: COLBERT, 1940). The Villa- 
franchian character of these faunas is settled, and there is no reason to 
leave the Tjidjulang and Kali Glagah faunas in the Pliocene any more. 
The Villafranchian character of these two faunas had already been 
recognized as such by COLBERT before one of the most typical Lower 
Pleistocene forms, Archidiskodon, had been recorded from the Tjidjulang 
fauna by vON KOENIGSWALD. Equus has never reached Java (it was 
introduced there only by man), and thus we are deprived of this most 
important genus for correlation purposes. The first appearance of Archi- 
diskodon in these Javan faunas, as well as in the Tatrot zone fauna for 
India (table I), is indicative of the Villafranchian relationships of these 
faunas. Consequently, VON KopNIGSWALD’s Siva-Malayan fauna, originally 
considered to have reached Java from India approximately in the Middle 
Pliocene, must date from the very early Pleistocene. 

The correlations adopted in the present paper are given in table IV. 

Recently, voN KoENIGSWALD (1951) described the Archidiskodon from 
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TABLE IV 
Correlation of Villafranchian and of Middle Pleistocene faunas 


India Burma Java South China 
——o-_|-—S7 vw 
Middle Narbadas Mogok Trinil Szechwan 
Pleistocene Boulder mcs Yunnan 
(Sino-Malayan fauna) Conglomerate Djetis Kwangsi 
Lower Pinjor Upper Kali Glagah Ma Yeni 
Seappiaiagers Irrawaddies| |, Valley 
(Siva-Malayan fauna) Tatrot | Tjidjulang 


the Tjidjulang fauna of Java as Archidiskodon praeplanifrons, admittedly 
more primitive in characters than A. planifrons to which latter species the 
oldest Archidiskodon finds in Eurasia have been referred. Hence, he still 
defends the pre-Pleistocene age of the Tjidjulang fauna. The argument is 
irrelevant, however, since we correlate with genera and not with species. 
The Tjidjulang fauna with its first appearance of Archidiskodon in Java 
has to be placed in the Lower Pleistocene, as has already been stated by 
CoLBerr (1943, pp. 427—428), Movius (1944, p. 84; 1949, pp. 346—347), 
and Hooter (1950, p. 37; 1951, p. 274). Von KorniaswaLp (1951, p. 
273) holds that the primitive Archidiskodon praeplanifrons is not against 
the correlation of the Tjidjulang fauna with that of the Middle Siwalik 
Dhok Pathan zone, which latter underlies the Tatrot zone with which the 
Tjidjulang fauna had been correlated before. ““Zwischen der Tatrot-Zone 
und der tieferen Dhok-Pathan-Zone besteht wenig Unterschied, nur fehlt 
hier der Elefant” (von Korniaswatp, l.c.). This is an understatement, 
for the Dhok Pathan zone, Middle to Upper Pliocene according to CoLBERT 
(1935, p. 22), is characterized by a host of genera (table V) that do not 
TABLE V 
The genera of mammals of Pliocene affinities in the Dhok Pathan zone of the Middle 
Siwaliks 


Dryopithecus Ictitherium 


Chilotherium Bramatherium 
Arctamphicyon Lycyaena Listriodon Vishnutherium 
Indarctos Mellivorodon Stvahyus Sivaceros 
EHomellivora Synconolophus Choeromeryx Tragoportax 
Sivaonyx Aceratherium Dorcabune Perimia 


continue into the Pleistocene, while typically Villafranchian genera like 
Archidiskodon, Equus, “Bos”, and Sivatherium are all absent in the Dhok 
Pathan. A correlation of the Tjidjulang fauna with the Tatrot, as formerly 
accepted by von Komnta@swaxp (1940, p. 74; 1950, p. 93), is in harmony 
with the views given in the present paper. 

In summary, comparison of my correlation table with that presented 
by von Koxnntaswatp (1940, 1950) shows that the principal change 
involved is the shifting upward of the Tjidjulang and Kali Glagah faunas 
of Java so that they are now Lower Pleistocene, which is what they should 
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be because of their Villafranchian relationships. The Djetis fauna of Java 
is now brought up in the Middle Pleistocene, correlative with the cave 
faunas of Szechwan, Yunnan, etc., from which it received a number of 
elements as VON KOENIGSWALD has so well seen. For this reason the Djetis 
fauna cannot well be older than is now indicated in my table IV. 
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CHEMISTRY 


APPLICATION OF p-TOLYLSULPHONYLMETHYLNITROSAMIDE 
AND ITS THERMAL BEHAVIOUR 


BY 


TH. J. DE BOER anp H. J. BACKER 


(Communicated at the meeting of September 27, 1952) 


In a previous communication!) we reported the decomposition of 
p-tolylsulphonylmethylnitrosamide with alcoholic potassium hydroxide, 
producing diazomethane; the usefulness of this reaction in the laboratory 
was put forward. 

The distilled ethereal solutions of diazomethane obtained by this 
method always contain alcohol. As the alcohol generally does not interfere 
in diazomethane reactions, these solutions can be used directly for most 
purposes ”). 


a) Alcohol-free solutions of diazomethane 


Sometimes, however, no hydroxy compounds are allowed to be present, 
e.g. in the reaction with acid chlorides and with aldehydes, if the higher 
homologue is desired #). For these cases we modified our usual procedure 
slightly in such a way, that instead of ethanol a high boiling alcohol was 
used. 

For the preparation of small amounts of diazomethane (0.01 mole) 
benzyl alcohol and sodium can be used. 

An essential condition for successful reaction in larger quantities is the 
homogeneity of the medium. For this reason an alcohol miscible with 
water and ether has to be chosen, so that the mixture can dissolve the 
nitrosamide as well as potassium hydroxide. 

Best results were obtained with the monoethylether of diethylene- 
glycol, boiling at 202°C (‘‘carbitol’’). By passing a stream of nitrogen 
through the apparatus during the distillation process, yields of diazo- 
methane amounted to 70 % with 0.1 mole of nitrosamide. 


') These Proceedings 54 B, 191 (1951). 

*) A. ScHénBEeRG and A. Musrara, J. Chem. Soe. 746 (1946) thought to have 
found an example of interference of the aleohol in the methylation of stilboestrol. 
This was shown to be incorrect however by S. M. Gerper and D, Y. CuRTIN, 
J. Am. Chem. Soe. 71, 1499 (1949) and F. WeyGanp and K. D. KirRcHNER, Angew. 
Chem. 64, 203 (1952). 

3) Newer Methods of Prep. Organic Chem., New York, p. 524 (1948). Cf. also 


J. Herzia and J. TICHATSCHEK, Ber. 39, 268, 1557 (1906); H. Bitrz, Ber. 64, 
1146 (1931). 
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b) Gaseous diazomethane 


The way in which diazomethane reacts may depend on the solvent *). 
Ethereal solutions of diazomethane are not suitable in certain circum- 
stances. If the required solvent has a sufficiently low boiling point, the 
ether may be replaced by the new solvent. 

Solutions of diazomethane in relatively high boiling solvents are generally 
prepared from gaseous diazomethane *). This can be obtained from p-tolyl- 
sulphonylmethylnitrosamide by adding a solution in anisole (b.p. 154°) to 
potassium hydroxide in a carbitol-water mixture. By gently heating and 
using a nitrogen stream to “carry” the diazomethane vapours, a yield of 
50— 60 % was obtained. 


c) The “Meerwein procedure” 


The Meerwein procedure °°) consists of adding nitrosomethylurethane 
to a solution of an aldehyde or ketone in absolute alcohol, containing a 
catalytic amount of alkali carbonate. The traces of ethylate ions in the 
solution attack the nitroso compound slowly, forming diazomethane, 
which reacts immediately with the carbonyl compound. 

The advantage of this process is that diazomethane is only formed 
intermediarily and isolation is not necessary. This allows operation in a 
small volume with relatively large quantities, which otherwise would 
require enormous volumes of diazomethane solution. 

According to KoHLER’s experience °) explosion may occur if the addition 
of the nitrosomethylurethane is not regulated carefully. He supposed that 
this is not caused by diazomethane itself, but by unstable intermediary 
products. 

Apamson and KENNER”) tried to replace the toxic nitrosomethyl- 
urethane by nitrosomethylaminoisobutylmethylketone. The decompo- 
sition product mesityloxide, however, consumes itself diazomethane and 
isolation of the final reaction product is difficult. 

It is now interesting to see whether p-tolylsulphonylmethylnitrosamide 
can be used. We know that this reagent is decomposed easily by ethylate 
ions and thus a successful reaction might be expected in the Meerwein 
process. However, the reverse was actually found. It is true that diazo- 
methane is formed on addition of a benzene solution of the nitrosamide 
to absolute methanol or ethanol containing potassium carbonate. 


4) M. NIERENSTEIN, D. P. Wane and J. C. WARR, J. Am. Chem. Soc. 46, 2551 
(1924). R. KunN and H. W. Ruettvs, Ber. 83, 420 (1950); 85, 38 (1952). 

5) H. MeerRweEIrN, German Patent 579309; C. A. 27, 4546 (1933). FRIEDLANDER, 
Fortschr. d. Teerf. 20, 387 (1935). D. W. Apamson and J. Kenner, J. Chem. Soe. 


TSI 39): . 
6) EE, P. KoHLER, M. TisHteR, H. PorrER and H. T. Tuomrson, J. Am. Chem. 


Soc. 61, 1057 (1939). 
7) D. W. ADAMSON and J. Kenner, J. Chem. Soc. 286 (1935). 
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Reaction also occurs if a ketone like cyclohexanone (conversion to 
cycloheptanone) is added previously to the ethanol (actual Meerwein 
reaction). However, the nitrogen evolution proceeds very slowly and stops 
completely, when only one third of the theoretically expected amount of 
nitrogen has been developed. Raise of temperature and addition of extra 
potassium carbonate or nitroso compound have no effect. 

Probably the water formed during the reaction represses the ethylate 
ion concentration. 


K,CO, 


(1) C,H,SO,N(NO)CH, + C,H,OH + (CH,),CO “2: 
C,H,S0,C,H; + H,O + N, + (CH,),COH,O + C,H,O- = C,H,OH + OH- 


This also could be expected in the normal Meerwein reaction, where, 
however, this inhibition is not observed, 

The explanation may be that nitrosomethylurethane is less “dependent” 
on ethylate ions than p-tolylsulphonylmethylnitrosamide. The hydroxyl 
ions (reaction 1) in the former case are still sufficiently reactive, so that 
notwithstanding the small concentration appreciable reaction occurs. 
p-Tolylsulphonylmethylnitrosamide, however, is so less vulnerable towards 
hydroxyl ions, that the reaction practically stops. 

As soon as potassium hydroxide is added. reaction proceeds again 
normally, chiefly by the increased concentration of ethylate ions. The 
theoretical amount of nitrogen is evolved after a relatively short time. 

We may remark here that addition of alkali to nitrosamino compounds 
may be a risky affair, giving sometimes rise to explosions; this danger 
does not exist with the more stable sulphonylnitrosamide. 

We omitted therefore the carbonate and used potassium hydroxide 
exclusively. Moreover the Meerwein process was “reversed”. A 50 % 
alcoholic solution of potassium hydroxide was gradually added to the 
cooled alcoholic solution of the ketone (cyclohexanone), containing the 
nitrosamide, which remained for the greater part undissolved! During 
the reaction it went into solution, where it was decomposed. Nitrogen was 
evolved briskly; the tempo of lye addition could easily be adjusted so 
that the temperature remained between 10 and 20° ©, 

Pure cycloheptanone, isolated by means of the bisulphite compound, 
was obtained in a yield of 40 % at least, which is about the same as in the 
usual Meerwein process. 

The new method, however, has the advantage to demand a much shorter 
reaction time, whereas explosions never occurred. Moreover the non-toxic 
p-tolylsulphonylmethylnitrosamide is much better to handle than the skin 


irritating nitrosomethylurethane, 
d) Thermal behaviour of p-tolylsulphonylmethylnitrosamide 


We have pointed already to the remarkable stability of p-tolylsulphonyl- 
methylnitrosamide. It can be heated to the melting point (62° C) without 


447 
decomposition. At higher temperatures slow decomposition occurs, though 
never becoming explosive. 

A solution of the nitrosamide in toluene, nitrobenzene, anisole or 
decalin, heated to 100— 120°C, evolves a considerable quantity of 
nitrogen, amounting to 85— 95 % of the maximal possible quantity. 

After removal of the solvent an oil remains giving on vacuum distillation 


methyl p-toluenesulphonate. The yield corresponds approximately with the 
nitrogen produced. 


Obviously the following peculiar reaction occurs: 
p-CH,C,H,SO,N(NO)CH, > p-CH,C,H,SO,OCH, + Nz 


As in recent times the thermal decomposition of several nitrogen 
compounds has gained lively interest (radical formation, polymerisation- 
initiation) we decided to investigate the reaction more closely. 

The rate of nitrogen evolution was measured in anisole, nitrobenzene 
and trans-decalin at 94.5° C. On plotting 


against the time ¢, straight lines were obtained, indicating that the reaction 
is of first order. The reaction constant showed little dependence on the 
solvent, k varying from 10 to 14 x 10-3 min at 94.5°C. 

These results resemble to some degree those, which Hry and WaTERS 
obtained with the decomposition of nitrosoacetanilide *). This nitrosamide 
loses nitrogen in solution already at room temperature; the reaction is also 
first order and the rate depends only slightly on the solvent. 

Hutscen 1°) c.s. recently proved that the rate determining step in the 
decomposition reaction is an isomerisation from nitroso to azo compound. 


slow 
(2a) CH,CON(NO)C,H, ~ CH,COO—N=N—C,H; 


The unstable azo compound desintegrates quickly into nitrogen and 
(free) radicals, of which the phenyl radical attacks the aromatic solvent 
C,H,;X with formation of a diphenyl derivative. 


(2b) CH,COON=N—C,H, > CH,COO- + N, + CH" 
C,H, + C,H;X > C,H;C.H.X + H- 


8) v, = final volume of nitrogen after at least 20 hours. 
v, = volume of nitrogen at time ¢. 

9) W. Grieve and D. H. Hey, J. Chem. Soc. 1797 (1934), 689 (1935); EH. C. 
BurrerwortsH and D. H. Hey, J. Chem. Soe. 116 (1938); W. A. WATERS, J. Chem. 
Soc. 113 (1937). Summary in W. A. Waters, The Chemistry of Free Radicals, 
p. 148 (Oxford, 1946). 

10) KR. HUISGEN and co-workers, Ann. d. Ch. 562, 157 (1949); 573, 163, 181 
(1951); 574, 157 (1951). 
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Originally reaction 2b was considered to be rate determining and instead 
of reaction 2a a tautomerism was accepted. 

If analogy holds for the sulphonylnitrosamide the rate-determining step 
becomes: 


(3a) CH,C,H,SO,N(NO)CH, ~ CH,C,H,SO,ON—N—CH, 


In the subsequent reaction the solvent is not attacked, but obviously 
methyl toluenesulphonate is preferably formed. 


(3b) CH,C,H,SO,ON=N—CH, > CH,C,H,SO,0CH, + N, 


Whether this happens via (free) radicals is hard to say. In the case of 
nitrosoacetanilide no phenyl acetate could be detected 1). 

As a secondary reaction, the solvent is nitrosated to some extent, which 
reaction is responsible for the non-quantitative yield of nitrogen and 
methyl p-toluenesulphonate. Decomposition in pyridine at 115° C gives, 
via the methyl ester, rise to formation of methylpyridinium toluene- 
sulphonate (yield of 88 %). 


C;H,N + C,H,SO,CH, > (C;H,NCH,)+(C,H,S80,)- 


/ 
/ 


In benzylaleohol besides the “normal” decomposition (50 % N,) oxi- 
dation to benzaldehyde occurs also. Tolylsulphonylmethylamide is found 
in 40 % yield. 

In n-propanol similar results are obtained, but the yield of methylamide 
is nearly doubled. Experiments with tolylsulphonylnitrosanilide, pre- 
pared by nitrosation of the corresponding anilide with nitrosylchloride, 
showed that its behaviour differs completely from that of the analogous 
methylnitrosamide. Even on keeping in the dark at 0° C the sulphonyl- 
nitrosanilide loses the nitroso group after some days completely. In a 
solvent as ether this happens in a few hours. Heating in benzene at 70° C 
does not produce any nitrogen. Denitrosation prevails in all circumstances 
investigated, 


PHYSICS 


HIGH ENERGY PARTICLES IN THUNDERSTORMS 
BY 


J. CLAY 


(Universiteit van Amsterdam) 


(Communicated at the meeting of October 25, 1952) 


In the first period of research on cosmic rays, the question was some- 
times raised whether thunderstorms could not be held in part accountable 
responsible for them. A common idea was, that one had to reckon with 
“run away electrons” from the thunderstorms fields. In this line of thought 
in our publication of June 28 a.c. the increase of ionization in our recording 
vessels was attributed to a heightened production of electrons [1]. But 
on second thought another and more likely explanation appears to be 
preferable. 

The penetrating particles are mostly mesons of both signs, and they 
need a minimum energy of about 2-10% eVolt to penetrate the atmosphere. 
When a thunderstorm causes an extra electric field, the energy of this 
field can supply an excess energy to the large number present of particles 
of low energy of one sign. This field influences different particles, firstly the 
mesons. As there are 20 °% more mesons of positive charge than of negative, 
a thunderstorm field of positive potential against the earth will increase 
the number of positive mesons and decrease the number of negative 
ones, resulting in 10 % of the total value causing an extra ionization. 
As the influence of the electrons which may accompany the mesons and 
are produced by particles on their way down, is negative, this will partly 
compensate the influence of the mesons. 

On this assumption all the different aspects of the effects found up till 
now are explicable. First of all, that the variation in a shielded chamber 
is at any rate not smaller than that in a shielded one. Likewise under- 
standable is now, that in counters with lead between them the variation 
during a thunderstorm gives a proportionately larger effect than in the 
counters without Pb absorption. In the first case only the influence of 
the variation of the number of mesons had to be reckoned with, in the 
second case this is partly compensated by the variation of the number 
of the soft electronic radiation. 

Furthermore it is no longer strange that in Bandoeng [2] thunder- 
clouds were found to cause not an increase but a decrease. It is also 
accountable that STEINMAURER [3] reported that on the Hafelekar he 
found at a certain moment opposite variations in the hard component 


and the soft one. 
31 Series B 
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It will be interesting te find out what was the electric field that could 
give the change observed in Amsterdam of 6 % in the meson component 
only, on May 3, 1952. 

The integral energy/frequency spectrum of the incident penetrating 
radiation is N = N,E-’, therefor dN/N = —2(dE/E). As N+/N = 1.20, 
only 10% of the total number of the particles is responsible for the 
variation. In order to have a variation of 1 % there must be a variation 
in the energy of 5 %. The variation of the intensity recorded being 6 % 
the energy shift must have been 0.3 E. The energy necessary to penetrate 
the atmosphere is about 2-10%eVolt and therefor the energy variation 
given to a particle must be of the order of 0.6-10% eV. How this extra 
field is produced by the thunderstorm must be left undecided at present, 
but it is evident that a research about the correlation of this field and the 
variation of the ionization observed is very desirable. 

In this connection it is of interest that an increase of the ionization 
was also found on July °52 during the presence of a heavy raincloud 
which was evidently electrically charged without any sign of discharges 
to the earth [4]. 

In connection to the problem of the origin of cosmic radiation it is signi- 
ficant that in the atmosphere of the earth potentials of the order of 
10° eVolt will incidentally develop, so that much higher energies still may 
be expected in the atmoshpere of the sun and the stars. 

As argumented already, the energy necessary for mesons to penetrate 
the shield of the 12 cm Fe vessel is so small compared to that necessary 
to penetrate into the uncovered vessel, that no notable difference will 
be expected during a thunderstorm in the recordings of this vessel and 
the unshielded one. 
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PHYSICS 


ENTROPY AND MOBILITY OF ADSORBED MOLECULES 
I. PROCEDURE; ATOMIC GASES ON CHARCOAL 


BY: 


J. H. p— BOER anp 8S. KRUYER 


(Communicated at the meeting of October 25, 1952) 


1. Models for a unimolecular layer of adsorbed molecules 


In the literature on adsorption two extreme models are used to describe 
the phenomena occurring in unimolecular layers. According to the one, 
adsorbed molecules are bound to definite adsorption sites of the surface; 
a partially covered surface shows a certain number of sites occupied by 
adsorbed molecules, whilst the other sites are empty. The number of 
molecules which can be adsorbed in a completely filled unimolecular 
layer is entirely given by the number of sites, hence by the structure of 
the surface. This conception is usually called “‘site adsorption’”’, “localized 
adsorption” or “‘immobile adsorption’. 

According to the other picture the adsorbed molecules behave as a 
two-dimensional gas, moving freely over the surface. If they do not 
influence each other they may behave as a two-dimensional ideal gas, 
but they may repel or attract each other and condensation phenomena 
to form two-dimensional condensed phases may occur. The number of 
molecules forming a completely filled unimolecular layer is determined 
by the dimensions of the adsorbed molecules themselves. This model is 
called ‘mobile adsorption” or “non-localized adsorption’. 

Depending on the structure of the surface, the properties of the adsorbed 
molecules and the temperature, the real picture may be anything in 
between these two extreme models !). If, in the conception of site ad- 
sorption, the energy barriers between the sites are sufficiently low enabling 
the adsorbed molecules to jump occasionally from one site to another 
a certain mobility over the surface results. If the energy of activation 
(AQ,) for this surface migration is lower than or of the same order of 
magnitude as the thermal energy (k7’), the mobility is very great and the 
system may adequately be described as a two-dimensional gas with a 
somewhat restricted freedom of movement. If the order of magnitude of 
AQ, is about 10 kT or higher, the properties of the system approach 
those of the model of site adsorption. 

Starting from the picture of mobile adsorption and assuming mutual 


1) See e.g. J. H. pe Borr, The Dynamical Character of Adsorption, Chapter VI. 
(The Clarendon Press, Oxford, 1952). 
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attraction between the adsorbed molecules, hence assuming a non-ideal 
two-dimensional gas, the movements of the molecules may also be some- 
what hindered. As soon as two-dimensional condensation sets in there 
will be a serious restriction on the freedom of movement. 

A completely filled or nearly completely filled unimolecular layer 
may be obtained in both models. There is hardly any difference in freedom 
of movement in both models when such a saturation is reached. Theoret- 
ically, the mutual distance of the molecules would be given by the size 
of the sites in the one model and by the size of the molecules in the other, 
but it will often be rather difficult to decide, with certainty, between 
these two ways of packing. Firstly, “‘saturation’’ does not mean that every 
site is occupied; there will be “holes’’, just as, in thermodynamic equilib- 
rium and dependent on temperature, holes are accepted in liquids or 
unoccupied lattice points in crystals ?). The same observation holds for 
a two-dimensional condensed phase. It may, secondly, not be excluded 
that when their movements over the surface are stopped by condensation 
the molecules occupy the places of lowest free energy, these places may be 
the pre-defined sites of the surface. This may be expected to occur when the 
mutual cohesion forces between the molecules are not too strong, when 
the difference between the adsorption energy in the sites and between 
the sites (hence the energy of activation for surface migration, AQ,) is 
not too small and when the dimensions of the sites and of the molecules 
do not differ too much. Taking this into consideration we may expect 
that in certain cases the real picture of adsorption may best be described 
by the model of a two-dimensional gas as long as the number of adsorbed 
molecules is not too large. From a certain degree of occupation onward, 
however, the model of the site adsorption may give the best description. 


2. The use of entropy differences 


Since the difference between the two models may well be expressed 
in terms of mobility of the adsorbed molecules, a study of the entropy 
of these molecules may help us to form a picture of adsorption. Such a 
study has recently been made by Kempatt and RipEau’) and by 
EVERETT *), 

The last author has, in his third article, treated all the experimental 
data which were available in literature and he concluded the model of 
site adsorption to be the most convenient reference system for uni- 
molecular adsorption. This is, as is clear from his articles, a more or less 
formal conclusion and — as Everett himself clearly states — “does not 
necessarily mean that the surface phases considered are physically iden- 
tified with localized monolayers”. His procedure of examining the merits 


*) D. H. Evererr, Trans. Faraday Soc. 46, 942 (1950). 

*) C. Kempart and E. K. Rrpeat, Proc. Roy. Soe. (London) A187, 53 (1946). 
C. Kemsat., ibid. p. 73; A190, 117 (1947). 

‘) D. H. Everert, Trans. Faraday Soc. 46, 453, 942, 957 (1950). 
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of the model of site adsorption is to evaluate the differential entropy of 
adsorption from experimental data and to subtract the localization 
entropy of this model. The resulting entropy differences, which he calls 
the “excess partial molar entropies of adsorption” are linearly related 
to the differential heats of adsorption, which leads EvEREtT to the above- 
mentioned conclusion. A similar treatment, namely, of the model of 
non-localized adsorption does not lead to such a linear relationship. 
KEMBALL, using a different approach, comes to the conclusion, that 
many gases when adsorbed on various adsorbents behave as a two- 
dimensional gas ©). We may mention CO and H, on silver at low tempera- 
tures (90° K), A, O, and N, on potassium chloride at about 80° K, CCl, on 
silicagel at room temperature, C,H, or C;H, on chabazite at about 150° 
to 160° C. KemMBALL’s procedure is to evaluate the entropy of adsorption 
from experimental data, hence the difference between the entropies of 
the gas and the adsorbed state and to calculate the entropy of the adsorbed 
molecules from it, using the known entropy of the gas at a chosen standard 
pressure. By comparing then this experimental figure for the entropy 
with the theoretical entropy of either the model of site adsorption or of 
that of mobile adsorption, the above mentioned conclusion is drawn. 


3. Outline of procedure 

The apparent difference between the conclusions of KEMBALL and of 
EVERETT made us decide to investigate the significance of the entropy 
relations more closely. We have started by submitting more experimental 
data to the procedure described by KemMBALL, including the data used by 
Everett. In the present article we shall communicate the results which 
we obtained with atomic gases (A, He and Hg), physically adsorbed 
on charcoal. Our results with other gases and other adsorbents will be 
published in subsequent articles of this series. 

Transferring molecules from a gas to the adsorbed state always means 
a loss of entropy. If, in the model of immobile adsorption, the molecules 
are bound so firmly to their sites that the vibrations, which they make 
either perpendicular to the surface or parallel to it, do not contribute 
to entropy, and if we assume that they fully retain their internal vibrations 
and rotations, the difference in entropy between the gaseous and the 
adsorbed states will only be given by the difference between the trans- 
lation entropy of the gas (,Si) and the localization entropy of the ad- 
sorbed layer (ato). The change in entropy, therefore, is 


(1) hi = tr = Be toe: 

We shall refer to this model as the “entropically ideal site adsorption”. 
This model is not identical with the ideal localized layer of Evererr, 
where there is room for entropy contributions of vibrations of the ad- 
sorbed molecules with respect to the surface. 


5) (C, KemBaui, Advances in Catalysis II, 233, (Academic Press, New York, 1950). 
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If, in the model of mobile adsorption, the original translation entropy 
of the gas (,Sir) is substituted by the translation entropy of an ideal 
two-dimensional gas (Si), whilst all internal vibrations and rotations 
remain unchanged and the vibration of the adsorbed molecules perpen- 
dicular to the surface does not contribute to the entropy, we have 
(2) —AS = S,— Wy 
We shall refer to this model as the ‘‘entropically ideal mobile adsorption”’. 

We shall compare the experimental entropy of adsorption with the 
theoretical —AS, calculated from these two models. In order to do this, 
both experimental and theoretical figures have to be calculated for the 
same standard conditions of the gas as well as of the adsorbed state. The 
data of entropy, as derived from experimental adsorption isotherms, 
represent differences in differential molar entropies. The theoretical 
figures, therefore, should be also differential molar entropies. 


4. The standard states 


For the standard state of the gas we shall choose the pressure p® = 1 
atmosphere, as is the usual practice. The translation entropy of an ideal 
gas at this pressure is given by 
(3) oS = Bln (M*? T5) — 2.30 
where M is the molecular weight and the index ° indicates the standard 
state. S is expressed in cal/degree. mole to which we shall refer as entropy 


units (e.u.). This expression gives also the differential molar entropy at 
one atmosphere pressure. 


In the model of site adsorption, the differential molar entropy (aStoc) 
is obtained from the entropy of a system of m molecules distributed 
over 7 sites: 

—k [nln n/ng + (% — 2) In (nr — n)/n9] 
by differentiation with respect to n and multiplication by N, Avogadro’s 
number: 
6 
(4) awe = —Rin = 


where 6 = n/n, the degree of occupation °), 
This expression is zero for 6 = 4, and it is convenient to choose the 
state where 0 = 4 as the standard state for this model, hence 


(5) 25°, = 0. 


*) See D. H. Evererr, Trans. Faraday Soc. 46, 942 (1950). Kempaun (see e.g. 
Advances in Catalysis II, 233 (1950)), unfortunately, uses the molar entropy instead 
of the differential molar entropy. His expression 


S = R [alnx — (x — 1) In (x — 1)] 
where « = 1/8, assumes a minimum value at @ — =, Viz. 
S3.,=2Ring. 
As KemBAtt also uses the standard 6 = } for the model of site adsorption, his 
figures should be corrected by this amount. 
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In the case of the two-dimensional gas in the model of mobile adsorption, 
the differential molar entropy is equal to the molar entropy itself, just 
as with ideal three-dimensional gases. It is convenient to use a standard 
which is similar to the standard of the normal three-dimensional gases. 
KEMBALL and RipEat “) defined a standard state by dividing the standard 
volume of the three-dimensional gas, hence at one atmosphere pressure, 
by an arbitrarily chosen thickness of the adsorbed film of 6 A. The 
resulting area A® per molecule is 22.537 x 10-% cm?. Applying the 
ideal gas law for two-dimensional gases 


(6) FA=RT 


where F is the two-dimensional pressure in dynes/em, A the area per 
molecule in cm”, k the Boltzmann constant (1.38 x 107-16 erg/degree) 
and 7’ the absolute temperature, one obtains F° = 0.061 dynes/cm for 
an ideal two-dimensional gas at all temperatures. 

Although the choice of the standard does not influence the results in 
any way, we shall use a still more convenient standard state for this model. 
Adhering to a standard two-dimensional pressure, which is the same at 
all temperatures, we define our standard in such a way that the average 
distance of the molecules at 0° C is the same as in the three-dimensional 
standard of the same temperature. The average distance of the molecules 
at 0° C is 

ee ( 22415 


1/3 
a cm = 33.09 = 107° em 


and, consequently, the standard two-dimensional pressure: 


kX 273.15 


‘o-— 
‘dine (33.39 x 10-8)? 


= 0.338 dynes/cm 


The standard molecular area is 


_ 


(8) vA a = 4,087 x 105% emz2, 


The partition function of the translation of this two-dimensional standard 


(9) _ _—— ae 


where m is the mass of a molecule, f# is Planck’s constant and J is 
Avogadro’s number, may easily be expressed in the partition function 
of the translation of the normal three-dimensional standard: 


QamkT 3/2 
(10) fs = ie Sa aS 


where V° is the volume of a mole. We obtain 


fa= (ie)? x (aes) 


7) ©. Kempatt and E. K. Ripexat, loc. cit. °). 
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The relation between the entropy and the partition function: 
j dinf 
(11) S=R[mh+7T SH 


enables us to express the translation entropy of our two-dimensional 
standard in the translation entropy of the three-dimensional standard 
as given by equation (3). We arrive at: 


2 9 P 
(12) fee a a ae + +R [ In saa + 1] 
or 
(13) aS = & Sp + 1.52 log T — 3.04. 


5. Hvaluation of heat of adsorption and adsorption entropy from 
experimental data 
From two adsorption isotherms at temperatures 7’, and 7’, corresponding 
figures of equilibrium pressures p, and pp, relating to the same amount of 
adsorbed molecules are selected. The difference in free enthalpy between 
the three-dimensional gas standard at temperature 7’, and the adsorbed 
molecules in equilibrium with p, is given by 


AG, = —RT,In®™ 
P1 


where p® is the standard pressure (760 mm of mercury). Similarly AG, 
for the same amount of adsorbed molecules is obtained from T, and p,. As 


AG, = AH —T,AS 
and AG, = AH —T,AS 


where AH is the differential heat of adsorption and AS the differential 
adsorption entropy, both 4H and AS can be calculated. 

From the figures for AS of the various amounts of adsorbed molecules 
we shall calculate AS°, representing the difference in differential molar 
entropy between the three-dimensional gas in its standard state and the 
adsorbed standard state. The standard states of our two models not being 
the same, we have to calculate AS?, relating to the model of site adsorption 
(immobile adsorption) as well as AS®, relating to the model of mobile 
adsorption, when we treat the adsorbed layer as an ideal two-dimensional 
gas. The two equations for making these calculations are: 


(14) - AS} = -AS-Rin * 
and 
(15) - 48%, = -AS—Rin®. 


Apart from the amount of adsorbed molecules (n) we need to know 
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which the maximum amount which can be adsorbed (m») will be; this 
gives us 6 = n/n. In order to evaluate A, the area per molecule, we need 
to know how large the surface area of the adsorbent is. It is, for our pur- 
pose, sufficient to evaluate the maximum amount which can be adsorbed 
in a unimolecular layer, from either the equation of the Langmuir-isotherm, 
if the measurements are sufficiently close to saturation, or with the 
Brunauer, Emmett and Teller technique and to evaluate the surface 
area of the adsorbent with the surface areas of the adsorbed molecules, 
as given by LivrnesTon 8). 

The figures for — AS? and — AS}, obtained in this way will then be 
compared with theoretical figures for the two models. If the experimental 
system behaves as the model of entropically ideal site adsorption, —AS? 
calculated from the —AS-figures of various amounts of adsorbed molecules 
should be independent of this amount and its value should equal the 
total loss of all translation entropy, because aS%o = 0; hence we should 


expect 
Aso 


If the system behaves as the model of entropically ideal mobile adsorption 
—AS%, should be independent of the amount of adsorbed molecules 
and its value should be equal to 

ra AS), — aye 1 ee 


In order to make both comparisons ,S%, and 2S}, will be calculated 
for the temperature 


using equations (3) and (13) respectively. 


6. The adsorption of argon on charcoal 

The adsorption of argon on charcoal has been measured by Miss 
Homrray ®) in 1910. The isotherm of 145° K, plotted in the usual way 
when applying the Langmuir isotherm equation, viz. p/v as a function 
of p (p is the pressure, v the volume of argon gas which is adsorbed) 
gives a straight line, the slope of which leads to the maximum volume 
Umax = 252 em? which may be adsorbed in a unimolecular layer. The 
experimental points of this isotherm, however, give too large deviations 
from the line to justify their use in our further calculations. The low 
pressure part of the isotherm of 194.7° K leads to Umaz = 246 em’, the 
experimental points at higher pressures deviate from the straight Langmuir 
line. We take Umar = 250 cm3, which with a surface area of 15 A? for an 
argon molecule leads to a surface area of 1000 m2? for the adsorbent (3 gram), 


hence 333 m?/g. 


8) H. K. Livrnesron, J. Colloid Sci. 4, 447 (1949). 
9) J. F. Homrray, Z. physik. Chem. 74, 38 (1910). 
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From the isotherms of 194.7° K and 236° K (average temp: 215° K) 
—AH, —AS? and —AS®, have been calculated for various degrees of 
occupation, 6. The same procedure is followed with the isotherms of 
194.7°K and 273°K (average temp: 234° K). The data are given in 
table I. 


TABLE I. 


Argon on charcoal; data from I. F. Homrray 


ah v 6 — AH —AS? | St — AS®, | S?.—sSt 
seal 5 © em®argon keal/mol e.u. e.U. @.U. e.u. 
adsorbed | 
215 40 | 0.16 3.46 | 16.7 35.36 | 88 | 11.28 
50 0.20 3.50 | 16.8 9.2 
60 0.24 3.47 16.8 9.2 
65 0.26 3.46 16.9 9.2 
234 5 0.02 3.30 15.7 35.77 if 11.51 
10 0.04 | 3.51 16.5 8.4 
20 0.08 3.48 16.5 8.4 
30 0.12 3.57 17.3 9.1 


We see that —AH, the differential heat of adsorption, is practically 
independent of 6 and that also —AS?, and —AS%, are practically constant. 
The value of —AS?, however, is less than half of that of ,S%,. The 
system, therefore, does not behave as an entropically ideal site adsorption 
model; if there were site adsorption in this case, a large amount of vibration 
entropy would have to be ascribed to the adsorbed molecules. The value 
of —AS?,, on the other hand, is only slightly lower than (,S?, — aS?,), 
which means that the behaviour of the adsorbed molecules may be better 
described by the model of entropically ideal mobile adsorption. The 
loss of entropy, when the molecules are transferred from the free gaseous 
state to the adsorbed state, is even less than for that model, which means 
that the vibration of the adsorbed molecule with respect to the surface 
of the adsorbent as a whole, still gives a small contribution towards 
entropy. KemMBALL °) introduced the name of ‘‘super-mobile’’ adsorption 
for those cases, where the adsorption is so weak that the entropy asso- 
ciated with the vibration replacing the translational motion perpendicular 
to the surface is not negligible. The entropy associated with a vibration 
of frequency y is: 


(16) S vive =f Fe (err — hat —In (1 = ein) | : 


Argon on charcoal at 215° K has, according to table I, roughly 2 entropy 
units (11.3 —9.1) more than corresponding with the entropically ideal 
mobile model, which means that hy/k7’ would be roughly unity and 
y= 4.5 x 10! sec—, 


459 


BRUNAUER and EmMerr!), in 1937, published some isotherms of 
the adsorption of argon on charcoal at lower temperatures. Applying 
the Langmuir isotherm equation gives Umar = 215 cm? which leads to a 
specific surface area of 870 m?/g. Unfortunately, only a few points of 
higher degrees of occupation can be taken from their curves to give data 
of a sufficient degree of accuracy for our calculations. The data are given 
in table II. 


AWA I DD) TE. 
Argon on charcoal; data from 8. Brunaver and P. H. Emmerr 
PN eS Hae | ast | 452 4%, | (69 =, 82. 
ake F| | keal/mol | e.u. e.u. e.u. e.u. 
mes : l 
83.7 | 0.85 | 1.98 | 16.3 | 30.68 13.8 10.35 
0.93 1.85 14.5 aan 


The differential heat of adsorption is appreciably lower than the value 
calculated from the data of Miss Homrray. The value of —AS? is again 
far lower than ,S?,, whilst —AS?, is more in the neighbourhood of 
(gSi; — aSi-). The best description of the adsorption in this case is again 
given by the model of the entropically ideal mobile adsorption. The loss 
in entropy, however, associated with the act of adsorption is larger than 
for this model, which means that, at this low temperature and with 
these high degrees of occupation, there is a certain restriction of the 
free movement of the molecules over the surface. The adsorbed argon 
may still be described as a two-dimensional gas be it a two-dimensional 
gas of high density and restricted movement. 


7. The adsorption of argon on graphite 


The adsorption of argon on graphite may be compared with the 
adsorption of argon on charcoal. BARRER |) published in 1937 measure- 
ments at temperatures between 89° K and 131.2°K. He investigated 
the adsorption of hydrogen on the same graphite and gives the maximum 
amount of hydrogen which can be adsorbed in a unimolecular layer, 
Umax = 450 em3/22 g. This leads to a specific area of 45 m?/g of his graphite, 
which is a rather high value for graphite, but, anyhow, low in comparison 
with the values of specific areas of charcoal. The degrees of occupation 
in table III are calculated, with the aid of this value, from the amounts 
which are adsorbed and the specific area of argon. 

The differential heat of adsorption (4H) shows a tendency to decrease 
with increasing degree of occupation (9). —AS? as well as —ASm, are 
practically constant, but it is again — AS’, which is close enough to 
(,S?, — aSt,) to justify the classification of this adsorption as a mobile 


10) §, BrunaveR and P. H. Emmett, J. Am. Chem. Soc. 59, 2682 (1937). 
11) R. M. Barrer, Proc. Roy Soe (London) A161, 476 (1937). 
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adsorption with a slight degree of restriction of the movements of the 


molecules. 
Jura and Crrppie }2) published measurements of adsorption of argon 


on graphite at rather low temperatures. The specific area of their graphite 


TABLE III. 


Argon on graphite; data from R. M. BARRER 


LE 6 = gat <9 AS? Pin Ak ptr — aS tr 
ES | keal/mol 8.U. | e.u eu e.u. 
101.4 0.17 2.80 18.3 31.63 12.0 10.53 
0.21 2.77 18.2 | 12.2 
0.26 2.72 18.2 | 12.2 
0.33 2.66 18.6 12.9 
122.5 0.06 | 2.66 19.0 32.59 | 12.2 10.75 
0.10 2.50 18.4 | 11.6 
0.12 2.50 18.6 | 118 
0.16 2.49 ise 4 | 12.2 | 


is 3.22 m?/g as determined by the adsorption of nitrogen (the method 
of BRuNAUER, EmMeErr and TELLER) The results of our calculations 
are given in table IV. 


TABLE IV. 


Argon on graphite; data from G. JurRA and D. CrmpDLE 


— AH 


T 6 =F As? ote 9 AS, Str — ae 
SASS keal/mol 6.u. e.u. e.u. ek 
64.48 0.053 2.72 18.5 29.38 13.1 10.08 
0.107 2.48 15.9 10.5 
0.133 1.74 4.8 —0.5 
0.187 1.64 3.2 —1.9 
0.240 2.14 10.8 5.8 
0.267 2.35 13.7 8.8 

66.33 0.053 2.57 15.8 29.52 10.3 10.12 
0.107 2.83 21.5 16.1 
0.133 2.65 20.2 13.9 
0.267 3.06 24.5 19.5 
0.400 3.24 26.4 21.8 
0.534 3.30 26.8 22.6 
0.667 3.33 26.2 22.8 


The data obtained from the isotherms at 63.80° K and 65.16° K 


(average temp. 64.48° K) are such that we feel not justified to attach 
any significance to them. The isotherms of 65.16° K and 67.51° K (average 
temp. 66.33° K), however, give consistent data, comparable with those 
of table IIT. The differential heats of adsorption, associated with the lower 


™) G. Jura and D. Crippte, J. Phys. & Colloid Chem. 55, 163 (1951). 
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degrees of occupation, are practically the same es those found by Barrer. 
The entropy data associated with the lower degrees of occupation suggest 
a behaviour as a two-dimensional gas with some restriction of the freedom 
of translational movement. At higher degrees of occupation, however, 
the differential heat of adsorption increases and so does the adsorption 
entropy. From 6 = 0.4 onwards —AS} indicates that nearly all trans- 
lational movement is lost when the molecules are transferred from the 
gaseous to the adsorbed state. This behaviour suggests that a two- 
dimensional condensation takes place. A similar behaviour was found 
by Kempaty °) when calculating entropy data of the adsorption of argon 
on KCl at 79° K from the data of Orr, where a two-dimensional conden- 
sation takes place in the neighbourhood of 6 = 0.8. 


8. The adsorption of helium and of mercury on charcoal 


Two adsorption isotherms of He on charcoal at 19.08° K and 20.38° K, 
published by van ITTERBEEK and vAN DINGENEN 1%) have been used to 
calculate entropy data at the average temperature 19.73° K. The specific 
surface area of the charcoal which they used, deduced from adsorption 
of hydrogen and deuterium on the same charcoal, is 1200 m?/g. The specific 
area of a helium atom is calculated from the normal van der Waals b 
value 14) to be 11.3 A?. The data are given in table V; they suggest that 
the freedom of movement of the adsorbed molecules is such that the 
picture falls between the two extreme models. 


TABLE Y. 
Helium on charcoal; data from A. v. ITTERBEEK and 
W. v. DINGENEN 


- 6 | — 4H e AS? ao), an ASin ira 
°K | keal/mol CO: CULL. 6.U. é€.u. 
19.37 0.22 0.42 13.8 16.69 10.3 6.63 
0.35 0.39 14.0 10.9 
0.43 | 0.37 14.3 1s) 
O50 e023 14.4 Hot 


The adsorption may either be described as a mobile one with a rather 
severe restriction of the translational movement of the molecules, or 
by the model of site adsorption when a sufficient freedom of (vibrational) 
movement is attached to the adsorbed atoms. The behaviour will pro- 
bably be one of “hopping molecules” !’) when the adsorbed atoms are 
bound to adsorption sites for a certain short time, vibrating in three 
directions, and jumping to another site after an average time of sojourn. 

The only other atomic gas of which adsorption data on chacoal are 


> 


13) A, vAN ITTERBEEK and W. VAN DINGENEN, Physica 5, 529 (1938). 

14) See J. H. pE Borr, The Dynamical Character of Adsorption, Chapter \waut 
(The Clarendon Press, Oxford, 1952). 

15) loc. cit. 14), Chapter VI. 
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published is mercury, measured by A. 8. CoorrpGx '*) in 1927. He found 
two practically linear isotherms at 306°C and 480° C; the heat of ad- 
sorption, independent of the degree of occupation is 9.3 kcal/mol. If we 
estimate the specific area of Coolidge’s charcoal to have been 1000 m?*/g, 
—AS°, may be calculated to be —12.0 e.u. at a temperature of 666° K 
(A = 2700 x 10-4 6m?*). St at that temperature is 45.79 e.u., whilst 
(,Str — aStr) = 14.01 e.u. We may, therefore, conclude that in trans- 
ferring mercury atoms from the gaseous phase to the adsorbed phase on 
charcoal at 666° K and at low degrees of occupation (9 = 0.001° to 
@ = 0.008) the entropy decreases somewhat less than corresponding with 
one degree of translational freedom. We have to do with another example 
of ‘‘super-mobile” adsorption. 


9. Some observations 

Apart from the conclusions drawn in the previous sections, there are 
a few observations to be made. It seems as if argon does not give rise to 
two-dimensional condensation when adsorbed on charcoal at 83.7° K, 
whilst it does on graphite at 66.33° K. The two-dimensional critical 
temperature of argon should be in the neighbourhood of half the normal 
three-dimensional critical temperature !”), hence at about } « 150.7° K = 
= 75.3° K. As already stated above argon seems to give two-dimensional 
condensation at 79° K when adsorbed on KCl, which means that its two- 
dimensional critical temperature lies somewhat higher than 79° K or that 
the adsorbed argon atoms are polarized by the ions of the adsorbent 
in such a way that the induced dipoles alternate and lead to increased 
mutual attraction forces. There is also a polarization when they are 
adsorbed on charcoal !’), which we shall discuss in subsequent articles of 
this series. This polarization, however, induces dipoles which are all 
parallel and in the same direction leading to a decrease of the mutual 
attraction forces. We may, consequently, expect the two-dimensional 
critical temperature of argon, when adsorbed on charcoal, to be lower 
than 75° K, 

Such a polarization may lead to a decrease of the differential heat of 
adsorption with increasing degree of occupation, a tendency shown by 
argon in the various tables, except in table I where the adsorption is 
still “‘super-mobile”” and except in table IV where two-dimensional 
condensation sets in. The same tendency is also shown by helium in table V. 


Summary 

1. Two extreme models of adsorption, as used in the literature, are 
discussed and it is shown how the estimation of the adsorption entropy 
may help to make a choice between them in practical cases. 


%*) A. 8. CootipGr, Journ. Am. Chem. Soc. 49, 1949 (1927). 
17) loc, cit. 4), Chapter VII. 
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2. The procedure, using adequately chosen standard states for the 
ideal models is explained and applied to the adsorption of argon, helium 
and mercury on charcoal (and graphite.) 

3. The adsorption of argon on charcoal at a temperature above 200° K 
may be described as a “super-mobile”’ adsorption (KEMBALL) which means 
that in transferring the atoms from the gas to the adsorbed state two 
degrees of translational freedom are retained whilst the third is sub- 
stituted by a vibration perpendicular to the surface, having such a frequen- 
cy (vy > 10-™ sec) that it still contributes towards entropy. 

4. At temperatures between 80° K and 125° K the adsorption of 
argon may still be described as that of a two-dimensional gas. The move- 
ments of the adsorbed atoms are slightly restricted. 

5. At temperatures lower than 70° K adsorbed argon on graphite 
condenses two-dimensionally when the degree of occupation increases 
to about 0.4. 

6. The adsorption of helium on charcoal at 19.37° K may be described 
with a model of “hopping molecules’’. 

7. The adsorption of mercury atoms on charcoal at 666° K is another 
example of “‘super-mobile’’ adsorption. 


GEOLOGY 


CLASSIFICATION AND ORIGIN OF SUBMARINE CANYONS 
BY 


PH. H. KUENEN 


(Communicated at the meeting of September 27, 1952) 


In the past submarine canyons have generally been lumped together 
and an explanation sought which would fit all of them equally well. It is 
here suggested that submarine canyons are almost as diversified in origin 
as valleys on land. Some are merely drowned land valleys, the majority 
are entirely the result of turbidity currents during the Ice Age. There 
probably also exist a few valleys due mainly to submarine land sliding or 
to tectonic activity. Besides, submerged land valleys smothered by 
marine sedimentation have later been re-excavated by turbidity currents 
in recent times. Then, turbidity currents may have been active in a minor 
degree at other times than during glacial low sea levels. Each of these 
processes has been advocated as the sole or dominant factor in producing 
all submarine canyons. 

Failure in the past, also by the present author, to recognize that each 
mechanism has produced its own canyons and that there is no general 
solution to the problem of submarine canyons, is due principally to the 
numerous transitional types in which two or more of the processes men- 
tioned have been active. Submerged land valleys have been modified by 
submarine processes (sedimentation, marine planation, turbidity currents). 
Stream erosion has acted above glacial sea level in some canyons and 
turbidity currents have eroded some canyon heads in post-glacial times. 
Perhaps the most important form of composite origin is the local outcrop 
of ancient smothered topography in the walls of canyons cut by turbidity 
currents. 

In the present paper an attempt will be made to establish the pure types 
first and then to tackle the more controversial problem of the transitional 
types. In a forthcoming paper the author hopes to treat the same problems 
at greater length. 


Submarine ravines. The best example of drowned land valleys occurs 
off the west coast of Corsica (Fig. 1). It is here proposed to call them sub- 
marine ravines. The deeply dissected land is continued smoothly below 
sea level to depths of about 800 meters. Moderate cliffing, river erosion and 
deltaic sedimentation since the subsidence have achieved but minor 
alterations. 

Most canyons around oceanic islands belong to the same class. The 
canyons along the French Riviéra are of the same nature, except for 
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marine planation increasing towards the west. The Tokyo canyon originated 
in the same way. Hence, submarine ravines are formed by the drowning 
process long advocated by SHEPARD and Bourcart as the main cause of 
all submarine canyons. 


DEPTH CONTOURS IN METERS 


° s “ 20 


SCALE IN STATUTE MILES 


Fig. 1. Submarine ravines on the west coast of Corsica entering embayments and 
secondary indentations of the coast line. (Redrawn after SHEPARD, 1948, fig. 79, p. 226) 


The New England canyons. The type examples of canyons cut by 
turbidity currents according to Daty’s theory are those off the east coast 
of the United States. The direction is controlled by the present shape of 
the continental terrace (Fig. 2). On the slope they run straight down the 
dip, even being deflected by major bulges of the contours. Inside the break 
in slope, where the controlling influence of the dip is absent, they tend to 
bend sideways. 

32 Series B 
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Recent investigations hy M. Ewine and co-workers (ERICSON, et al., 
1952) have amplified Srrrson’s finding of moderately consolidated rock of 
Cretaceous to Pliocene age in the walls. The walls and floor are covered by 
sediment deposited towards the end of the last ice age and since. STETSON 
and Ewrne thus prove that the erosion was particularly active during 
the Pleistocene. This constitution of the terrace is in accordance with the 


CANYON 


WASHING TON 


Fig. 2. Generalized contours of the New England continental terrace showing the 
principal canyons 


results of seismic investigation and drilling. Ewrna’s group has also 
confirmed the writer’s prediction of a low angle deltaic fan at the lower 
end of the Hudson Canyon built up of graded sands. These sands contain 
shelf material, reworked Tertiary sediment and shallow benthonic orga- 
nisms. Ewrne also showed that gravel and slide material occur far out 
along this canyon, but not on the adjoining slope. Hence, powerful currents 
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have swept down through the canyon carrying a vast amount of sediment 
in suspension and possibly also by traction. 

H&EZEN and Ewine (1952) have found that the Grand Banks Earthquake 
of 1929 resulted in a gigantic turbidity current, which ran down the 
continental slope at velocities of 100 km per hour, gradually slowing down 
to 20 km per hour some 500 km from the origin far out on the almost 
horizontal deep-sea floor. Presumably the current passed a long way 
further out in the wide ocean. They present strong evidence that turbidity 
flow carries fine sediment to the wide oceanic basins and levels off the 
floors (see also KUENEN, 1952). Finally they have found that the activity 
of turbidity currents has been reduced since the post glacial rise of sea level. 


Fig. 3. Blockdiagram of the two principal types of submarine canyons. 
A, the Corsican submarine ravines. B, the New England type. 


SHEPARD’s main argument against erosive power of turbidity currents 
is the failure of underflow in Swiss lakes to cut deep channels on delta 
fronts. Only non-deposition in a gully with raised levees is indicated by 
the charts. However, this argument is not valid because conditions in lakes 
are unfavourable to erosion in spite of the unconsolidated nature of the 
bottom. The river continually seeks a new outlet and does not allow the 
sublacustrine channels to develop fully. The sediment contains a higher 
proportion of coarse materials than what was available on the New Eng- 
land shelf during the Ice Age. A relatively large proportion of the sediment 
is wafted out in the lake along the surface and concomitant with underflow 


468 


10 20 30 40 km 


° 


MARSEILLE 


E 
A 
! 
1 ° 
a Ns ge 
He ae ( ; =p S 
Vie SS 210 


=z 

<O 2 X 
E V = 
a 


Fig. 4. The submarine ravines between Marseille and Cannes, contrasting with 
the submarine canyons west of Marseille. According to a chart by Bourcart. 
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activity a blanketing cover of sediment is deposited over the entire delta 
front. In this respect the continental terrace forms a marked contrast, 
because sedimentation during and after the Pleistocene has been in- 
significant. Finally the discharge of the river, when it occasionally plunges 
below the surface, is small compared to the amount of turbid water which 
was availabe on the shelf during glacial storms. Hence the scale and 
velocity of underflow in lakes is small. 

For these reasons the distinct delta channels may be considered evidence 
for the important transporting activity of turbidity flow even under rather 
unfavourable conditions. 

SHEPARD has suggested that submarine canyons were cut by rivers and 
drowned some time in the geological past. The shelf was later built up 
while slumping and turbidity currents kept the old valleys open. The 
transported sediment was deposited beyond the end of the drowned river 
valley with a non-depositional trench forming the lower end of the present 
submarine canyon.This process cannot apply to the New England canyons 
for two reasons. 

Firstly the walls of the canyon heads have nearly straight slopes from a 
short distance below the level of the shelf (Fig. 7). There is no indication 
of contrast between the river-cut, lower parts and the upper parts formed 
by depositional growth. 

Secondly up-building since the canyons were cut could not have raised 
the level and built out the shelf by exactly the same amounts on both 
sides of all canyons. Where the supply of sediment was directed obliquely 
to the axis of the canyon head the part of the shelf on the opposite side 
would have been cut off from this supply. 

The evidence against river action and in favour of erosion by turbidity 
currents, almost exclusively during the Ice Age, is overwhelming. Hence 
Daty’s theory is fully confirmed. 

Bourcart’s chart shows a remarkable and abrupt change in the charac- 
ter of the canyons west of Marseille (Fig. 4). The gradient decreases, the 
topography becomes smooth and the canyons are more widely spaced. This 
change happens where the shelf suddenly broadens beyond the Maritime 
Alps. Hence it may be concluded that this western group is of the same 
nature as the New England canyons. BouRcART’s sampling results can be 
interpreted as showing one period of cutting in the Pleistocene, if the thick 
Upper Pliocene conglomerate is not a channel fill but a normal strati- 
graphic unit everywhere underlying the Lower Quaternary of the terrace. 


The Californian Canyons. A vast amount of information on the canyons 
off California has been gathered, principally by SHEPARD, and geologists 
owe him a great debt of gratitude for all this arduous fieldwork and his 
stimulating papers. Although a somewhat different mode of origin is here 
proposed as a working hypothesis, it is only a small modification of 
SHEPARD’s views. Instead of postulating drowned canyons kept open by 
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submarine processes the author follows an old suggestion of DAty’s with 
slight change of emphasis as to details. He imagines that an ancient land 
of high relief was drowned and almost completely smothered by sediment. 
Marine planation helped to construct the continental terrace. During the 
Ice Age turbidity currents became active and cut canyons in the poorly 
consolidated, newly deposited cover, in the same manner as off the east 
coast. Here and there old canyons were exhumed (Carmel, Scripps). The 
currents in other submarine canyons cleaned out parts of buried valleys 
where these conformed to the requirement of running down the con- 
tinental slope, leaving less favourably oriented stretches unopened. Then, 
again, some canyons developed in the fill of larger basins, but encountered 
portions of the old mountain slopes. Unable to cut these, the currents 
merely laid them bare. This may apply to Monterey Canyon, which has 
granite overlain by sedimentary rock on one wall opposite a wall which 
has yielded only mud or soft sedimentary rock, or to Dume Canyon with 
basalt on the east side and mud with calearious shale on the west. 


NEWPORT MONTEREY CARMEL BURIED 


Fig. 5. Diagram illustrating possible constitution of different submarine canyons 
off California. 


If this picture is correct there should remain many canyons and other 
old valleys buried below young rock in the Californian continental terrace 
(Fig. 5). 

The difference between the explanation set forth above and SHEPARD’S 
version may appear insignificant, but the former eliminates some serious 
obstacles encountered by the latter. There are a number of characteristics 
which show that the ancient land topography became smothered and that 
the canyons are not old persistent furrows in the sea floor, but newly 
developed features. Little indication of a deeply dissected land surface has 
remained on the submarine ridges of the off-shore border land. The close 
spacing in some areas adjoining long stretches of coast line with no canyons, 
against the wide spacing elsewhere is very different to the persistently 
close spacing on a deeply dissected land slope. This indicates that sedi- 
mentation has succeeded in smothering the drowned topography 
effectively. 

Canyons tend to occur in locations favourable for the generation of 
turbidity currents during glacial low sea levels (heading at the break in 
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slope of the continental terrace, off river mouths, to windward of head- 
lands, KUENEN 1950, CROWELL 1952). It might be argued from SHEPARD’s 
point of view that only the drowned valleys which were favourably situated 
were kept open. But this would at least indicate that turbidity flow and 
not sliding has been the dominant process involved. 

SHEPARD’s hypothesis does not account for the failure of the canyons 
to pass inside the coast line, although a dozen head at the beach. There is 
no reason why ancient valleys should have been restricted in length by 
the much younger present shore line. Had they passed further inland the 
slumping process invoked by SHEPARD should have been able to keep the 
portion indenting the coast line open. 


_——— ed 
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Fig. 6. Generalized contours off Point Arguello, California, showing dependence of 
canyon direction on present shape of continental slope. 


Then the canyon direction is controlled by the dip of the present con- 
tinental slope (Parallel on straight slopes, convergence in hollows, Fig. 5). 
There are only very few marked exceptions, such as Carmel and Partington 
Canyons. 

Bends in submarine canyons are widely rounded because turbidity 
currents cannot follow sharp turnings nearly as easily as land streams can. 

Compound river-submarine canyon profiles show an extremely pro- 
nounced break on weak sediment at the shore line (WoopFOoRD 1952). 

Crowety found that Redondo and Newport Canyons have extended 
their heads landward since the post-glacial rise of sea level. 

Broad flat-bottomed valleys should be expected among those drowned. 
long ago. Tectonic disturbance of valleys during and after subsidence 
would have caused reversal of the outward grading of some valleys, this 
resulting in sediment-filled basins with flat floors by the action of SHEPARD’S 
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slides. But flat floors of any extent are extremely rare. This argument 
is perhaps controversial, but available data do appear to favour the 


turbidity current mechanism. 
In general it can be stated that the similarity between the Californian 


and New England types as to size, cross section (Fig. 7), and general 
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Fig. 7. Sections of submarine canyons, New Hngland :B = Baltimore, G = Gilbert, 
Hl = Hodson, L, = Lydonia, W = Wilmington. California: E = Eel, J = La Jolla, 
M = Monterey, S = Scripps, C = Congo. Note that among the Californian canyons 
only the shallow part of Scripps falls outside the range of the New England type. 
The undissected slope north of the Hudson Canyon is shown, the point of inter- 
section with the canyon profile is marked with an arrow. Note the difference between 
slope of canyon walls and the terrace. Note absence of indication that river-cut 
and up-built parts join to make the wall slopes, as claimed by SHEPARD. 


appearance is so close that the action of turbidity currents working for the 
same length of time, but under somewhat different circumstances, offers a 
more satisfactory explanation than the assumption of entirely different 
processes. 

All these features form strong evidence that the Californian canyons 
were eroded in a rather smooth submarine topography by a submarine 
process which started in the recent past. It has continued to act until the 
present in canyons approaching the beach if not by erosion in hard rock 
then at least by sweeping and soft rock erosion. But this current activity 
has ceased in those heading far out to sea. 

SHEPARD claims that several canyons show ancient deltas at their mouth, 
modified by slumping and non-depositional channels formed by turbidity 
currents. He points to the close similarity with deltas in Swiss lakes as 
evidence in favour of this explanation. But the similarity is not with the 
horizontal subaerially built part of lake deltas, but with the subaqueous 
fore-set part on which underflow is active. The so-called deltas are more 
like fans deposited by slumps and especially by turbidity currents where 
the slope decreases and the confining influence of the canyon walls ceases. 


1. 
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There is no evidence in favour of assuming old deltas buried beneath the 
present depositional fans. 


Nasaré Canyon also falls in the class of drowned river valleys reopened. 

MENARD and Lupwick discovered levees along the lower reaches of 
some canyons, similar to those on lake deltas. Some levees rise 100 meters 
and more above the valley floor. These provide evidence for the vast scale 
on which turbidity flow acts, because the currents must have topped the 
levees in order to build them up. 
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THERMODYNAMICS OF VISCOELASTIC BEHAVIOUR 
(MODEL THEORY) 


BY 


A. J. STAVERMAN anp F. SCHWARZL 
(Plastics Research Institute T.N.O., Delft, Netherlands) 


(Communicated by Prof. H. R. Kruyr at the meeting of September 27, 1952) 


Summary 


The problem of calculating thermodynamic functions of visco-elastically 
behaving materials is treated by means of considerations on mechanical 
models, 

In simple relaxation or creep experiments the thermodynamic functions 
at time t depend on the relaxation or creep function at time 2 t. Formulae 
for the thermodynamic functions in general cases of prescribed strain and 
of prescribed stress are given. 

It turns out, that models consisting of springs and dashpots connected 
by rigid side bars, are thermodynamically equivalent whenever they are 
mechanically equivalent. This means, that, when two models are mechani- 
cally equivalent, not only the dependence of the forces and deformations 
on the time is identical, but also the amount of energy stored in the 
springs and dissipated in the dashpots. 

However, in order to reach this conclusion the mechanical equivalence 
of the models did not suffice, but certain physical properties of the links 
between the units had to be taken into account. Therefore, the question, 
whether or not the conclusions drawn from model-considerations are also 
valid for real viscoelastic materials, cannot be answered unambiguously 
yet. 


1. Introduction 


It is well known [3], [6], that linear viscoelastic behaviour of materials 
can be described either by phenomenological functions, like the relaxation 
function, the creep function, the complex modulus or the like, which all 
can be measured immediately, or by not immediately measurable functions, 
called the spectra, particularly the relaxation spectrum and the retardation 
spectrum, 

From a purely phenomenological point of view the two descriptions are 
equally correct and complete. However, with regard to the molecular 
interpretation of the viscoelastic behavior, it is generally understood, that 
the spectra are much more suitable than are the phenomonological 
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functions. This opinion is largely based on the fact, that the spectra are 
very easily translated into models consisting of springs and dashpots with 
well specified elasticity moduli and viscosities and connected together into 
a well defined network. The meaning of these models is thought to consist 
in the fact, that the springs and dashpots represent specific molecular 
processes occurring on deformation of the material. The springs should 
have something to do with free energy accumulated in particular molecular 
configurations induced by the deformation. The flow in the dashpots 
should represent the molecular processes responsible for the dissipation of 
energy in the viscoelastic process. 

The entire picture resembles very much the situation in the theory of 
electrical networks, of which the external behaviour is the result of the 
simultaneous action of capacitors, resistances and self-inductances linked 
together in a network of a particular structure. There appear to be several 
methods of comparing mechanical models with electrical networks, one 
of them being to identify current with flow, tension with tension, capacitor 
with spring and resistance with dashpot. 

If one tries to identify specific molecular configurations of a given 
material with specific springs of the concordant model, one is confronted _ 
with a serious difficulty. This difficulty lies in the fact, that any general 
viscoelastic behavior can be represented by a variety of models, each 
consisting of other springs and dashpots connected into different networks. 

Without further information it is impossible to say which of these 
models can immediately be interpreted in terms of molecular con- 
figurations. 

This is a serious drawback of the model considerations. A unique 
molecular interpretation must be based upon unique quantities obtained 
from the measurements. The moduli and viscosities (resp. relaxation 
times) represented in the models are not unique. The phenomenological 
functions are unique indeed, but do not permit a straightforward mole- 
cular interpretation. 

In order to make progress here we must take another course. If it is not 
possible to determine uniquely the free energy accumulated in specific 
configurations (the springs) and the energy dissipated in specific flow 
processes (the dashpots) we will first investigate whether the total free 
energy and the total dissipated energy in a viscoelastic process are uniquely 
given by the phenomenological functions. If so, we will investigate how 
these quantities can be expressed in the measured quantities and, even- 
tually, how they can be interpreted in terms of molecular processes. If not, 
we must investigate, whether it is possible to obtain the thermodynamical 
functions (free energy and dissipated energy) by special measurements in 
addition to the measurement of the phenomenological functions. 

As far as we are aware no thermodynamical treatment of viscoelastic 
behavior has been given hitherto [8] though this should be considered an 
essential step in developing the theory of viscoelasticity as a branch of 
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physcis. Presumably the omission is due to the fact, that classical thermo- 
dynamics deals with equilibrium states, whereas in viscoelastic processes 
the materials are essentially not in equilibrium. However, as DE DONDER 
[1], Onsacer [4], Pricoaine [5] and pg Groor [2] have shown, non- 
equilibrium states can be treated with Gress’ thermodynamics provided 
the deviations from equilibrium are so small, that the processes occurring 
are lineary dependent on these deviations. This situation is realized in 
linear viscoelastic behavior. 

In sec. 2 we will develop expressions for the thermodynamical functions 
in models consisting of parallel Maxwell elements or of Kelvin elements 
in series. In sec. 3 we will generalize the treatment to arbitrary networks 
of springs and dashpots. In the following article the methods of non- 
equilibrium thermodynamics will be presented and applied to visco- 
elastic behavior without any model considerations. 


2. Thermodynamics of simple models 

a. For describing viscoelastic behaviour in cases where the strain is 
given the most convenient model is a sequence of parallel Maxwell 
elements, each specified by the modul @ of its spring, and the viscosity 7 
of its dashpot. The Maxwell elements are arranged according to their 
relaxation times 


(1) uo 


Gi 
and the function G(r) is called the relaxation spectrum. 

In cases where the force is prescribed a series of Kelvin elements with 
modul G,, viscosity , and retardation times 
(2) uo 
is more convenient and the function G(r’) is called the retardation 
spectrum J(t’). 

Kither of these two models is completely general, which means that by 
a suitable choice of the characteristic quantities G, and 1, any general 
linear viscoelastic behaviour can be obtained from the model. 

The simplest case of prescribed strain is 


(3) y(t) = yoU(t) 


where y is the strain, y) a constant and U(t) the discontinuous unit 


function [7] 
0¢<0 


(4) U(t) = : t=0 
1t>0 


This is the mathematical expression of the relaxation experiment. It is 
seen immediately from the model, that in this case 


(5) a(t) = v% 2 G,e7 


477 
which in terms of the phenomenological relaxation function Y(t) is 
written : 
(6) a(t) = yo H — P(t) 
where H is the modulus lim o/y) and Y(0) = 0. 
t+0 


Combining (5) and (6) we obtain the relation between the relaxation 
function and the relaxation spectrum 


(7) Wt) = 2,4, (1— e ™) 
or 
(8) E— W(t) =2,G,e°"% 


In this case the thermodynamical functions, the free energy F and the. 
dissipated energy D are easily found. The free energy is the sum of the 
amounts of energy accumulated in the springs 


_ =< G(t)? 
(9) F(t) = 3.40 


where o; is the tension on the i-th Maxwell element. Equation (9) results 
from the fact, that the energy of any spring = joy with y = oa|G. 

The energy dissipated per unit of time 
(10) ee 
is found by adding the amounts of energy dissipated by each dashpot. 
For each dashpot this quantity equals force times rate of extension or 
oy or o2/n since y = a/n, 80 


(11) Dit) =>,4% 
t J 2 
(12) Dit) =] J a dit. 


The model of parallel Maxwell elements is simple in that it yields a very 
simple expression for o;, the tension on the i-th element in a relaxation 


experiment 

(13) of. yoGa,e ' 

by which we obtain immediately 

) Fé) =472,G,0°" 

or with (8) 

F(t) = 475 {8 — ¥(20} 

and for D(t) . - | 
(16) DO = ae t= yo! (21) 
and 


(17) Dit) = 78 f ¥ 28) dt = 498 ¥ 20. 
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Adding (15) and (17) we see, that the sum of free and dissipated energy 
is constant as it should be in a relaxation experiment in which no work is 
performed after t = 0. The constant sum is put equal to y7H. If Y(co) = E 
the system relaxes completely and the free energy vanishes for t > cv. 
If, however, Y(co) < H, the system is left with a tension 


(18) 0(0°) = yy [ZH — ¥(co)] 


representing a free energy of }yi {EH — W(oo)}. 
Figure 1 shows the time dependence of the dissipated energy, the 
relaxing stress and the free energy under the assumption of complete 
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Fig. 1. Relaxation: Time dependence of energies. 


relaxation. It can be seen, that in logarithmic time diagram the shape 
of the curves of respectively free energy and relaxing stress and dissipated 
energy and relaxation function are the same. Free energy preceeds the 
relaxing stress a time A log t = log 2, whilst dissipated energy preceeds 
the relaxation curve to the same amount. By straightforward generalization 
of the above treatment to the general case of prescribed strain we find 
with a given strain y(t) 


(19) a(t) = @, fexp. (~) 51g) ds 
and 
(20) a(t) =G, f exp. (-) se) as 


and from (9) 


479 


and 
ss hog ey ae 
Di) —Di-- J exp. (——=S =) pe) 7 (0) ae ae 
96 Gi E : 
(22) =F Sf fexp. (-===) 7H 10 dea 
t 
=f J P(at—E—2) HO) FC) db a 


In this general case the sum of F(t) and D(t) is not a constant since 
work is performed on the system. The increase of this sum with time, 
which is equal to F(t) + D(t) should be equal to the work performed per 
unit time, which equals oy(t). 

Indeed by partial integration 


F(t) = jyH—f J Vet—£-0 4) FO) aE at - 
(23) myn. 


—$() | 9G) PO dk = 7 By — [31 PE-9 a — Doo. 


—oco 


Now the superposition principle 
t 
(24) a(t) = Ey(t)— 7) ¥t- 8) a 


shows the value of the first term to be equal to yo and therefore the 
validity of the first theorem of thermodynamics F(t) + D(t) = oy. 

b. If the stress is prescribed completely analogous formulae follow. 
The simplest example is here the creep experiment, represented by 
(25) o(t) = 0, U(t) 

The strain is in this case given by 
(26) y(t) = 09 {Bo + Sel eH) + 7 


where EH is the modul of Hookean (instantaneous) elasticity, J, = Ga 
is the compliance of the i-th Kelvin-element and 7 is the viscosity of 
Newtonian flow if present. 

By introducing the phenomenological functions g, the creep function 
and ©, the “creep without flow” defined by the relations 


(27) y(t) = 0) E> {1 + ot} 
and 
(28) y(t) = 9){E7 + O() += | 


we find the relation between the creep function and the retardation 
spectrum 


(29) @(t) = YJ, (l-e™). 
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In this case the strains y, of the individual Kelvin-elements are given 
by a simple expression 
(30) V4 = Od, (1—e-’). 


So we must express / and D in the individual strains 


9 (ey 
(31) F(t) = 46.4 + 55 
and 
(32) D(t) =m tn? 


where we have added the dissipation by Newtonian flow. With (27), (29) 
and (30) in (31), remembering G>* =J, we obtain 


(33) F(t) = $401 + 29(t) —p (20) 
and from (32) 

(34) Dit) = 2h (28) 

and 

(35) D(t) = 4.9 (20) 


Formulae (33), (84) and (35) are to be compared respectively with (15), 
(16) and (17) for the case of relaxation. We see, that creep is slightly more 
complicated than relaxation. Figure 2 surveys the course of the functions. 
Whereas in a relaxation experiment the initial free energy 


2H = 4 Ey 
is partly or wholly dissipated in the course of time, in a creep experiment 
this free energy remains in the material while the external work o*¢(t)/# 


is partly stored and partly dissipated. The curve for the dissipated energy 
can be said to precede the creep curve, whereas the free energy lays 


2/F 
e. 


yu 


logt 


Fig. 2. Creep: Time dependence of energies, 
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behind. The shapes of the curves are in the creep case not the same any 
longer. 

It is not very difficult to generalize the formulae for the case of creep 
to cases of general prescribed stress. Following the procedure used in the 
generalization of the case of relaxation we find 


(38) R(H= Elo F— J J dsdto(e a pet—E-9)] 
analogous to (21) and 
(37) Di) =F § 6G) 4) pOt-E-Qagae 


analogous to (22). 
Again, we find after differentiation and rearangement 


F(t) + D(t)=0}7 
as it should be. 

However, the formulae (21), (22), (36) and (37) are just generalizations 
of the simple formulae (15) — (17) and (33) — (35), which contain the 
essentials of a thermodynamic treatment of viscoelastic behavior. We note 
first the somewhat surprising fact, that the thermodynamic functions at 
time f are simple functions of the phenomenological functions not at 
time #, but at time 2¢. 

Next we inquire, whether the thermodynamic functions depend on the 
model used or not. As a way of answering this question one could try to 
calculate the thermodynamic functions independently for a given strain 
and a given stress, with strain and stress describing an identical treatment 
for the material. However, with this method we obtain two results, one 
expressed in the creep function, and the other in the relaxation function, 
which are very difficult to compare. Therefore, we will consider a treatment 
for general networks in the next section. 


3. Thermodynamics of general networks +) 
Suppose a general model consisting of springs with moduli 
Gil =1,.2,.3 >.) 
and of dashpots with viscosities n{k = 1, 2,3...) Let the model be 
characterized macroscopically by retardation frequencies (1... %, 7 ---) 
(38) a, = I]t; 
and by the “intensities” = J, of the retardation spectrum. 


By considering the retardation times we start from cases of prescribed 
strain, particularly creep. Of course, we can base our discussion on 


1) The authors are very much indebted to Prof. B. D. H. TEtLEGEN for discussions 
on the electrical analogue of the subject matter of this section. 
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prescribed stress as well, provided the relaxation times are given, which 
can be calculated from the creep curve. 
In case of a creep experiment the strain is given by 

(39) Y= 0 J, (1 —e-%') 

where the function J(a) is the retardation spectrum characteristic for the 
system. We omit here Newtonian flow and also the instantaneous elasticity, 
which are not essential for our discussion. Thereby we achieve that each 
spring has a stress zero at t = 0 (otherwise, the spring would contribute to 
the instantaneous elasticity) and each dashpot has zero stress at infinite 
time (otherwise flow would occur in this dash-pot). Therefore we may 
write for the stress on the k-th dash-pot 


(40) O, = 0 D2; Ay ei! 


and for the stress on the /-th spring 

(41) O1;= 09 24 By(l —e-%), 

since in a creep experiment the tensions on the individual elements can 

always be written as a linear combination of terms with the frequencies 

of the retardation spectrum, however complicated the network may be. 
We are now in a position to compare the total energy with the free 


energy and the dissipated energy. 
The total energy is 


(42) A= 02D, J, (1 —e7*%). 


The free energy is 


Sa) ses 213 a; = 09 D4 D4 Ry (1 —e-%*) (1 — e+) 
with 
By B; 
(44) Rk; = Y 30, 
The dissipated energy is 
t 9 
oz 
(45) D= %, | Fdt =F 5Qy(1-e- ss | 
0 4 
with 
Aj, Ax. 
46 y= >, ee... 
a a= 28 ha) me 


The first law of thermodynamics requires that A = F + D or 
(47) SeFi(1 —e-) = J, Sy (Ry (1 — 7) (1 — 0-4) 4. Qy (1 — e-lert apy, 


If (47) is to be valid for every value of ¢ and identical in a,, the coeffi- 
cients of mixed potentials in the left hand side must vanish. This leads to 


(48) Ry = Vii. 
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Moreover the coefficient of e *’ must equal J,, thus 
(49) 22>) Rij=J;. 


This curious result means, that identical mechanical behavior can be shown 
by different models with different values of the coefficients Rj, the only 
restriction on their values being (49). This however, means, that, if no 
other physical conditions are imposed on the model besides mechanical 
equivalence and obedience to the first law, mechanically equivalent models 
are not thermodynamically equivalent. Indeed, if the coefficients Rj; differ, 
the time dependence of the free and the dissipated energy will also differ. 

There are, however, other physical conditions, which are inherent to all 
models and which have not been used yet. The fact, that a network 
consists of elements (springs and dashpots) connected through links 
implies two important conditions. Considering for simplicity strains and 
stresses in vertical direction (Z-axis) only, we have first the condition of 
mechanical equilibrium and second the fact, that the z-codrdinate of each 
link has the character of a potential. The condition of mechanical equili- 
brium implies, that at any instant the sum of all the forces acting upon 
one link is zero 
(50) > oy (t) = 0. 
where we indicate the links by capitals and where YX” means summation 
over forces acting upon the M-th link. 

The potential character of the Z-coordinate of the links implies, that 
the rate of increase of strain of an element can be written as a difference 
between the rates of change of two such coordinates 
(51) Mu 2x — 2x: 
where K and K’ are the end-links of the k-th element and 2 2x, 

These two additional conditions have the following result. If we designate 
the network endpoints by A and B then (50) is valid for all internal links 
whereas 
(52) 34 a, (t) = — SF og (t)=o(t) 
if we count tensions positive in the direction from A to B. Moreover we 
can write for the end links 
(53) a ee 
Multiplying (50) and (52) with z,,(t'), the rate of change of the coordinate 
of the M-th link at time t’ we find summing over all links inclusive the 
end-links 
(54) Du tut’) 2¥ ou) = {24 (t') — 4, (t')} o(t). 

We can replace the summation over links in the left hand side of (54) 
by a summation over elements and at the same time introduce (53) in the 
right hand side thus obtaining 


(55) Su ve (t!) on (t) = 7 (l') oO) 
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where 2,, means, that the summation extends over all elements, springs 


and dashpots. 
The condition is much more severe than the first law of thermodynamics, 


which we used in (48) and which can be written in the form 
(56) Dar Vx (t) 0% (t) = 7 (t) a(t). 
In order to see what relations between the microscopical coefficients 
k,, and Q,, and the macroscopical J, result from (55) we write 
(57) F'= di rit!) 0; (t) = DQigq, lt’) a, (t) 


for the springs and 


(58) D! = dz helt!) o¢(t) = De — oxllt') 0, (t) 


Nk 
for the dashpots. 
Moreover we write 


(59) A’ = }(t') o(t) 
so that now (55) reads 
(60) A'=F'+D.. 
Using (39) we find for A’ 
(61) At o>, a, J, e~oK” 
and using (41) and (44) 
(62) F’ = 08 Dd; 5) 2Ry a, e~*" (1 — e- 4) 
and from (40) and (46) 
(63) D! = 03d; Dj (ay + a) Qy e~ 2’ 54, 
Introducing these three expressions into (60) we get, omitting on 
Da dl eo ee 5,5, 2 Ry a, et’ — >, >, {2R,, a, ~Qi;(a; + a;)} e~ ait’, 


In order to guarantee this equality for every value of ¢ and ¢’ and all a, the 
second member of the right hand side must disappear. Contrary to the 
situation with ¢’ —¢ this can now only be true if 


\ Bi = Qj, = 0 for i 4j 
(64) and 
lor, — 204 = Jj. 

This means, that the coefficients of microscopic origin appearing in the 
thermodynamic functions are completely determined if the phenomeno- 
logical functions are given. 

Returning to (42), (43) and (44) and writing 


E~1 y(t) = Deut — e~%it) 


we find 
A =o HE" git), 
(65) = Fon DJ (1 —e 4)? = fof H* {2 w(t) — p(2t)} 
and 
(66) D= 30>, 5,(1 — e774) = 3 09 BH (21) 


which expressions are, of course, completely in accordance with (33) and 
(35) found in section 2 for the case of creep. 

In this section we have proven quite generally, that all model networks- 
consisting of springs and dashpots, which are mechanically equivalent 
are also thermodynamically equivalent. This means, that not only the 
total amount of work performed on or by the system at a certain time in a 
well defined process is equal for all mechanically equivalent systems, but 
also the amounts of energy absorbed by the springs respectively dissipated 
by the dashpots. 

However, in order to prove this statement we needed besides mechanical 
equivalence of the models and the first law of thermodynamics two 
special physical properties of networks consisting of springs and dashpots 
connected by rigid links without mass. Although these physcial properties, 
expressed by (50) and (51) appear of a rather general character ”), it must 
be a subject of careful study whether they also apply to microrheological 
processes of real viscoelastic materials and what their physical meaning 
is there. In the next paper we will derive the equations for the energy and 
entropy of visco-elastically behaving materials without making use of 
any models. 
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aw ee 


Delft, 25 Februari 1952. 


2) Similar conditions obtain in electric circuits (see B. D. H. TetiEecEn, Philips 
Res. Rep. 7, 259 (1952), but curiously enough there the tensions obey a relation of the 
kind (51) and the currents of (52). Contrary to expectation in this respect electric 
current conforms to mechanical tension and electric tension to mechanical rate of 


displacement. 
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A. J. STAVERMAN anp F. SCHWARZL 
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(Communicated by Prof. H. R. Kruyr at the meeting of September 27, 1952) 


Summary 


Linear visco-elastic behaviour is described as resulting from an arbitrary 
number of molecular processes proceeding in a sample which is subjected 
to visco-elastic deformations. 

Describing the course of the molecular processes by a set of quantities, 
€,, indicating the degree of progress of the processes, and applying non- 
equilibrium thermodynamics, one can construct a set of molecular pro- 
cesses which behave independently in a relaxation experiment. 

From this description the physical meaning of the relaxation spectrum 
becomes clear at once: the intensity of the spectrum at a certain frequency 
is a measure for the contribution of the independent molecular process of 
that frequency to the elasticity modul at very short times. 

Without further assumptions Boltzmann’s superposition principle can 
be derived from these thermodynamical considerations. 

The course of free energy in visco-elastic deformations is shown to be in 
accordance with the results obtained with models. 


l. Introduction 


Visco-elastic phenomena are described either by purely phenomeno- 
logical quantities or with the aid of models consisting of springs and dash- 
pots. Neither description provides an immediate link between the obser- 
vable visco-elastic behaviour and the molecular processes from which it 
originates. In this paper we will try to construct this missing link. 

It is convenient, though not essential, to focus our attention first 
upon the isothermal relaxation experiment. In such an experiment the 
deformation is kept constant, nd work is performed on the sample after 
the initial fast deformation, so everything which happens during the 
visco-elastic process originates from changes of free energy within the 
sample. 

We know that the relaxation of the force at constant deformation 
originates from complicated rearrangements of atoms involving bending 
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and stretching of valence angles, coiling and uncoiling of molecular chains 
and viscous sliding af atoms along each other. The free energy of the 
sample decreases during the process until the equilibrium with minimum 
free energy is reached, while the deviation from equilibrium of the mole- 
cular configurations has been caused by the initial fast deformation of the 
sample. 


2. Fundamentals of a thermodynamical treatment 

For a thermodynamical treatment of visco-elastic behaviour we need 
not be informed about the exact nature of the molecular processes. The 
only aspect, that interests us here is, that the entire molecular con- 
figuration from which the visco-elastic process originates can be described 
completely and unambiguously by a set of parameters §,, which we will 
term: “the degree of progress of the i-th molecular process’. 

In conformity with practice in the treatments of both visco-elastic 
behaviour [1] and of non-equilibrium thermodynamics [2] we will confine 
ourselves throughout to the linear region of small deviations from equili- 
brium. This means that the magnitude and the rate of change of all effects 
caused by the initial deformation are proportional to this deformation. 

It also means that the excess free energy, F, over its equilibrium value 
is proportional to the square of the deviation from equilibrium. Calling the 
deformation 4, and the force necessary to maintain this deformation ¢ 
seconds after it has been applied rapidly, o(¢), where o is by definition : 

dF (t) 

(1) CM 
we have in the linear region o(t) proportional to 25 and particularly 
(2) o(0) = EA, 
where E is the Hookean elasticity modul, and 

Re 
(3) F (0) = f o(0) dA= 4 EX. 

0 


Without losing generality we can fix arbitrarily the zero-points as well as 
the units of measure of the £,. We fix the zero-points in such a way that in 
equilibrium all &, vanish. Then in the linear region all &,, also the £,(0), 
are proportional to A). 


(4) E(0) = fo 
We choose the units of measure of the é, such, that /, = 1 or 
(5) E(0) = Ao 


As the & completely describe the molecular configuration and are zero in 
equilibrium the excess free energy can be written as a sum of quadratic 


terms in the &,: 


(6) Fe = 434 2 bun $s Se 


with 


from which we find for the forces X, conforming to the parameters &,: 
oF 
(7) —x; = Fs De Din Fe 


In the linear region rates of change are linear in the forces as well as in 
the ¢’s: 


(8) E, = De Qin Xp 


where & = (d&/dt) and where the a,, are proportionality constants obeying 
Onsager’s reciprocity relation [2]: 


(9) Bin = Aye 


The coefficients a, and b,. with 7 + k measure the interaction between 
different molecular processes. Generally these interactions will be strong, 
as without further guidance one will select certain types of configurational 
change such as mentioned above (bending of valence angles, coiling etc.) 
as the elementary molecular processes to be described by the &, and 
certainly these molecular processes will interact strongly. This makes it 
difficult to obtain information about separate molecular processes from 
the experiments. 

However, it has been pointed out [3] [4] that it is possible to transform 
the arbitrary set of parameters 5, into a special set y,: 


(10) Vi = da ln & 

such that the interaction coefficients vanish 
(11) ay =O if j “4k 
(12) Oif j+k. 


I 


Ye 
jk 


The upper index y appearing in (11) and (12) indicates that these 
coefficients belong to the special set of parameters, y. 

As we have made no special assumption about the &’s any linear com- 
bination of é’s is just as useful as the original set and therefore no generality 
is lost by introducing the special set y. 

The only physical assumption implied in this treatment is that it is at 
all possible to describe the molecular configuration completely and unambi- 
guously by a set of parameters which tends to zero in equilibrium. Whereas 
in a deformed crystal it will be always possible to define uniquely the 
equilibrium positions of all the atoms, this is not so in a liquid, where 
there are many configurations with the same minimum free energy, 
Therefore, in a visco-elastic system, lying intermediate between the two 
extremes, some incertainty arises with respect to the possibility of defining 
a set of parameters €. 
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We will not, however, follow up this point, which is also implied in the 
basic question in rheology of defining deformation unambiguously. The 
important feature about the molecular processes described by the y’s as 
distinct from those described by arbitrary é’s is, that the former behave 
quasi-independently in a relaxation experiment. Therefore, if one draws 
conclusions about separate molecular processes in relaxation experiments, 
it is about the y-processes that information is obtained. 


3. Thermodynamical description of the relaxation spectrum 


Once the y-processes have been selected, the only remaining quantities 
which characterise the material are the a, and the 6,,. 

It is convenient to introduce new symbols for these quantities. We will 
write: 


He) by, = ¢, 
and 

1 
(14) at, by = =. 


Then, replacing £ by y in (7) and (8) we find, using (11), (12) and (14): 


: 1 
(15) ea meres 
which can be integrated immediately to: 
(16) 4 = 9; (0) EW. 


From (16) we see how the y-processes behave quasi-independently. Each 
of these parameters declines exponentially with a relaxation time T,. 
Moreover, it follows from (6) and (13) that 


(17) F=4),¢77. 


Choosing again the units of measure of the y’s such as to satisfy 


(18) 73 (0) = A 
we find 

(19) F (0) = 34% 256 
from which we see on comparing with (3) 
(20) Ser. 


Summarising we can say: The changes of molecular configurations which 
are responsible for visco-elastic behaviour can be completely described by 
two sets of constants: c, and t,, each pair of these belonging to one of a set 
of molecular processes which behave independently in a relaxation experi- 
ment. The physical meaning of these constants is the following. According 
to (20), c, represents the contribution of the j-th molecular process to the 
Hookean elasticity modul of the sample, or, in other words, the contri- 
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bution of the 7-th process to the free energy at unit deformation, immedi- 
ately after the deformation has taken place. According to (16) t, represents 
the characteristic time of relaxation of the j-th process. 

We will show now, that these constants are found experimentally from 
the relaxation-spectrum of the material. Although we are considering 
relaxation experiments in which the deformation / is kept constant after 
an initial rapid change, we must consider virtual changes of deformation 
dd at arbitrary times in order to be able to calculate the total tension a, 
given by (1). To do this we must generalise (18) to: 


OV; 

en (8-1 

By (21) we express the fact, that on increasing 2 rapidly (t is constant) by 
an amount dA, all y’s are increased by that same amount. This is in fact a 
consequence of the linearity of the phenomena, making the results of a 
particular change, in this case the increase d/, always proportional to the 
magnitude of that change. One can also say, that (21) incorporates Boltz- 
mann’s superposition principle on a molecular scale. 

With (21) o(t) is easily calculated. We have always (17) 


so 
(22) a(t) = (35), = Sion 
or with (16) and (18) 

(23) a(t) = Ay Dd; 6, e 1, 
Phenomenologically one writes usually [5]: 
(24) a(t) = 4) B {1 —y(t)} 


in which y(t) is the relaxation function, from which the relaxation-spectrum 
G(r) is defined as follows: 


E y(t) = f@(x) (1 —e-"*) dr 


or, replacing the integral by a sum: 


(25) E y(t) = 3G, (1 —e- 4), 
Comparing (23), (24) and (25) we find: 
(26) 24 0 0 99 = 5G, e- 84, 


So the characteristic relaxation times of the relaxation spectrum are 
identical with the characteristic times of the quasi-independent molecular 
processes and the heigth G@ of the relaxation spectrum represents the 
contribution of the conforming molecular process to the free energy of 
deformation, immediately after the deformation has taken place. 
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4, The superposition principle 

It seems worth while to derive the superposition principle of Boltzmann 
from the above considerations, since we can thereby avoid the somewhat 
artificial, though of course essentially correct, arguments which have to be 
used when no molecular picture of visco-elastic behaviour exists. 

The tension o can always be calculated from the progress of the mole- 
cular processes with (16). However, only in the case of a simple relaxation 
experiment, the y’s behave simply exponentially. In case of an arbitrarily 
given course of / as function of t, y changes as a result of visco-elastic flow 
according to (15), and also as a result of changes of 2 according to (21). 

O77 Ae ] vi 
(27) Ves 
Denoting the past time by # and the time of the experiment by ¢, it follows 
from (27) that for any time @ in the past: 
dA dys | VG 
dd = db TF 
pate 
ics Bs ; = : : 
or, multiplying with c,e ‘ and summing over 7 
t-é t-0 


Tt. 


ad Fi 
j © i= Fe i 52 a 


(28) Se 


From (25) and (26) the sum of the left hand such of (28) equals 


E {1— y(t— d). 


So we can integrate (28) over # from —oo to ¢ and obtain, using (22): 
aa 
(29) EA(t) EB | Fyt—9) di} = o(t) 


which is exactly the mathematical formulation of the superposition 
principle. 


5. The time dependence of free energy 

Our treatment provides a way of calculating immediately the course of 
free energy in a relaxing system, without the need of model considerations. 
Always (17) is valid for the free energy whereas (16) gives the dependence 
of y on time in a relaxation experiment. Combining these two equations 
we find, introducing also (18): 


F(t) = $8 Sy 05 e721 
(30) =}2E(1—y(20} 
F(t) = F(0) {1 —y(20} 


which is the same as found from models’). Again we find that the free 


1) See foregoing article. 
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energy at time ¢ does not depend on the relaxation function at time ¢ but 
at time 2¢. Of course, the generalisations of (30) presented in the foregoing 
paper remain unaltered and need not be repeated here. 


6. Conclusions 


Though it will be difficult to check our thermodynamical expressions 
experimentally, (for instance, by measuring continually the heat developed 
during a visco-elastic process), the treatment introduces new features to 
rheology as well as to the thermodynamics of irreversible processes. For 
rheology it is important that has been shown what information on the 
changes of molecular configurations can be obtained from rheological 
experiments. One may derive from the experiments that the very com- 
plicated changes of molecular configurations can be described as a set of 
quasi-independent processes, each with a measurable characteristic time 
and a measurable contribution to the elasticity modul. 

For the thermodynamics of irreversible processes it is a novel feature 
that a process is treated, for which nothing is known about the individual 
molecular processes. In fact, conclusions are drawn about molecular 
processes from nothing else but one function of time a(t). In equilibrium 
thermodynamics energy and entropy effects are discriminated either by 
devising a quasi-reversible path or by consideration of the temperature 
dependence of equlibrium parameters. In non-equilibrium thermodyna- 
mics, however, these two methods fail, but it appears from the foregoing 
treatment that the energy and entropy (or the total and free energy) can 
be discriminated there in some cases by consideration of the time depen- 
dence of a measurable quantity. It is surprising that for this discrimination 
nothing need be known about the variables of state describing the con- 
figuration of which the energy and entropy are calculated. One must 
assume only that such variables of state exist. 


Delft, August 22nd 1952. 
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(Philips Research Laboratories, N. V. Philips Gloeilampenfabrieken 
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(Communicated by Prof. H. B. G. Casrmm at the meeting of October 25, 1952) 


Some time ago, Casimir and PoLpsEr [1] and Casmrr [2] computed the 
interaction between a perfectly conducting plate and an atom or molecule 
with static polarizability a, and between two particles with static polariza- 
bilities a, and a,. In the limit of large distances # the interaction energy is 
given by 


(1) SE =—Ftcee 
for the case of a plate and a particle, and by 
(2) 6B = — Pic 28 


for the case of two particles. These formulae can be derived by taking the 
usual van der Waals—London forces as a starting point and correcting for 
retardation effects, and also through studying by means of classical electro- 
dynamics the change of electromagnetic zero-point energy. Using the 
second method of attack, Casrmir [3] showed afterwards that the inter- 
action energy between two perfectly conducting plates is given by 


' iL LT? 


where L? is the area of the (square) plates. 

These interaction energies and the corresponding attractive forces are 
very small, and their experimental verification is probably impossible. 

It was thought that the attractive force between a plate and a wire 
parallel to that plate might possibly have a somewhat larger value than 
the attraction between a particle and a plate. Furthermore, it should be 
easier to study experimentally the attraction between a wire and a plate 
than between two plates, a measurement of the small buckling of a wire 
being more feasible than of a shift in relative position of two plates, which 
moreover should be polished very flat. In this paper we compute by way 
of first-order electrodynamic perturbation theory the interaction energy 
between a very thin cylindrical wire and a plate, again in the limit of large 
distances. In the course of the computation we shall arrive at an expression 
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for the change of the resonant frequencies of a cavity when a thin wire is 
introduced in the cavity. 

Let us consider a cubic cavity of volume L* bounded by perfectly con- 
ducting walls, and let a thin perfectly conducting cylindrical wire be 
introduced in the cavity. For the electric and magnetic field strengths we 
put per definition: - 

H,je' and fe, 
leading to 
(4) curl curl EZ, = k E£,, 
where k, = o/c. 

We assume that there are neither currents nor free charges inside the 
cavity. 

For the unperturbed field we write equation (4), and after the wire has 
been brought in we write 


(4a) curl curl # = (k2 +?) £. 


We now apply a perturbation theory method introduced by FROHLICH [ 4] 
when studying the perturbation of the eigenvalues of the scalar wave 
equation (Schrédinger equation) of quantum mechanics. 

We multiply (4) scalarly by #, (4a) by E, and subtract: 


(5) HE, + curl curl H— £# .- curl curl £, = e? Ey - E. 
Now we integrate the expression (5) over the volume of the perturbed 
cavity, and make use of the vector analogue to Green’s second identity [5]. 
We find: 
(6) Sf (Z) x curl H—E x curl By) ado = —& fff By. B dv. 

Vv’ 


The integral on the left-hand side has to be taken over the surface 
bounding the perturbed cavity, that is over the walls and over the wire 
surface ; 7 is a unit vector everywhere normal to the boundary and pointing 
outwards, The integral on the right-hand side extends over the volume V’ 
of the perturbed cavity. 

Rearranging the terms, we get: 


(6a) ff{eurl B. (% x By) — curl By. (ax B)} do = — e? fff By» Bdv. 


Now, the boundary conditions imply that % x £, = 0 on the walls of the 
cavity, m x # = 0 on the walls and on the wire surface. 
Equation (6a) therefore reduces to 


ff curl #. (#x By) do =—& fff By. B dv, 
wire Vv" 


or, inserting curl #=kH, and e = 2kAk (herewith assuming that 
Ak = k — ky is small), we find 


(7) Ak=—4= 


a 
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The integral in the numerator has to be extended over the wire surface 
alone, that in the denominator over the perturbed volume of the cavity. 
On the assumption that 4k is small, the formula is still exact. We now 
introduce the following approximations. 

The integral in the denominator is replaced by: 


(8) SJ B3 dv = 7 LB. 


Assuming that the perturbation of the original field is everywhere small 
except in a region of volume of the order of the volume AV of the wire, 
which is supposed to be negligible compared to the cavity volume, the 
error made in this approximation is of the order «? AV/V. 

We now place our cylinder in the z-direction, that is parallel to one of 
the cavity directions. The numerator of (7) we can write in a cylindrical 
co-ordinate system (7, p, z) around the cylinder axis as: 


ff H (ix By) do = f | {H, + (ix By), + 


say if i (% x Ey) ¢ ne rel , (n x Ey), } To dy dz, 
where 7, is the radius of the cylinder. 

Now, for a perfectly conducting cylinder, 7, = 0. For small 7), H, may 
be written (as is known for instance from the theory of superconductivity) 
as: 

H, = 2 Ho, sin (p—9), 
where #@ is the angle of incidence of the component of the magnetic field 
in a plane perpendicular to the axis of the cylinder, on that cylinder. 
Further H, = Hy, and of course (% x Ey), = —Ep,3 (@ x Ey). = Eg = 
= — H,, sin yp + Ey, cos 9; Hog = — Hy sin yp + Ho, cos y. We thus find 
for Ak: 


4r, ieee € A “7 1 Q 
\ Ak =— 3 J JK2 Ho sin yp sin (yp—#) — 
00 


(9) 
/ — 2 H,, cos p sin (p—#)} Ey, — {E, sin y — Ey, cos v} Ho,] dp dz. 
We now precisize the problem. The cylinder is supposed to be midway 
between the (xz)-faces of the cavity. The co-ordinates of its axis are then 
xz =a,y = $L, where a is yet arbitrary. 
The unperturbed electric and magnetic fieldstrengths are given by (we 

drop the index 0): 

E, =, cos k,x sin ky sin k,z, 

E 


EH, =e, sin k,x sin k,y cos k,Z, 


y = % sin kx cos k,y sin k,z, 


H, = x (hy e,—k, é,) sin k,x cos k,y cos kz, 
1 : 

Hy, = | (Be x — Ke &z) COS k,« sin k,y cos k,z, 

H,= : (k,, @,— ky @,) COS kya cos ky sin kz, 
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where 
OPEL: 


Neg TU Ny Tt 
k, = —,k = —- and k, = —— 


J L 


and @ is a unit vector perpendicular to k. There are two possibilities for é, 
except when one or two components of k are zero, when there is only one 
respectively none. For # we may take the angle of incidence of the field 
on the axis of the wire, viz. 


k,@,—kz,e, tan ky y\ 
Ky €z—Kzey tan k, 2} 


. 


® = arc tan 


As on the wire k,y = n, 2/2, k,x = k,a, we have: 
for n,/2 is an even integer: sin (py — #) = sin 9, 


for n,/2 is an odd integer: sin (py — #) = —sin 9, 
for (n,+1)/2 is an even integer: sin (py — #) = cos g, 
for (n,+1)/2is an odd integer: sin (p — 3) = —cos @. 


Evaluating the integrand of (9) in these four cases we find: 
Case #1, n,/2 is an even integer: 


ne 2e ‘ 
Aky, = — +2 fdpfdz es (ke, —k,e,) sin? (k,a+k,1r9 cos y) x 
0 0 


sin (k,rg sin ~) cos (ky 79 sin ~) cos? k,z sin? »— 


(k, e¢,—k, e,) sin (k,a+k, 19 cos p) cos (k,a +k, 79 cos wy) x 
(tea) sin? (k, 7 sin ~) cos? k,z sing cos g — 
= = (Keg €y—k, €,) cos? (k,a+k,1%9 cos g) sin (k, ry sin g) x 
cos (ky 79 sin g) sin? k,z sin g + 
- ys (ky, €y—hky e,) sin (k, a +k, 9 cos gy) cos (k,a+kh, 19 cos gp) x 
cos? (k, 7) sin ~) sin® k,z cos 7]. 


Case H2,n,/2 is an odd integer: Akps is given by the same expression, 
except for a change of sign of the first and second terms. 
Case O1, (n, + 1)/2 is an even integer: 


Qn L 9 . 
Ako, = — ze [dps de [- < (ky e,—k, e,) sin? (k,a +k, 1) cos ¢) 


sin (ky 79 sin —) cos (k, 79 sin ¢~) cos? k,z sin y cos py — 


Qe, 
_ = (k, @, —k, e,) sin (k, a +k, 19 cos ~) cos (k, a +k, 7 COS @) 
(10b) cos? (k, rg sin py) cos? k,z sin? gy + 
lx 


+ (kg €y — Ky €z) cos® (k, a +k, 79 cos y) sin (k, 7 sin g) 
cos (k, 79 sin @) sin? k,z sin g + 
(Ky ey — ky ey) sin (k, a +k, 1% cos y) cos (k,a +k, 19 COS —p) 


sin? (k,79 sin ¢) sin? k,z cos |. 
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Case O2, (n, + 1)/2 is an odd integer: Ak,, is given by the same expres- 


sion, except for a change of sign of the first and second terms. 


The integration over z is elementary and yields everywhere a factor $ L. 


For the following, we need not Ak, but >>SAk, where the summation 
Ak 


over A has the meaning: summation over the two possibilities of @. This 
summation we can already carry out, remembering that: 


w 


ke k,k 
= [= i and cyel. ; 2, x ey =— va and cyel. 


gw 


>e 
A 


Combining the two expressions for n, even, and also those for n, odd, 
e are left with: 
For n, is even: 
< i Spade 
3D Ake = — 5 
kA k 
eve 


bo 


9 


kL? 


{dy [ey sin? (k,a+h, 1%) cos py) cos? pg A + 
0 


n 


(lla) ¢ + k, sin (k,a+k, 79 cos gy) cos (k,a+k, 79 cos y) sin y cos p B+ 


+k, cos? (k,a +k, 1% cos p) sin (k, 79 sin y) cos (kh, 79 sin p) sin y + 


+ k,sin (k,a+kh, 1900s y) cos (k,a+kh, 19 Cos g) cos? (k, 79 Sin P) Cos |: 


For n, is odd: 


> A = — > as { dy [—k, sin? (k,atkero cos ¢y) sin gy cos p A + 
ka 0 


k 
od 


a 


pumyen 0 ela 1a 76 008 P) COR (k, a +k, 60s y) cos? pC — 


| —k, cos? (k,a +k, 79 cos p) sin (ky 7 sin ¢) cos (ky 7 sin g) sin y + 


+ k, sin (k,a+k, 1, cos y) cos (k,a +k, 179 Cos p) sin? (ky 79 sin gy) cos 7|, 


where 


27 : 2 2a ; 
cos (k, Tg sin ¢) sin (k, 79 sin y) — cos [(z, + +) ry SIN | sin {(k,+ =) 79 in ¢|, 
: : 2 : 
sin? (k,7, sin y) — sin? ((e, + =) 79 Sin 7}; 


; 2 : 
cos %(k, ry sin y) — cos? [(x, +7) foil 7}: 


Here we have added under the integral sign successive terms of the kind: 
term with k, + term with k, + ?7/,, therewith neglecting the difference in k, 
which should be negligible except for k,, k, and k, simultaneously very 
small, as is the case in only a few of the triple infinite number of terms. 


We now put: 2k,7 <1, 2kyy<1. 
We then find after integrating, and keeping only terms of the first order 


in kr) and ko: 


Qnr2 ae a 
(12a) 2 2 Akg =— » aa [k2 cos (2 k, a) +4 {1+ cos (2 k, a)}], 
20r2 ; 
(12b) > > Ak, = + 2 a . 442 (1 + 00s (2k, a)}. 
odd 
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In the summation over k, the second term of (12a) is approximately can- — 
celled by (12b), so that we are left with: 


(13) > ¥ Ak = —>—* B cos (2 k, a). 
k a k XL 


According to quantum mechanics, each oscillation has an energy (n + 3)hw, 
leading to a zero point energy Wy = 34a. The change of zero point energy 


a 


owing to the presence of the wire is 
(14) AW,=th >. Aw=thc>d Dd Ak. 
kA 


This expression is divergent. The difference of AW, for two situations, 
characterised by different values of a, is the interaction energy between 
these systems. As demonstrated in [2], this energy has a definite value, 
at least in the case where the distance a of the wire to the wall is so large 
that for wavelengths of the order of this distance the penetration depth 
is small. 

Consider now two situations, characterised respectively by a = R and 
by a— ov. The interaction energy is: 
(15) 8 = (A Wo) — (A Woo = BCE S {(Abi)p — (Ah o}- 

> 

Inserting the expression (13) in (15), we may put for cos (2k,a) in the case 
a-—> oo its average value zero, and we arrive at: 


» 
nhero 


(16) ae 


he 
5 2k. R 
cos (2 )- 
Te DF 008 (2k, R) 
The summation may be replaced by an integration and as the function to 
be integrated is even in the integration variables, we can write 


hors th 58 


(17) bE = ———S JI F cos (2k, R) dk, dk, dk, 


This is, except for the constant before the integral sign, the same 
expression as derived by Casimir [2] for the case of a particle and a plate. 
Following this method of evaluation of the integral (that is, introducing 
under the integral sign a factor e~**, integrating and taking the limit for 
y — 0), we arrive at the final expression for the interaction energy: 

3 her L 


(18) i ox aes 
l6éz R* 


As in the case of a particle and a plate, the interaction energy between 
wire and plate is, in the approximation used, inversely proportional to 
the fourth power of the distance. The static polarizability of the particle, 
a(0), is in the latter case replaced by 1/yr3L, or 1/,, times the volume of 
the cylinder. For a small perfectly conducting nonmagnetic sphere of 
radius r, a(0) = r3, or 3/,, times the volume of the sphere. 
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For the attracting force per cm length of the cylinder, we find 
(19) jie ea 
Measuring 7 and R in microns, this becomes 


(20) F =8x10-¢ dyne/cm. 
Liv 
We compare this with the electrostatical force between a wire and a plate, 
when a potential difference of V volts is applied, viz. 
Fi, =a V?(9 x 104 B log*2 Bir,)*, 

or, if r and R are again expressed in microns, 
(21) F,= 0.35 V2(R, log? 2 R/ry)~* dyne/em. 
LO 
V2 
Waals interaction corresponds to the attraction between the wire and the 
plate which occurs when a potential difference of about 0,3 mV is applied. 
Although the interaction between a wire and a plate has thus indeed a 
larger value than that between a particle and a plate, viz. approximately 
in the ratio of the volumes of wire and particle, the absolute value of the 
interaction is yet too small to be measurable. 

It is a pleasure to thank Professor CASIMIR for his suggestion of the 
problem and illuminating discussions. 


For a wire of 7, = 2, when R= 5y, F/Fy » and thus the van der 
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Introduction 

Two important factors, influencing sedimentation in the Dutch Wadden 
Sea, are: the subsidence of the foundation relative to sea level and the 
lateral displacements of the channels. According to which of these factors 
predominates one may distinguish between ‘“‘vertical sedimentation”? and 
“lateral sedimentation” 2), 

Vertical sedimentation results in the formation of more or less horizontal] 
beds, deposited over the whole of the tidal flats, the supply of sedimentary 
material keeping about.even pace with the relative bottom subsidence. 
The surface of the flats is kept at a constant position relatively to sea level. 
The source of the sediment, distributed by the channel systems to the flats 
is probably to be sought in the North Sea. 

Lateral sedimentation is the deposition of inclined beds, laid down on 
the advancing slopes of migrating channels. It may occur quite independ- 
ently of any sedimentary supply from outside the Wadden Sea, the 
process being merely a kind of ploughing on a large scale. On the other 
hand, such a supply may be involved, e.g. when the channels move laterally 
through older, clayey or peaty formations. The material which is eroded 
on the receding slope may be transported over long distances, to be 
redeposited elsewhere on marshes, etc. At the same time sand is laid down 
on the advancing slope, which is supplied from the North Sea bottom. 

Vertical and lateral sedimentation are of course only extreme cases. 
All kinds of transitions and combinations may occur. Locally, moreover, 
vertical sedimentation may find place on channel bottoms and lateral 
sedimentation on tidal flats. 

The sediments of the present Dutch Wadden Sea constitute a complex of 
a few meters to a few tenths of meters thickness. The total amount of 
relative bottom subsidence since the beginning of the present conditions 
does not surpass 2 meters. Hence, the bulk of the sedimentary complex 
must have been formed by lateral sedimentation. The thickness of the 
sediments is mainly dependent on the depth to which the channels are 


‘) The costs of this investigation were defrayed from a grant provided by the 
Netherlands Foundation for Pure Research, 
2) CE ReboNas 6: 
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able to erode. In connection with the small amount of relative bottom 
subsidence and with the considerable erosive activity of the channels, it is 
not surprising that even now many channels in the Wadden Sea cut down 
into the underlying formations. In the Slenk, the channel in the centre of 
the Lauwers Sea, surfaces of (Atlantic) “Old Marine Clay” and the Basal 
Peat are laid bare by erosion; till is exposed in the channel of Oostmahorn ; 
Pleistocene sands and clays (‘‘Potklei’’) crop out in the Zoutkamper- 
laag. 


Textures. It will be clear, after the above considerations, that at one 
and the same moment, sediments may be formed at all levels, from the 
bottom of the channels upwards to the surface of the marshes (Fig. 1). 
The level on which a particular bed is deposited may be deduced from its 
texture. 


ee 
STL 


_Legenda 


Marsh depos s = Low flat depos ts 


I ||\||_ 494 od erosrts belt Chase cleneatls 


Fig. 1. Ideal cross section through the sediments of the present Dutch Wadden 
Sea. Above the level of mean high tide marsh deposits are formed. Between this 
level and the level of mean low tide the high flat deposits with burrowing textures 
and the low flat deposits with less disturbed laminations are found. Below the level 
of mean low tide the channel deposits are formed, which constitute the bulk of 
the sedimentary complex. It is assumed that a. small amount of relative bottom 
subsidence has taken place, resulting both in some “vertical sedimentation” on the 
tidal flats and in the seaward rising of the marsh land surface (example of regression 
during rising of sea level). 


The sediment, formed in the channels, is mainly sand. Yet, in relatively 
quiet embayments like the Lauwers Sea, mud may be deposited in great 
quantities on the bottom of the channels. The deposition probably finds 
place during slack water stages and the material is apparently not removed 
by the swift currents of ebb and flood. 

Where mud is formed, it usually occurs in thin laminae, from 1 mm to a 
few cm in thickness, alternating with sand laminae of equal or greater 
thickness. The sandy parts of the channel sediments mostly show abundant 
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current ripple textures. It is not improbable that both the deposition of 
mud and the preservation of these ripple textures in the sand, are the 
consequence of the comparatively rapid deposition taking place on the 
advancing slopes of migrating channels. The mud laminae, formed during 
slack water are covered with sand before the strong ebb or flood currents 
set in, and in the same way the sand laminae themselves are protected 
from erosion by their immediate burial under new sediment. On the sandy 
tidal flats ripple mark is not less common than on the channel bottoms. 
Yet, owing to the very low rate of deposition (‘‘vertical sedimentation’’), 
there is practically no possibility for their textures to be preserved 
(Ref. No. 6). 

Above the level of mean low tide and below the level of mean high tide, 
i.e. on the tidal flats s.s., two kinds of environment may be distinguished, 
according to whether gullies are scarce or abundant. Gullies are especially 
common in the muddy, relatively low lying parts of the tidal flats, bordering 
the major channels. Here a rapid succession of deposition and erosion 
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Fig. 2. Above: development of burrowing textures in sediments of high tidal 

flats (sedimentation slow but continuous); Below: development of laminated textures 

of low tidal flat deposits (rapid sedimentation, alternating with periods of rapid 
erosion). 


prevails, owing to the continuous shifting of the gully courses. The result 
is that the sediments are reworked and re-stratified all the time and that 
endobenthonic animals have only little influence upon the sediment 
texture. Just when the burrowing organisms are beginning to disturb the 
lamination to any important extent, erosion starts afresh and with the 
following deposition a new lamination is formed. 

On the highest parts of the tidal flats gullies are usually scarce or alto- 
gether absent, and sedimentation, although slow, is much more continuous. 
Under these conditions the effect of burrowing animals is very strong. In 
fact, all details of the lamination may disappear, so that only large scale 
differences remain (e.g. in clay content) 1) (Fig. 2) 


Sy) Liat this connection it should be noted that the determination of the texture 
was carried out in samples with the dimensions: 2 x 5 X 74 cm. 


503 


Above mean high water level these endobenthonic animals cannot live. 
No disturbing effect of this kind is found: the deposits are always well 
laminated. Due to the sedimentation on dry, uneven, vegetation covered 
surfaces (marshes), the laminae are more or less undulating and of varying 
thickness. 


Shell beds. In all these subdivisions of the Wadden Sea environment 
shell beds are formed: on the bottom of channels and gullies, on the 
channel banks, on the slopes of mussel beds and beaches, and on the marsh 
surfaces. The formation of most of these concentrations is easily explained. 

The shell beds intercalated between the marsh deposits are usually of 
limited volume and extension. They are formed when during gales the 


Fig. 3. Section of Wadden deposits with types of shell beds; 


1. Shell beds intercalated between marsh deposits formed 
during storm tides. 

2. Hydrobia bed in high tidal flat sediments, originating by the 
work of Arenicola (and other burrowing animals ?). 

3. Shell bed formed by currents on bottom of gully (low tidal flat 
deposits). Preferred orientation with the convex sides of the 
valves turned upwards, sometimes, also with the long axes 
parallel to the currents (Mytilus) and/or imbricated textures 
(Mya arenaria). 

4. Concentration of shells formed on channel bottom. 

5. Older shell bed formed on channel bottom. 

6. Horizon of bivalves bored into peaty or clayey basal 
formations. 
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water has risen well above the level of mean high tide and mollusc valves 
are washed onto the marsh surface. The percentage of broken valves is 
often fairly high. Where the marshes end seaward in steep abrasion cliffs, 
shell concentrations may be found at the foot of these cliffs. Wave action 
tends to sort out certain species. Thus one may encounter accumulations 
which consist nearly exclusively of the round tests of Littorina littorea, or 
of the small species Hydrobia ulvae. Similar concentrations occur in the 
marsh deposits cut off by the cliffs. When traced landward these shell beds 
are usually seen to wedge out over a distance of a few meters. They seem 
to be typical elements of the so called “marsh walls” (sea built levees, cf. 


Ref. No. 6). 
The shell concentrations on the slopes of mussel banks and on beaches 
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are rich in fragments of valves, as the result of wear by the waves. The 
unbroken valves show a preferred orientation with their convex sides 
turned upward and with their long axes pointing in the direction of the 
slope. 

In the lower parts of the tidal flats many shell beds are formed as pave- 
ments on the bottom of gullies. Here, as well as on the bottom of the 
channels, the beds are the result of the currents which remove the finer 
sediment and concentrate the shells. These latter are derived from the 
deposits that are eroded by the (migrating) gullies and channels them- 
selves. Also they are washed into these incisions by currents flowing over 
the tidal flats at higher stages of the tides. Due to the lateral displacement 
of gullies and channels, the shell concentrations, formed in the deepest 
places, are covered by the sandy or muddy sediments of the advancing 
banks. In this way the shell beds may be considered as basal conglomerates. 
The mollusc valves may be mixed with pebbles and boulders of mud, 
clay, or peat, or even, where the bottom formation is till, with stones of 
varying sizes. Often the shell beds mark distinct boundary levels between 
recent, black sediments above and older, grey coloured deposits below. 

The valves on the bottom of gullies and channels also show the preferred 
orientation of upwards turned convex sides. The long axes tend to be 
directed parallel to the currents. Furthermore they may form imbricated 
patterns like the tiles on a roof, their inclination being directed upstream. 
This latter phenomenon is best seen with the valves of Mya arenaria. 

The surface of the basal formation often shows large numbers of valve 
pairs of boring molluscs, still in the position in which they originally lived. 
In clay and glacial till Petricola pholadiformis is very common. In the 
surface of the basal Peat, exposed in the bottom of the Slenk (see p. 2) 
bivalves of Barnea candida occur in quantities of up to 400 individuals 
per m?, intermixed with those of Petricola pholadiformis and Zirphaea 
crispata. Locally their numbers are possibly even greater. 


Hydrobia beds. There is one type of shell beds, not mentioned above, 
of which the origin is still problematical and which will form the main 
subject of the present communication. The beds of this kind are rich in 
the tests of Hydrobia ulvae and contain further Hydrobia stagnalis, 
Retusa alba, other small species, young individuals of larger species, light 
materials such as spines of Echinocardium cordatum, Foraminifera, Peat 
detritus, but also coarse shelly constituents, among which double valves 
of Cardium edule and Macoma balthica are of comparatively great abun- 
dance. Since the content of Hydrobia is greater than in any other type of 
shell bed (beach concentrates of restricted volume excluded), the name 
Hydrobia beds seems well justified. 

The beds are formed between the levels of mean low tide and mean high 
tide, but are more common near the latter. 

In vertical sections several Hydrobia beds may be seen above each 
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other, but the uppermost one has probably the greatest extension. This 
bed, at about 20 to 30 cm below the surface of the flats +) is found over 
enormous surfaces, in all parts of the (Dutch) Wadden Sea ?). Not only is it 
present in almost uninterrupted layers along the Wadden coasts of the 
islands Texel, (Vlieland ? not visited), Terschelling, Ameland, Engelsch- 
manplaat, and Schiermonnikoog, it was found also along the main land 
coasts and on the tidal flats in between. 

In a former paper (Ref. No. 5) the author expressed his belief that this 
(upper) bed was formed ‘‘at a certain period, over the whole of all areas 
where it is found to day, under exceptional conditions which have no 
parallel at the present in the Wadden Sea’’. Many new data were collected 
since then and they caused the author to modify his opinion. In most 
cases a connection seems to exist between the origin of these concentrations 
and the activity of Arenicola marina. 

In a recent publication (Ref. No. 3) ScHAEFER remarks upon the effect of 
marine endobenthonic worms on stratification. His conclusion is that apart 
from a destructive influence on the original laminated textures, also a new 
kind of stratification may be caused. It results from the reworking being 
bound to definite levels: the level of feeding and the level of defecation. 


Arenicola marina. A few data may be given concerning the behaviour 
of this species. It lives below the surface in a burrow, which in normal 
conditions is more or less L-shaped, with a well rounded corner (Fig. 4). 
When feeding, the animal is lying in the deepest part of this gallery, its 
head inmost. Above its head a shaft is developed, through which the 
sand sinks down. The sinking movement results in the formation of a 
funnel-shaped pit at the surface. 

Whereas the living gallery has walls that are hardened by the secretion 
of slime and which are enriched a little in iron hydroxides, the material 
along the head shaft is kept quite loose. The sinking of the sand through 
this shaft appears to be not only the result of gravity, but it is also helped 
by movements of the worm. The sand which has passed the body and 
from which the nutritive admixtures have been extracted, is pushed 
through the other end of the burrow, to be accumulated on the surface in 
small heaps of excrements. 

The burrow, with a diameter up to 8 mm is dug down to depths of 20 to 
30 cm. Even when, during prolonged conditions of extremely low water, 
the ground water table sinks down to 50 cm below the surface, the worms 
do not try to extend their burrows any deeper. On the other hand, the 
more or less horizontal parts of the burrows may show branch tubes (cf. 


Ref. No. 2 and 7). 


1) More rarely it is situated at levels up to 10 em and down to 40 cm from the 


surface. 
2) Similar shell beds were encountered in the Easter Scheldt (Prov. of Zealand) 


between Ierseke and Bergen op Zoom. 
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In quiet waters Arenicola remains for long periods in the same burrow. 
Aquarium experiments prove that under favourable conditions the animal 
will not migrate more than once or twice a month. Absence of strong 
water movement accounts for the fact that under such circumstances the 
heaps of castings reach large sizes. In the creeks of the Schiermonnikoog 


cm. 


Fig. 4. (From THAamprupP, Ref. No. 7): Diagram of living positions of some 

benthos organisms: 1) Hydrobia, 2) Burrow of Pygospio, 3) Burrow of Corophium 

4) Burrow of Arenicola, 5) Cardium, 6) Macoma, 7) Scrobicularia, 8) Mytilus, 

9) Littorina, 10) Mya. The oxidized sediment is closely stippled, the other meee 
sparsely. 


marshes the author measured diameters of 30 cm. On the tidal flats waves 
and currents are more effective in levelling the relief, but after periods of 
quiet weather they may still be so uneven as to be difficult to walk upon. 
As a rule however, the major part of the castings is washed away with 
every tide, and the relief which is observed when the flats are uncovered 
has been produced for the greater part during the last few hours. 
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On tidal flats, exposed to stronger water movements, Arenicola will 
migrate more often. This may be done either over the surface or under- 
ground. Migration of the worms is shown when in parts of the flats all 
individuals have been dug out for bait. These emptied places may become 
re-inhabited, in the same numbers as before, in the course of one month 
(Ref. No. 7). Migration seems also to be an essential phase in the life of 
the worms. Young individuals prefer the higher parts of the tidal flats, 
whereas older stages are found mainly in the lower parts. They must have 
come there by migration over rather long distances. 

The animals attain ages of several years. In aquaria ages of 6 years were 
observed. The development from the larval stage to the stage in which the 
individuals spawn for the first time takes 2 years. 

Arenicola lives in all kinds of sediments of the Wadden Sea, apart from 
very pure sand. Their maximum distribution is found in the common tidal 
flat sand, containing small amounts of mud. There does not seem to be 
much dependence between their numbers and the height of the flats: they 
show an about equal abundance in all places which are covered during 
10—100 % of the time by water. In the average 15—70 individuals are 
present per m? (Ref. No. 1). 


Tentative explanation of the formation of Hydrobia beds by Arenicola. 
When Arenicola is feeding and the surface sand sinks down in the head 
shaft, the shells contained in this sand will also tend to slide down. Small 
specimens like those of Hydrobia and young individuals of larger molluscs 
may reach the bottom of the shaft almost as swiftly as the grains of sand. 
The sand is swallowed, the shells are not. Even when the sediment is 
extremely rich in shells, the castings of Arenicola only contain small 
quantities of shell fragments and those of the smallest dimensions. There is 
thus a continuous movement of sand and shells in a downward direction, 
whereas the upward movement of sediment is restricted to pure or nearly 
pure sand. A concentration of the shells at about the lower limit of 
burrowing of Arenicola must be the result. Larger sized species, as e.g. the 
valves of adult stages of Cardium edule, may slide down to the base of the 
funnel. Then the narrow diameter of the head shaft will, at first, prevent 
further movement. It seems likely however, that from time to time there 
will be moments that the continuous sinking down of finer material along 
the head shaft causes small downward displacements of these bigger 
elements. In this way, given only sufficient time, the coarser material 
may become concentrated on top of these tests of Hydrobia. 

A quantitative estimate of the working rate of Arenicola may be made 
as follows. Let it be assumed that under average conditions 15 individuals 
live under 1 m? of surface and that each individual swallows sand during 
500 tide cycles a year, producing each time 20 cm? of castings. Then they 
rework 150.000 cm? (per m2) in a year, a volume corresponding to 3/5 of the 
volume of a surface layer 25 cm in thickness. Thus, in the average, the 
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worms rework the layer in which they live in the course of 20 months. 
Since it is mainly the surface sand (sliding down the head shaft) which is 
eaten, the uppermost layer is much more quickly reworked than the deeper 
ones. Yet, in the course of some hundred years also this deeper sediment 
must have passed the bodies of Arenicola several times. Moreover, when 
the animal has migrated and a new shaft is developed the very first 
material which has to be consumed is precisely this sand from the deeper 
levels. 

Below the zone of recently deposited or recently reworked black sedi- 
ment, follows a zone of older, grey coloured material. When brought to the 
surface, the black sediment soon oxidizes; the grey sediment however 
retains its colour much longer. Now it is often seen that the castings of 
Arenicola are of this typical grey colour. On the tidal flats 8. of Schier- 
monnikoog the author once made an estimate (10-V—’49) of the pro- 
portions of the castings correspondingly to their level of provenance. 
About 85 % had the yellow-brownish colour of the zone of oxidation: 10 ¥ 
were (still) black and 5 % proved by their grey colour that they came from 
depths below 20 to 25 em. Whether comparatively high values like this 
5 % are the consequence of very active recent migrations, or that other 
circumstances are responsible, it proves anyway that the deeper layers are 
being reworked at an appreciable rate. 

As to the velocity with which the shells are concentrated, it might be 
thought that in the living zone of Arenicola a distinct increase in shell 
content would exist, from the surface downwards to the Hydrobia bed. 
Such an increase was only rarely found. Usually the shells in the layer 
covering the Hydrobia bed are distributed at random. Perhaps this means 
that the concentration process is very slow. 


(To be continued) 
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Arguments in favour of the hypothesis. With this hypothesis many 
properties of the Hydrobia beds, difficult to explain in other ways, are quite 
easily accounted for. 

1. A first property of the Hydrobia bed is its widespread occurrence. 
(Whenever in the following ‘“‘the Hydrobia bed” is mentioned, the upper- 
most one at 20—30 cm depth is meant). If the bed were of limited extension, 
one might postulate special, abnormal circumstances to account for its 
development. Locally, some peculiar conditions, not found at the moment 
in the Wadden Sea, might quite well have existed. It becomes somewhat 
difficult, however, to believe that such conditions should have prevailed 
in the whole area of the Wadden Sea. Something at least would have to be 
found in historic documents, which is not the case. The only well known 
occurrence of major importance was the rather sudden disappearance of 
the Zostera vegetation in the years 1932—1934. Yet, it cannot be under- 
stood how this could have any connection with the formation of the 
Hydrobia bed. The fact that the Zostera covered areas were probably 
much richer in Hydrobia’s than the present bare flats may account for the 
large Hydrobia content, but the concentration of the tests in a single bed 
is something which can have little to do with this vegetation or its disap- 
pearance. 

If Arenicola, which is practically ubiquitous on the flats, causes this 
concentration, a large extension of the bed is only to be expected. 

2. The depth of the Hydrobia bed just coincides with the lower limit 
of burrowing by Arenicola. The water soaked condition of the sediments 
renders it difficult to obtain good sections by digging. Nevertheless it was 
observed many times that the horizontal part of the burrow, containing 
the live animal, was situated in the Hydrobia bed. Where the burrows 
went deeper than the bed, downward extensions of the shell concentrations 
were commonly found. 

3. The Hydrobia bed does not form a horizontal layer, cutting the 
present surface in many points. On the contrary, it is situated at a constant 
depth, below the uneven surface (cf. Ref. No. 5 and Fig. 5). 

Formerly the author assumed that this property was the result of a well 
established morphological-hydrological equilibrium. According to this 
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hypothesis the relative bottom subsidence would have gone together with 
the supply of sediment out of the North Sea, in such a way that all areas 
of the Wadden Sea, high or low, received an equal amount of material, so 
that the original relief was maintained in all details: “‘vertical sediment- 
ation” in its most ideal form. Without doubting the principle of this vertical 
sedimentation, it is, however, very hard to believe that the relief should 
have been preserved so accurately, not only in one spot, but everywhere. 


AMELAND 


wrt 250 S00 750 1000 
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Fig. 5. Map of tidal flats.S.W. of Nes, Ameland. Stippled: tidal flats. Thick dots: 

distribution of Hydrobia bed. The building of the dam D—D’ in the years 1846-1847 

has changed the original channel system (also indicated in this figure). B-B: line 
of section of Fig.6. A—A: line of section Fig. 5 in Ref. No. 5. 
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Fig. 6. Section B-B of Fig. 5. The Hydrobia bed is situated at an approximately 

constant depth below the surface, except in the muddy filling of the former channel. 

Lower half of diagram: quantities of shell material in coring tube (diam. 7,2 em); 
white: fraction > 2,5 mm; granulated: fraction 0,5 —2,5 mm. 
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4. Where the Hydrobia bed is found, Arenicola is usually present in 
considerable numbers. An interesting case is that of the tidal flats S.W. 
of Nes (Ameland) (See Fig. 5 and 6). Here a dam was built in 1846—1847, 
with the result that the original channel system was changed completely. 
New channels were formed, the old ones were silted up with muddy 
deposits. In these muddy areas mussel beds developed, while Arenicola, 
owing to the viscous character of the bottom, is rare or absent. Under the 
surface of the neighbouring sand flats the Hydrobia bed is present in its 
most typical form: abundance of the tests of Hydrobia, richness in single 
and double valves of Cardium edule etc. Where the muddy channel filling 
is reached, it either disappears or makes place for a shell bed of minor 
importance, lying at greater depth and with a different composition. 
Hydrobia becomes scarce and instead of the valves of Cardium edule, 
fragments of Mytilus valves predominate. It seems clear that here the shell 
bed has originated in a different way, viz. as concentrations on the bottoms 
of gullies. Along the sides there has been intermixing with material derived 
by erosion from the Hydrobia bed. 

5. The Hydrobia bed mostly coincides with a rather sudden change in 
colour of the sediment. In anaerobic environment the black monosulphide 
of iron, produced by organic activity combines with additional sulphur 
and changes over to the disulphide state (very finely crystallized pyrite), 
giving the sediment a grey colour. The velocity of this process depends 
probably on several factors. Apparently it works slower in mud than in 
sand, for laminations are found in which the mud laminae are still black, 
whereas the sand laminae are already grey. It is believed that the complete 
change of colour will take place in the course of about 50 to 200 years. 
Where sedimentation is not interrupted by erosion, the colour in vertical 
sections is often seen to change from black to grey quite gradually with 
increasing depth. Where a phase of erosion has occurred there may be a 
more or less pronounced discontinuity in this colour gradation. As 
mentioned above, one often finds shell beds at the boundary between grey 
coloured, old basal formations and young deposits of black colouring. In 
most of these beds the shells were concentrated on the bottom of gullies by 
the currents. In the case of the Hydrobia bed another explanation has to 
be given for the FeS—FeS,-boundary. Here it must be due to the activity 
of Arenicola which reworks the superficial sediments, “rejuvenating” 
them all the time. 

6. The Hydrobia bed is usually covered by sediments with the typical 
texture due to burrowing organisms, while it may rest on deposits with 
undisturbed laminations. The most common case is that in which the bed 
is intercalated between two beds with “boring texture’. Instances where 
deposits with undisturbed laminations cover the Hydrobia bed are very 
rare indeed, and it does not seem unlikely that these latter are the result 
of gullies which have reworked the original sediments. 

7. The beds covering the Hydrobia bed are usually of a sandy com- 
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position, in accordance with the preference of Arenicola for this type of 
sediment. 

8. The increase in size of the shell material in the Hydrobia bed from 
below upwards, although found also in other concentrations; is not in 
discordance with the supposed mode of formation. In the upper part of 
the bed the coarse valve material is concentrated, as a consequence of the 
limited possibilities of differential movements. The smaller tests of Hydro- 
bia have slid down through the openings between these larger valves and 
are concentrated at a lower level. The finest material, consisting usually 
for the greater part of peat detritus, is most abundant at the base of the 
bed. 

9. The formation of the bed, if brought about by the work of Arenicola, 
must necessarily take some time. It is therefore not to be wondered at 
that in many sand flats, bordering deep channels, no Hydrobia bed is 
found, although Arenicola is abundantly present. As a matter of fact the 
sediments here may show the dark colour of iron monosulphide down to 
great depths, proving the young age of the whole complex. 

10. On the other hand the Hydrobia bed often contains quite recent 
elements. For stratigraphic purposes in the Wadden Sea sediments the 
following age-indicators may be used: 

a) Fragments and grains of brick, at least since the early Middle Ages: 

b) Mya arenaria. This species had been absent from the Dutch coasts 
since the Pleistocene, to be reintroduced from America after the 
establishment of sufficient boat traffic between the two continents, 
probably about 1600—1650; 

c) Grains of coal (not to be confused with charcoal), presumably since the 
beginning of steam boat traffic; 

d) Petricola pholadiformis, since about 1905: 

e) Crepidula fornicata, in Holland since about 1925; abundant in Zealand, 
rare in the Wadden Sea. 

The first four of these elements were encountered in the (uppermost) 
Hydrobia bed; Crepidula fornicata was noted only in the Hydrobia bed of 
the Easter Scheldt. If the Hydrobia bed is formed by Arenicola, their 
presence is not at all surprising since this process is continued up till the 
present day. 

11. The composition of the Hydrobia bed proves its local genesis. 

In the brackish water of the Lauwers Sea the valves of Cardium edule 
are thinner and of smaller dimensions than along the Wadden coasts of 
the islands Ameland, Schiermonnikoog etc. Valves of Spisula subtruncata, 
Donax vittatus a.o. are only rarely found on the Lauwers Sea flats, but 
are much more common near the Wadden Islands. The same differences 
exist between the Hydrobia beds in these two areas. In the Hydrobia beds 
of tidal flats along dykes, grains of brick show a strong decrease in size 
and frequency when samples are taken at increasing distances from the 
dykes. In areas with mussel banks the Hydrobia beds are notably richer in 
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fragments of Mytilus valves than elsewhere. All these facts point to a 
pronounced vertical concentration of the shell material, the supply of 
material by currents coming from long distances being only of secondary 
importance. 

12. The quantitative composition of the Hydrobia bed is rather 
different from the other types of shell concentrations, but it is analogous 
to that of the sparsely distributed material found in the uppermost few cm 
of the tidal flat bottoms. 

Mr A. J. Boucot, in Washington, D.C. stimulated the author to 
determine the quantitative composition more or less in the following way. 
The material was divided into two fractions by means of sieves. The 
fractions were of 0.5—2.5 mm and of > 2.5 mm. In the coarse fraction the 
numbers of double valves and the numbers of unhinged but otherwise 
unbroken valves, their dimensions, their total weights and the weights of 
the fragments were determined for each species. Furthermore the weight 
relation of unbroken single valves to fragments was calculated for the most 
abundant species: Cardium edule. This relation will be called “crush 
factor’. 

It will be seen from the table that both the Hydrobia beds and the 
surface samples have rather low crush factors. The numbers of double 
valves are comparatively high in both kinds of deposits. These properties, 
as well as their mutual correspondance, all point to a genesis of the 
Hydrobia bed mainly by vertical concentration. Horizontal transport and 
wear by waves and currents apparently have not been of much importance. 


Unsolved questions. Although most properties of the Hydrobia bed are 
thus easily explained, some new difficulties arise. For, when the bottom 
subsides quite gradually and when together with this subsidence a constant 
amount of sediment is supplied to the flats, it is hard to understand how 
the shells become concentrated into a single bed. One should rather expect 
an equal abundance of shell material throughout the uppermost two meters 
of sediment, with the exclusion only of the superficial 20 to 30 cm in which 
Arenicola actually lives. 

In this connection it is of importance to note that in sections of 2 m 
depth often several Hydrobia beds are found above each other. The 
following assumptions might be made to explain this state of conditions: 

1. The distribution of Arenicola has been subject to large fluctuations. 
Periods of great abundance, like the present day, alternated with periods 
of considerable decrease in numbers. 

2. Similar fluctuations in abundance affected Hydrobia, Cardium and 
the other species of which the shells are found in the Hydrobia beds. 

3. The average weather conditions have not been constant during the 
last few centuries. When the weather was quiet during long lapses of time, 
large Arenicola funnels developed, into which most of the shell material of 
the surface slid down. In the intervening epochs wave action continuously 
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smoothed out the surface relief and the funnels had to form anew with 
every tide, thus never reaching sufficient size to cause a notable downward 
movement of shells. 

4. The sedimentation on the tidal flats has not been so continuous as 
formerly supposed. Periods with a low rate of deposition were interrupted 
by stages of swift accumulation. In the times of slow sedimentation 
Arenicola was able to concentrate the valves and shells into separate beds. 
The intervening stages were of too short duration to produce a notable 
effect of concentration. 

To conclude: the apparently unremarkable Hydrobia beds, situated 
within so easy reach below the surface and investigated already in so many 
respects, present a problem which in the author’s opinion is still insuffi- 
ciently elucidated. 


Summary 


Some general aspects of the sedimentation in the Dutch Wadden Sea 
are given, followed by a short account of the sediment textures, their 
genesis and the different types of shell concentrations. Among these latter 
the Hydrobia beds are of special interest. These beds, rich in the tests of 
Hydrobia, but also containing varying amounts of larger Mollusc valves, 
are found at different levels above each other. The uppermost one, situated 
at depths of 20 to 30 cm, is present in wide areas throughout the Wadden 
Sea. It is argued that the shell concentration is, in many cases at least, the 
result of the activities of the sand worm Arenicola. 

This animal swallows sand, at a level of about 20 to 30 cm below the 
surface. The consequence is that the sediment above this level is sinking 
down more or less continuously. After removal of the nutritive constituents 
the sand is pushed upwards again to be accumulated on the surface. The 
shells however are not swallowed and become concentrated by this process 
at the lower limit of burrowing by Arenicola. 

Numerous properties of the Hydrobia beds are in accordance with this 
hypothesis. Of these the following ones, pertaining to the uppermost bed, 
may be cited: 

a) The wide extension of the Hydrobia bed, which is easily explained in 
connection with the wide distribution of Arenicola; 

b) The depth of the bed, coinciding with the depth of the burrows of 
Arenicola; 

c) The fact that the Hydrobia bed is not strictly horizontal, but situated 
at a constant depth below the uneven surface of the tidal flats ; 

d) The circumstance that both the qualitative and the quantitative shell 
compositions of the Hydrobia bed correspond with those of the sparsely 
distributed material of the tidal flat surface at the same places ; 

e) The low content of broken valves of Cardium edule (‘‘crush factor’’) 
and the considerable numbers of double valves, which point to un- 
important wear by waves and currents. 
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It is difficult, however, to account for the fact that this concentration 
process apparently happened intermittently. If the process had been 
uninterrupted and sedimentation had been quite gradual it would be 
expected that only the uppermost 20—30 cm were poor in shells and that 
the deeper sediment. down to depths of about 2 m contained an evenly 
distributed high amount of shell material. 

Instead of such conditions only thin Hydrobia beds are found, separated 
from each other by deposits which are poor in shells. Possibly fluctuations 
in the abundance of Arenicola and Hydrobia etc., or changes in the average 
weather conditions, or discontinuity of the supply of sediment are involved. 
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ASTRONOMY 


THE VISUAL CONTINUOUS SPECTRUM AND THE THICKNESS 
OF A PROMINENCE 


BY 


8. G. M. HAUG 


(Circular No. 5a of the Astronomical Institute of the University of Amsterdam) 


(Communicated by Prof. H. Zansrra at the meeting of September 27, 1952) 


Summary 


Plates, taken by Doorn during the solar eclipse of June 29, 1927, show 
a continuous spectrum of a strong prominence, in the visual region, which 
is just measurable. The line spectrum of hydrogen is too strong but its 
intensity can be estimated, under certain assumptions, by comparison 
with a fainter prominence, Assuming that the continuous spectrum is 
mainly produced by scattering of photospheric light by the free electrons 
in the prominence, and making use of the results that UNSOLD obtained 
from the data of the same plates, one can derive, for this particular 
prominence, both the concentration of electrons 1.6 x 101°, and the thickness 
in the line of sight 25,000 km. This is higher than the estimate of PETTIT, 
who gives about 10,000 km. 


1. Introduction 

The Dutch eclipse expedition to Lapland, June 29, 1927, obtained 
several plates with the slitless corona camera with liquid prism, for 
exposures of 3 and 26 seconds. They show a large number of intense rings, 
chiefly composed of images of prominences. PANNEKOEK and Doorn *) 
deduced from these plates the total intensity, in absolute units, for several 
monochromatic images of three prominences, called a, b and c. To estimate 
the volume of a prominence, they assumed that its thickness, or extension 
in the line of sight, was equal to its length, or tangential extension, which 
in the case of prominence a, for instance, was about 200,000 km. 
Perrir 2) studied the three-dimensional forms of prominences by comparing 
their outlines in spectroheliograms, as they pass over the sun’s disc as 
dark filaments with their appearance at the limb. He found in such a 
way thicknesses ranging from 6000 to 12,000 km, although in some cases 


1) A, PANNEKOEK and N. W. Doorn, Results of Observations of the Total 
Solar Eclipse of June 29, 1927. II Photometry of the Chromosphere and the Corona. 
Verh. Kon. Akad. v. Wetensch., Amsterdam 14, No. 2 (1930). We will refer to this 


paper as Results II. 
2) #, Perrir, Ap. J. 76, 9 (1932). 
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reaching 15,000 km, a good deal smaller than either length or height. 
On this account Perrit suggests an average thickness of about 10,000 km, 
which value he adopts for prominence a. 

This thickness was taken over by UNséup 3) who derived from the data, 
given by PANNEKOEK and Doorn, for prominence a the Boltzmann- 
temperature 7’ = 7200° K and electron pressure P, = 0.96 x 10-2 dyne/em2, 
corresponding to a concentration of electrons n= 9.7x10® per cm3. 
At Professor H. ZanstTra’s suggestion we looked for a continuous 
spectrum on these Lapland plates, with a view of determining its absolute 
intensity and thus calculating the thickness from pure emission data, 
instead of using Perrrr’s value which is based on absorption. Indeed on 
the 3 sec plate, a very faint continuous spectrum was found, ranging from 
about the He 4026 image to the He 4472 image, which was identified as 
originating from prominence c of PANNEKOEK and Doorn. Afterwards 
we detected a reproduction of a plate, made by W. Baap 4), at the same 
eclipse, where the continuous spectrum of ¢ is much clearer; unfortunately 
no results from this plate are known. 

Our program of solving the problem was as follows: 

a) To measure the continuous spectrum, by subtracting the much 
stronger background due to the corona, and with the help of the tables 
of Results II to calculate the intensity in absolute units: 

b) Supposing that all the energy originates from scattering by free 
electrons, to compute the value of the product nel, where L represents 
the thickness in the line of sight; 

c) Comparing prominence c with the data given for a yields, for c, the 
product nyneL, or nel, assuming ne = n, the proton concentration ; 

d) To determine, from b) and c) both n and L. 


2. Transmission and intensity 


The transmission of the continuous spectrum was measured trans- 
versally at 44036, 4040 and 4050 with the Moti registering microphoto- 
meter, and the background was interpolated from the tracing outside 
the borders of the continuous spectrum, by a free hand curve. At higher 
wavelengths the background was blackened so strong, that it was im- 
possible to measure the continuous spectrum with any certainty. We also 
re-determined the characteristic curve: transmission against intensity, 
and found excellent agreement with the transmission curve of Results II 
table 2, which was therefore adopted, and so we got the apparent intensity 
in an element dady, in millimeters on the plate. Subtracting the intensity 
of the interpolated background the apparent intensity of the continuous 
prominence spectrum was obtained, This intensity was integrated over 


8) A. Unséup, Physik der Sternatmosphire, p. 417, 418 (SPRINGER, 1938). 
*) Jahresbericht Hamb. Sternw. fiir 1927, Bergedorf (1928). Tafel 4: photo 
4 and 5, about 1.5 mm from the upper tangential strip. 
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the height x of the spectrum with the help of a planimeter. The result is 
I, = JIdx, i.e. the total apparent intensity of the continuous spectrum 
at A, in a strip of 1 mm on the plate, corresponding to AA = 13 AU, the 
dispersion being 13 AU/mm at 4 4040. 

The total absolute intensity is calculated in the manner of PANNEKOEK 
and Doorn. In doing this the tables of Results II had to be interpolated, 
linearly or logarithmically, indicated by (lin) or (log). So one gets the 
factors of our Table I. 


TABLE I 


Interpolated reduction factors 


4036 0.0132 Ibtad Teal Oa 6.44 4.36 35.56 
4040 0.0137 16.9 7.37 6.44 4.34 35.56 
4050 0.0119 15.2 Heaths 6.44 4,27 35.56 


— 
. 


Wavelength in AU. 

Total apparent intensity I,. 

3. Reductionfactor to adapt the “main transmission curve” to A. Results IT, 
Table 3 (log). 

4, Intensity per mm? as a fraction of the light entering the slit per mm height. 
Results II, table 5 column 7 (log). 

5. Intensity in erg sec-! entering the slit per mm height. Results JEU, [a5 Aha 

Correction for atmosphere and mirror. Results II, table 6 (lin). 

7. Reduction for exposure time: (90/3)? with p = 1.05. Results II, p. 17. 


= 


ee 


The product of these factors gives the light that entered the instrument 
through a circle of 3 cm radius. The total energy emitted by prominence c, 
-Eeont (AA), is found by multiplying by 4.R?/(3?) = 9.87 x 10°, in which RB 
denotes the distance Earth-Sun, R = 1.49x10!3 cm. See Table II. 


TABLE II 


Total energy emitted by prominence ¢ per sec in the continuous spectrum at A, 
with 4A = 13 AU 


j\ -Heont A (4A) 
4036 1.667 x 103 erg sec™? 
4040 1.671 
4050 1.356 


3. Scattering by the free electrons 


In Circular No. 1 of the Astronomical Institute of Amsterdam, H. 
ZANSTRA ®) deals with the observations of continuous spectra of the 
chromosphere and prominences during solar eclipses. His figures 2—5 


5) H. Zansrra, Proc. Kon. Ned. Akad. v. Wet., Amsterdam 53, 1289 (1950) 
(Circular No. 1 of the Astr. Inst. of the Univ. of Amsterdam). We will refer to this 


paper as Circular No. 1. 
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show, in agreement with Lyor’s observations of polarisation, that for a 
concentration of about 101°, one might assume that the continuous 
spectrum of prominences, especially in the visual region, is mainly pro- 
duced by scattering of photospheric light by the free electrons in the 
prominence, the recombination spectra and the electron switch spectra 
being relatively weak. 

For the energy emitted by this continuous scattering spectrum ZANSTRA 
gives (Circular No. 1 eq. 5) 


1 15 
(1) e,= 1, (0) 2 on, erg sec”! sterad—! cm~$ 


where o the scattering coefficient per electron 
o = 6.67 x 1025, 


I,(0) the intensity at the centre of the solar disc and f the coefficient of 
darkening for the wave length 4. The values of 7;(0) can be taken from 
Mutpers °), Tables XVI and XVII, ef. Circular No. 1, fig. 1. Our J,(0) 
is taken equal to his Jrea, since scattering by free electrons will result in 
fuzzing out the Fraunhofer lines. The values of § were derived from 
Circular No. 1, Table I. Thus the values of our Table III were obtained. 


TABLE III 


4036 3.36x10% | 5,2] 
4040 3.38 | 5.20 
4050 3.41 5.13 


We assume, as an approximation, that within the prominence the 
concentration m, or ne is constant. Then we have for the total energy 
emitted per sec in all directions: 


(2) Piask a=4a OL E; 


where L is the thickness in the line of sight and O the area of the emitting 
surface of c. Further is 


E Aa 
(3) pecan = Reon AA) 


where 41 has to be measured in cm, since ¢.g.s. units are employed. 
From equations (1), (2) and (3) follows 


_ cHoont.a(4a) 1 1+8 
4 i tA gee Pe = ee a ie ee 
( ) The Aa 4x0 I;(0) ("7/2 +1/64B) oo 


and this, with the values of Tables II and ITI yields the quantities of 
Table IV. 


5)” 6G. he MuLpERs, Aequivalent breedten van Fraunhofer-lijnen in het 
zonnespectrum, Diss. Utrecht (1934). 
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TABLE IV 
A | n,L in ¢.g.s. units 
4036 4,20 x 101° 
4040 4.08 
4050 3.29 


4. The prominence c compared with a 

Unfortunately, only a few data for prominence c are given in Results IT, 
because this prominence was so bright that only the two strontium images 
could be measured; the other images were too black to be compared with 
the calibration spectra. 

Now we try to combine the data of prominence ¢ with those of a, of 
which many monochromatic images have been measured by PANNEKOEK 
and Doorn. If we suppose that in these two prominences the abundance 
ratio of Sr to H is about the same, and also that c and a have the same 
Boltzmann-temperature (of the apparent thermal equilibrium), then the 
ratio of the total intensity of H to that of Sr+ will be the same in both 
prominences, H and Sr*+ having about the same ionization potential, 
respectively 13.5 and 10.28 Volt. (Since the ionization potential of Sr is 
only 5.67 Volt, the ratio of concentrations S7/Sr* is small and the con- 
centration of neutral Sr negligible) Cf. WuRM ‘). 

Thus we have for the total intensities: 


(5) PE eed St 
Now we know from Results II, Table 8: 


(6) Fis) gas z i al = 6.6, 
thus 
(7) H:,H = 6.6. 


From the data of a one can compute, in this way, the data fore. In doing 
this for the image in Hz, we derive the number of H atoms in the 4th 
quantum state, N,, which produce the Hg quanta by jumping down to 
the 2nd state. 
Unsoxp 8) gives for a 
aNy _ < 
(8) log aa 27.678 


4 
where g, = 2x4? = 32 is the statistical weight, or 
(9) iN, = 1.525 x 10°. 

For prominence ¢ one finds 

(10) N, = 6.6 gN4 = 1.02 x 10%, 


7) K. Worm, Mitt. Hamb. Sternw. Bergedorf 21, 103 (1948), no. 206. 
8) A, UNS6LD, loc. cit. 


Now we can write 
(11) oVy = ngLO 


where n, is the number of H atoms in the 4th quantum state per cm? in 
prominence c. 

The emitting surface was derived from the Jokkmokk print, Results IT 
fig. 4, as 


(12) O = 4.01x10?® cm?, 
and so one gets 


N,  1.02x10 ._ 
(13) gL =F = Fa = 2.51 x 100, 


Following UnséLD we assume the Sana formula 


te 

(14) “ate 29 KT 7, 
mM 94 

which amounts to the assumption of approximate thermal equilibrium or 

equality of electron temperature and radiation temperature. We may 


write (14) as 
_ 9192 jor", — A 
(15) 14n, Lb = ae KT ¢@ nD 
4 
3/2 

where K = ol = 2.432x 1015, 

%, = ionization energy from the 4th state = 0.864 eV, 

nm, = concentration of protons per cm in ¢, 

Ne = concentration of electrons per cm? in c, 

and the statistical weights g, = 1, g- = 2, 9, = 32. 


For T we have assumed the same value as that of a T — 7200°. So equations 
(13) and (15) give 


(16) NyneL = 5.97 x 1029, 


Now, if we suppose that most of the electrons originate from hydrogen 
atoms, so that n, becomes equal to m, we can combine the results of 
section 3 and 4, eq. (16) and Table IV: 


2 
Jen L and 


nN, ML L Se 


— 


(17) 


Thus we find the thickness in the line of sight and the concentration of 
electrons, given in Table V. 


TABLE V 
Prominence ¢ 
A xs in 
ee 
4036 29,200 km | 1.44 x 10! per em? 
4040 28,000 1.45 
4050 18,200 1.99 


Average 25,000 km | 1.610! per em? 
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The thickness found in our case from pure emission data appears to be 
rather higher than PErtit’s estimate, based on the dimensions of dark 
filaments. A partial explanation for this difference may be found in the 
fact that the prominence ¢ was seen at the limb, possibly in oblique 
projection. 

As remarked above, both n- and L have been determined. However, it 
should be pointed out that there is an element of uncertainty in assuming 
identical conditions in prominences c and a, which is due to the imper- 
fection of the data and not inherent in the method, which in the present 
paper was tried out for the first time. Also, the assumption of approximate 
thermal equilibrium at the Boltzmann temperature might need further 
justification. It can only be avoided by a reliable determination of the 
electron temperature. 

The writer wishes to express his thanks to Mr D. KoELBLoep for his 
aid at the apparatus, and to Professor H. Zansrra for suggesting the 
problem and valuable discussions. 


ASTRONOMY 


ON THE THICKNESS OF PROMINENCES IN THE LINE OF SIGHT 
BY 


D. KOELBLOED 
(Circular No. 5b of the Astronomical Institute of the University of Amsterdam) 


(Communicated by Prof. H. Zanstra at the meeting of September 27, 1952) 


Summary 

From the absolute intensity of the continuous spectrum, the thickness 
of two prominences in the line of sight were determined. The spectra were 
those taken by Davipson during the solar eclips of January 14, 1926. For 
the high prominence (height 14,000 km) a mean value of 10,000 km and 
for the low prominence (height 700 km) 20,000 km was found for the 
thickness in the line of sight. 


1. The formula for the thickness in the line of sight 

In Circular No, 3 of the Astronomical Institute of the University of 
Amsterdam the concentration of electrons n. and the electron temperature 
7’. were estimated for two prominences, using spectra taken by Davrpson 
during the solar eclips of January 14, 1926 1), 

According to ZANSTRA’s theoretical treatment, the continuous spectrum 
of a prominence in the two regions studied (4 3785 A and 4 4010 A) consists 
of two parts: the hydrogen recombination and electron switch spectra 
(indicated by C) and the spectrum given by the scattering of photospheric 
light by free electrons (indicated by c) 2), 

Let ex be the intensity per em at a certain wavelength A, due to scat- 
tering by electrons and L be the thickness in em of the prominence in the 
line of sight, then we have for the intensity per cm? of the scattered light 
€rl, considering the concentration n. constant. If J; is the observed 
intensity of the continuous spectrum, we have 


CA 
(1) oO) 1, =e, L. 
Equations (5) and (5a) of Circular No. 1 give 


1 15 
(2) E10 = Lea = ONes 


(2a) o = 6.67 x 10-25 


*) D. Korisiorp and W. Vetrman, Proc. Kon. Ned. Akad. v. Wetensch. Series 
B, 54, 468 (1951). (Circular No. 3 of the Astr. Inst. of the Univ. of Amsterdam). 
*) H. Zansrra, Proc. Kon. Ned. Akad. v. Wetensch. 53, 1289 (1950). (Circular 
No. 1 of the Astr. Inst. of the Univ. of Amsterdam) 


where Jrea represents the intensity of the continuous spectrum of the 
centre of the solar disc, in the case of the Fraunhofer lines being fuzzed out. 
The values of 6 are given graphically in figure 1 of Circular No. 1. 
If we express J, in the intensity )/,(0) of the solar continuous spectrum 
at the centre of the dise by 


(3) In = ao1,(0) 


the thickness in the line of sight of the prominence is found from (1), (2) 
and (3). We obtain 


log L = log (—2,) + loga + 


(4) ca tC, 
LT, 0) 1 BY ue 1 
+ log 2 ~ — log (SS) —log n, + 24.176. 


2. Numerical data and results for the thickness 


Professor ZANSTRA requested us to estimate the thicknesses of two 
prominences, studied in Circular No. 3, from the absolute intensities of the 
continuous spectra, measured at 43785 A and 44010 A. 

It should be emphasized that, owing to the fact that the solar spectrum 
is strongly over-exposed and that the photometry is not exact, the errors 
will be very large, especially in absolute intensity measurements. 

From table 4, Circular No. 3, we adopt 7’. = 5000° for both prominences 
and use the concentrations given there in column 4 and 6 for the case p = 1, 
p being the Schwarzschild exponent. The numerical data and the results 
for L are given in the table 


Cy +0, 
Low \ 43785 A 0.77 — 4.60 | 11.20 0.21 11,000 
prominence (/4010 A 0.86 — 4.35 11.01 0.15 28,000 
High § 43785 A 0.96 — 5.71 10.64 0.21 4,000 
prominence (/4010 A 0.97 — 5.36 10.36 0.15 14,000 


The second column is derived from fig. 2, Circular No. 1. It is seen that, 
especially in the high prominence, the c-spectrum predominates. In that 
case only (7J'.)":/ne can be determined (cf. Circular No. 1, formula (6)). 
We therefore prefer to assume a value of 5000° for 7. and compute the 
resulting ne and L. 

For the lower prominence (apparent height outside the disc 700 km) the 
exposure time was 5 sec., for the high prominence (height 14,000 km) we 
adopt 55 sec., and for the solar spectrum 1 sec. 3) The solar spectrum was 
photographed with the mirror stopped down to 1/,, of the full aperture =); 

3) ©. R. Davipson and F. J. M. Srrarron, Memoirs of the R.A.S. 64, 105 


(1927), p. 110; Davipson, MINNAERT, ORNSTEIN and STRATTON, M.N. 88, 536 (1928). 
4) Davipson, MINNAERT, ORNSTEIN and STRATTON, loc. cit., p. 546. 
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Using these data, we find for log a the values given in column 3. In 
column 4 log m, and in column 5 log 9f3(0)/Jrea is given. Column 5 was 
derived from fig. 1, Circular No. 1. 


The resulting thicknesses L of the prominences in the line of sight, 
computed with (4), are given in the last column. For the case p = 0.8 they 
turn out larger, therefore the values given here are perhaps minimum 
values. The results for 4010 A should be given somewhat larger weight, 
as the continuous spectrum is stronger here than for 3785 A. Then we 
adopt L = 10,000 km for the high prominence and LZ = 20,000 km for 
the low one. These values are of the same order as found by Have for 
prominence a in the preceding paper. 


GEOPHYSICS 


CONVECTION-CURRENTS IN THE EARTH AND THE ORIGIN 
OF THE CONTINENTS. I 


BY 


F. A. VENING MEINESZ 


(Communicated at the meeting of October 25, 1952) 


§ 1. Introduction 


The development of the Earth’s topography in spherical harmonics 
published by Prey in 1922 shows curious features 1). If we combine all 
the terms of each order in a mean value for that order we get sixteen 
figures corresponding to the coefficients of PREy’s development pursued 
by him up to the 16th order. As the map given by Prey shows his develop- 
ment represents already quite well the main features of the topography 
and, therefore, the distribution of continents and oceans. 

The curve formed by these sixteen figures as ordinates shows a curious 
regularity. Instead of discussing this curve, however, we shall examine a 
very similar one representing the mean values of the sixteen spherical 
harmonic terms of the thickness of the sialic layer. If we assume onthe 
basis of the gravimetric and seismic data that the main topography of the 
Earth is caused by the fact that the upper part of the crust — called sialic 
layer here — is floating on the deeper layer and irregularly distributed 
over the Earth, being thick in the continents and thin or absent in the 
oceans, we may suppose that in case there were no water the thickness of 
the sial would at least in its great lines, be proportional to the topographic 
elevation. The presence of the water brings about a slightly more com- 
plicated relation but a second development by Prey — called B, the first 
one being indicated by A — of the Earth’s topography in which the 
elevation above sea-level is put zero allows to derive the sial-thickness also 
when taking into account the load exerted on the crust by the sea-water ; 
if the densities of sial and subcrustal matter are 2.67 and 3.27 it is given 
by 5.45 (A — 0.385 B). 

The curve thus obtained turns out to be nearly proportional to the 
original one relating to the topography itself; it is given by fig. 1. We 
see that it is remarkably regular showing two outstanding peculiarities, 
the decrease of the ordinates for increasing values of n and the regular 
waves in the curve. The first peculiarity disappears if we multiply the 
ordinates by n' (n + 1)*; the curve of fig. 2 giving the result of this multi- 


1) A. Prey, Darstellung der Héhen und Tiefenverhiltnisse der Erde, Abh. Ges. d. 
Wiss. Gottingen, Math. Phys. TKGL, OSG 1845 S0ly Th (UPA) 


Fig. 1. Deviations of Earth’s crust’s thickness, mean values of spherical harmonic 
terms of orders 1—16. 


<m 
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Fig. 2. Ordinates of fig. 1 multiplied by Vnin +1). 
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plication shows no longer a systematic decrease of the ordinates. It further 
shows the three waves to have now about the same order of magnitude 
and to be remarkably similar in shape. We shall see afterwards that this 
multiplication comes to the same as a division by the horizontal dimensions 
of the features corresponding to each order of the spherical harmonic and 
so the fact that the decrease of the ordinates for increasing n disappears 
by it means that the height of the topographic features represented by a 
certain order is more or less proportional to the horizontal dimensions 
corresponding to that order. 

Returning to the curve of fig. 1 we see a large first order term, cor- 
responding to the well-known fact that there is a hemisphere containing 
most of the continental area’s of our globe and one showing oceanic 
character. Then follows a wave reaching from the 2nd to the 7th order 
terms, and afterwards two more, resp. from the 8th to the 11th and from 
the 12th to the 16th order terms. The two first features, the large Ist order 
term and the wave from the 2nd to the 7th order, are together representing 
the principal part of the continent-ocean distribution; the map giving the 
topography represented by the lst—5th order terms shows this distribu- 
tion already clearly. 

For finding the causes of these two principal features we may start with 
the wave of terms from the 2nd to the 7th order; the regular trend of their 
ordinates indicates a common physical origin. As the writer has already 
pointed out in his former papers!) on this subject, he thinks that a good 
explanation can be given by the hypothesis of convection-currents having 
occurred in the mantle of the Earth which have dragged together the sialic 
matter floating on it in large shields above the sinking currents and there 
have created the continents. It can be proved — and it is the object of 
this paper to submit this proof to the reader — that the distribution of 
these current-systems corresponds to a distribution of these shields 
according to a series of 2nd to 7th order spherical harmonics with ampli- 
tudes as given by the hatched curve of fig. 1 and it strikes us how similar 
this is to the actual curve present. 

In his last papers (1952) the writer has discussed how likely it was that 
also the large first order term of the topography has originated in the same 
way but in this case the current-system must have been distributed 
according to a first order spherical harmonic, and must, therefore, be 
expected to have occurred in the first period of the Earth’s history when 
the core had not yet differentiated. It may in fact be supposed that this 


1) F. A. Ventnc Mernesz, A remarkable feature of the Earth’s topography, 
prelim. paper, Proc. Kon. Ned. Akad. v. Wet., 53, 7 (1950). 
A remarkable feature of the Earth’s topography, origin of conti- 
nents and oceans, Proc. Kon. Ned. Akad. v. Wet., 54, 3 (1951). 
Het ontstaan van continenten en oceanen, Jaarb. Kon. Ned. Akad. 
vy. Wet. 1951—’52, rede 29 Maart 1952. 
The origin of continents and oceans, Geol. en Mijnbouw, 14, 11, 
373 —384 (Nov. 1952). 
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current passing through the Earth’s center has in this way promoted the 
differentiation of the iron-nickel core as well as of the sial-layer floating at 
the surface which the current itself must have pushed together in one large 
shield over an area of about one third of the Earth’s surface. In this 
present paper the writer shall also deal with this last current-system and 
with the probability of its coming into being under these conditions. 

In the same paper of 1952 the writer has arrived at the hypothesis that 
after this first current-system a period of relative rest occurred during 
which the sialic proto-continent acquired a certain rigidity. The Earth’s 
cooling during that time must have led to a new instability which during 
the subsequent period gave rise to the current-system in the mantle and 
the currents of this second stage must have torn the proto-continent 
asunder and distributed the parts, at least in their great lines, according 
to their present position, i.e. corresponding to the wave of spherical 
harmonic terms of the 2nd to the 7th order of fig. 1 as already mentioned. 
The similarities of continental coasts, as e.g. those of S. America and 
Africa can thus be explained as the result of the rents in the proto-continent 
and the dragging apart of its pieces by the second stage current-system. 
As we may expect the sialic protocontinent, by its greater content of radio- 
active constituents, to have caused higher temperature below it than 
below the proto-ocean and thus to have brought about rising currents 
below it, we can thus understand the ring of smaller oceans. as the Atlantic, 
the Indic and the Arctic Ocean, surrounding the remaining part of the 
proto-continent, the Eurasiatic and African continental shields. 

That the many subsequent convection-current-systems, which, because 
of the cooling of the Earth, must be expected to have occurred, have not 
continued to tear asunder the continents, may probably be attributed to 
the increasing rigidity of the crust and the addition of one or more lower 
layers to this rigid crust of a density between that of the sial and the outer 
part of the mantle. These current-systems may be supposed to have 
brought about the orogenic periods during which the folding and over- 
thrusting of the crustal layer gave rise to folded mountain-ranges and 
possibly, as we shall shortly discuss at the end of this paper, the first of 
these subsequent current-systems has led to a shift of the crust with regard 
to the poles which gave rise to a shear-pattern in the crust. 

We shall not further enlarge here on the geological and geophysical 
sides of the convection hypothesis and only shortly mention the basic 
condition required for such phenomena; they can only occur in a homoge- 
neous layer or in a layer in which two phases of a substance are present, 
but in which the transition between these two phases is a reversible process 
and only dependent on pressure and temperature in such a way that the 
transition temperature rises as the pressure increases, 

The seismic data about the mantle of the Earth as given by Brrcu 1) 


*) Fr. Brron, Remarks on the Structure of the Mantle, and its bearing upon 
the possibility of convection-currents, Trans. Amer. Geophys. U., p. 533 (1951) 
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and other seismologists as BULLEN, GUTENBERG, JEFFREYS, a.o., do not 
exclude the possibility that this condition is fulfilled in the whole mantle. 
Reduced to surface conditions of temperature and pressure the density is 
likely to be 3.3 from the lower boundary of the crust up to a depth of 
200 km and 4 from a depth of about 950 km up to the core. In the zone 
between the density is probably changing gradually from 3.3 to 4.0. For 
this area we should, therefore, have to suppose a transition-zone from a 
phase with density 3.3 to a phase with density 4.0 and, therefore, a tempera- 
ture increasing with depth according to the temperature-pressure-tran- 
sition-curve. 

This paper deals especially with the problems of convection in a 
spherical shell, as e.g. the mantle, and in a sphere. One of the main points 
of discussion will have to be the distribution of the current-system over 
the sphere. For these problems we shall introduce spherical harmonics and 
we shall compare the results with the curve of fig. 1 derived from the 
Earth’s topography. 


§ 2. Convection in the mantle 

For dealing with our problem we shall start by following the method 
of Lord Raytereu, O.M., F.R.S., given by him in his paper about “On 
convection currents in a horizontal layer of fluid, when the higher tem- 
perature is on the under side” 1). We shall apply this method to derive the 
equations for stable convection-currents in a spherical shell. It is true that 
the currents in the Earth are likely not to be of that kind as we must 
probably assume that the stresses in the mantle must exceed a certain 
“strength” limit before creep or flowage can occur *) and that thus periods 
of rest will occur. We must suppose that during these periods the cooling 
not only brings about a vertical temperature gradient which, because of 
the accompanying gravity effects, gives rise to the storing up of potential 
energy, but that also in some areas a horizontal gradient develops — possi- 
bly by radio-active effects — which at a certain period leads to the over- 
coming of the strength-limit and the originating of current-systems. We 
may assume that these currents continue till the major part of the potential 
energy is consumed and that then a period of rest will again set in. The 
equations for such a pseudo-periodic system of convection-currents are 
extremely difficult to solve. 

As, however, the result of our investigation of stationary convection 
will show a remarkable correlation with the distribution of the thickness 
of the sialic crust as given by the amplitudes of the spherical harmonic 
terms represented in fig. 1, there seems to be reason to suppose that the 
currents in the mantle of the Earth are governed by similar equations and 
further study of the subject will show this to be indeed likely. 


1) Phil. Magaz., p. 529 e.s. (Dec. 1916). 
2) See: David Griaas, A theory of mountain building, Amer. J. 0. Se. 237, 


611—650 (Sept. 1939). 
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In dealing with our problem of stable convection in a spherical shell 
we shall keep into close touch with Lord RayLercu’s solution for a plane 
layer of fluid. We separate the temperature 6 and the pressure p in a part 
belonging to the mechanical equilibrium condition showing a stable vertical 
temperature gradient 6 and a vertical pressure gradient go’ — a, go’6 where 
o’ is the density and a, the thermal volume expansion coefficient and, 
secondly, in a part caused by the current which we shall henceforward 
indicate by @ and p. With RAayLeiGH we shall follow BoussrvEsq (Théorie 
Analytique de la Chaleur, p. 172, 1903) in assuming that we may neglect 
the effect of pressure on density and that the only temperature effect to 
be taken into account is that on the density as far as it changes the effect 
of gravity. 

We shall now suppose that the speed of currents in the Earth — which 
in the present period is probably of the order of only a few centimeters 
per year — is so small that the derivative with regard to time of all 
quantities may be put equal to the derivative with regard to time in the 
same place (d/dt = d/dt) and we shall further assume that the current is 
stationary and that, therefore, for all quantities d/dt = d/d¢ = 0. This last 
assumption means that we have the minimum conditions for which 
convection is possible; Lord RayiercH has shown that otherwise the 
speed of the current is increasing. We shall lastly assume that the com- 
pressibility of the fluid may be neglected. 

For the plane case the equations of motion thus reduce to (the z co- 
ordinate is chosen positive in the direction of gravity; » is the viscosity- 
modulus; wu, v, w the components of the speed) 


3 2 

(1a) = + nviu=0 
op ou ov dw 

lb ey eee! 2a, — 0 » nt: a he 2 ee eee 

( ) wT UV v (2) oe * By ' dz = 0. 
0 : 

te) — $F +n v?w—ao'g0 =0 


The temperature conduction (coefficient of thermometric conduction Lt) 
gives 
(3) “V70 = Bw 


For spherical coordinates, radius 9, polar distance 6, longitude 4 and 
speed-components V,, V, and V, these equations take the shape 


dp ‘ Vo 2 20s V 2n W 

= wet pf 28h oe ee Wid ee a vere eee 
(4a) ico Ly fs 1 o8 0? 0 n cotg 6 0 e*sin?d dA 

+ a,0'g8 =0 

12 2n WV, 2n cotgd IV 
4b Pate Abs 27 oe Ee eee ee et Oe oe 
(4b) a2 TV Vota 3d. p®sin®d Vo of amd oa 

? 2n Wo , 2n cotgd dV 

IS) et eee oe te 2 mH OVe , By Cotg 0 OVs ” 
x25) ganda PUN Vat age hot aad Bi Tanke 20 
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OV V WO, V il oie 
5 Ne ae yeep Oe GH A 
(9) a Q a i ee 0 
(6) = [b70 = PV e- 


For solving the equations 1, 2 and 3 for the plane layer RAYLEIGH supposes 
the quantities u, v, w, 9 and p to be functions of z multiplied by 


(7) Geet 

This harmonic function of x and y can also be given by the equation 
(8) v?K + PK =0 

in which 

(9) PHP +m 


The function K of formula (7) is the general solution of (8), independent 
of the values of J and m as long as the condition (9) is fulfilled and we shall 
see that the solution of our convection-problems obtained by means of 
RAYLEIGH’s supposition is indeed only dependent on f and not on / or m. 

If introducing the function K this supposition leads to the following 
assumptions 


0K 

U AY aes 

Pe 0K 

came OuENT 

(10) e 
w= WK 

6 =0, 4 

Pp =p,K 


in which v, Wp, I and py are only functions of z. 
Introducing these formulas in the equations la, 1b and 2 and eliminating 


Vy we find 
(11) P= Be 


By differentiating (11) with regard to z and by assuming that, in doing 
so, we may neglect the differential quotient d7/dz, we find dp,/dz and by 
introducing this as well as the formulas 10 in le we obtain 

(12) ee ea ta 


oz4 02? 


Equation (3) becomes, by introducing the formulas (10) 


(13) Fwy _ SO 2G, = 0. 


We have thus obtained two equations for wo and 0); (12) may be called 
the equation of motion and (13) the equation of temperature conduction. 
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For allowing the computing of v, when wy has been derived, we add the 
formula derived from (2) combined with (10) 


(14) 1 = a ae 
Py) may be obtained by means of (11). 
By applying 10 we can find the three components of the speed, the 
pressure p and the temperature 9. For the stresses we may refer to § 4. 
We shall now take up our problem in spherical coordinates. The sup- 
position made by Lord RayueicH for the plane fluid-layer can be replaced 
by the following one which closely adapts itself to the shape we gave to 
Lord RAYLEIGH’s assumption. The formula’s 8 and 10 become 


(15) ee. oar’ Y,=0 
in which 
1 dY. 1 dY. wy. 
2 pe) sori Mad fe esta 2 ae Sal Ls 
ps Ye tn E aa + ants oar t Voted 35 | 
ie = Wo Fx 
Wn 
(16) _ % On 
i sind dA 
0 =0)Y- 
Pp a Po ) 


in which wp, Up, 4 and p, are only functions of op. 
Introducing this in the equations 4b, 4c and 5 and eliminating vy we 

obtain 
(n?+n—6) dw, 6 wo l 9 O*W 


NO FARES oI ta Ramey peony rd 


nin+l) 2% Tnin+l) 2 2 —" nal? mr — % 


By differentiating this with regard to 9 and by assuming that, in doing 
so, we may neglect d7/de, we find dpo/do and by introducing this in (4a) 


at the same time with the formulas (16) we obtain the equation of motion 
d4wWo 8 8wo _ 2(n?+n—B6) 2wy = 4n(m+1) Iw 
do! 203 2 ak = 3 ea 
(18) eg =e - 8g @ d0 Q dQ 


+ (m—A) n(m + 1) (m + 2) n(n + 1) HM _ 


By introducing the formulas (16) in (6) we find the equation of tempera- 
ture conduction 


— w =a SUE 
pO So so tg 


> 


We thus have found the two equations for wy and 6, for the spherical case 


which are directly comparable to the equations (12) and (13) for the plane 
case, 
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For allowing the deriving of vy when wy has been obtained, we add the 
formula for v) derived from (5) in combination with (16) 


1 ow F 
emule et) 


yp May be computed by means of (17) and (16) then gives us the three 
components of the speed, the pressure p and the temperature 9. For the 
deriving of the stresses we may again refer to the last §. 

Before taking up the deriving of wy from the equations 12 and 13 for the 
plane case and from (18) and (19) for the spherical case we can draw a 
general conclusion from the way the solutions and equations for the two 
cases have been derived. We see that the distribution of the current- 
system in a sense perpendicular to gravity is given by the equations 8 and 
15 and we see that they merge into each other if we put 


(21) p= “ 

and if we assume 7 as well as 9 to be large. We may also remark that in 
both cases the distribution is not entirely defined by (8) resp. (15). In the 
plane case we are still free to choose the quantity / (see formula’s (7) and 
(9) under the condition that / <f; if we take / = f our plane current- 
system becomes two-dimensional, i.e. independent of the y coordinate. 
In the spherical case we can freely choose the 2n + 1 coefficients of the 
sub-terms which together form Y, and in this way vary the distribution 
of the current-system. If 7 is becoming infinite this variability becomes 
likewise infinite in the same way as for the plane case. 


(to be continued). 
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F. A. VENING MEINESZ 


(Communicated at the meeting of October 25, 1952) 


§ 3. The solution of the equations (12) and (13) for the plane case and (18) 
and (19) for the spherical case 
If for the plane case we assume the quantities 7, a, and 9’ to be constant 
the elimination of 6, from the equations (12) and (13) is simple; by means 
of (12) we express 4) in wy and we introduce this in (13). We thus obtain 
Lord RayLetcu’s equation 


(22) wie _ 3 pp be 4 3 ps st — fw, + “ef fw, = 0, 

The general solution is simple 

(23a) Wy = Aye’? + Ayeise + A, citer 

in which A,, A, ... A, are integration constants and 81, 8, ... 8 the six 
roots of the equation 

(23b) (8 + ps = SEH po 


By means of the integration-constants A we can adapt the solution to 
the conditions at the upper and lower surfaces of the fluid-layer. For both 
surfaces we shall have to put wo = 0 and if we assume no horizontal 
temperature-gradients at those surfaces also § — 0. For the 5th and 6th 
conditions Lord RAYLEIGH assumes for both surfaces )®w,/dz? = 0 which 
is fulfilled if the shearing-stresses on both surfaces are zero. These con- 
ditions make the solution especially simple; we obtain 


(24a) UW) =A sin pz 
with 

at GS 
24b 2/2098 2 a9 
(260) Oe es 


The thickness of the layer D is given by 
24¢ ante 
(24c) D =f 


We may — as Lord Rayturen did already in his paper — ask for which 
horizontal current dimensions the thickness D becomes a minimum; 
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in the case of a fluid-layer of infinite horizontal dimensions the horizontal 
dimensions — or what comes to the same the quantity f — can freely 
adjust themselves. We find this minimum of D by putting s = p in (23b), 
by differentiating this equation with regard to f® and by putting 
d(p?)/d(f?) = 0. We thus obtain 


25a 3 (2 + f2y2 — 1298 
(25a) (pF?) 9 


and by introducing this in (23b), in which s = p we get 
(25b) p* —= 22 


In case the horizontal distribution is independent on y, i.e. if we have a 
two-dimensional current-system, the values of / and / are equal and so, if 
L is half of the wave-length in a horizontal sense or, in other words, if D 
is the diameter of the sinking and the rising column of the current, the 
equation (25) gives 


wath [p= 


f 

If we have square fields of rising and sinking columns, we have / = m 
and (25) gives p = 21 = 2m. So the horizontal dimensions L’ of these 
fields become 


(26a) L=Dy 


(26b) L' = 2D with L' =+=—. 


From the formulas (25) we derive the minimum value of D = a/p to be 


21H 
ee, Dat | aoe 
As Lord RayueicuH has already shown, this is the minimum thickness for 
which convection is possible. If the thickness D is given we can also derive 
from this formula the minimum temperature-gradient £6 required for 
convection. These minima are only valid for the surface-condition 
d2w,/d22 = 0 assumed by Lord Rayteicu and for the case the horizontal 
dimension of the current-system can freely adapt itself to the values 
given by 25b, or 26a and 26b. Otherwise D, resp. 6 have to be larger. 

JEFFREYS 1), p. 140, introduced the quantity 4 of zero dimension which 

for a thickness / is given by 
(28) = BO 7, 

ile 
This quantity 2 dominates the convection possibilities. We see that its 
minimum value in the most favourable conditions as given by 27 is 


oT s* 
(29) i ie 657.00, 


1) HAROLD JEFFREYS, The Earth, p. 140 (2nd Ed., 1929). 
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We shall now take up our problem for the spherical case and with 
special reference to the Earth. We have to solve the equation of motion 
(18) and the equation of temperature conduction (19). In doing this we 
have to keep in mind that at least several of the physical quantities 
entering in our equations are not constant throughout the mantle or 
throughout the whole Earth. This is especially true for the coefficient 9 of 
pseudo-viscous flow or pseudo-viscous creep, for the gravity g and for the 
temperature gradient 6. In deducing the equation 18 we have already 
once neglected the differential quotient 0d7/d0 and if we now use 18 for 
expressing the temperature § in wy and for introducing this in (19) we 
have to differentiate twice more and the question is whether in doing so 
we may be allowed to neglect the variability of g/7 and other uncertainties. 

We shall start by supposing this to be the case and proceed in the way 
mentioned. We thus obtain the following 6th order equation for wo: 


fw, , 14 d08w. (3n?+3n—50) d4uy  8(2n?+2n—5) d3w, 


de® " @ d¢5 Q do! o 20° 
(30) n(n+1) (8n?+3n—14) dw, , 2n(n+1) (n?+n-4+2) dW 
ot d¢? 0° oe 


salt g)2 Yo 1) 22GB Wo _ 
(m —1)(n) (m+ 1) (m+ 2) 28 + n(n + 1) HEHE He — 0, 


If the last term is a whole rational function of @ this equation can be 
solved. If 


i! azo’ gp | Ps 
(31a) ag oe Cos 


the solution is: 


EH ef K 
onl . o” + one 


(31b) wu, = Ca ne Doers + Gort! he Ho") 4. 


in which D, G, H, E, I, and K are integration-constants and C’ is given by 


3] fi; On n(in+1)C 
(31¢) (n—s—2) (n—s—3) (n—s—b) (n +843) (n +844) (n+se+6)" 


If s has a value rendering zero one of the factors of the denominator in 
(31c), the first term of the solution becomes 


(31d) C"o**+4In 9 


in which C” can be found without difficulties. 

The six integration-constants have to be derived by means of the condi- 
tions at the upper and lower surfaces. 

We can now find a solution of our problem in putting the left member 
of 31a equal to an acceptable rational function of ge and deduce wy) by 
means of the formula’s 31. We then can divide the chosen e function by 
this value of wy and thus find the value of the first factor ao'gp/nu of the 
left member of 3la as function of @ for which our solution is valid. If 
required we can repeat this for another function of e and thus find out in 
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which way the current depends on different 9 functions for the temperature- 
gradient and on different assumptions for the other physical quantities. 

Instead of following the above way, however, we can derive our solution 
in two stages. First we can solve the equation (19) for @ in a similar way, 
viz. by substituting for Pw o/u a rational function of 9, and then solve 18 
by substituting herein the value of 6) in this way obtained as a rational 
function of . The value of wy thus derived can be substituted in Bw,/ and 
we thus find the value of f/u for which our solution is valid. 

This two stage-solution has the advantage to facilitate the introduction 
of the border-conditions, to avoid the differentiation uncertainties met 
during the deriving of equation (30) and to allow a clearer view of our 
assumptions regarding the physical quantities of our problem. 

The solution of (19) gives the following formula for 6) corresponding to 
a term Co*/R*** of Bw)/u (C is a constant having the dimension of a 


temperature). 
For 
Cos 
(32a) Fw = Ba 
we find 
. C ie. s+2 Q n B 
(32b) ie i= 2) (ae) el (R) + (/Ryr A 
or, in case s =n —2 or s = —(n+ 3) 
Oe (eye ee CS 
(32c) I) = Is+5 (4) Ine + 4 2) a (Q/R)"*? 


A and B are integration-constants which can be derived from the border- 
conditions on the inner surface (9 = 7) and the outer surface (0 = &). 
As we assume no horizontal gradients to be present we have 0) = 0 for 
each of the surfaces. 

In case we have a current-system in the whole Earth the value of B is 
zero and we find 


(33a) h> cece ta Oia) 


or, in case s=n— 2 


(33b) Fone (g)" nz. 


For two border surfaces, we shall assume the complete value for Bwolu 
to be given by 

C 
(34) Fwy = Fe e(R-e) (=) 


which formula takes account of the fact that wy = 0 for the two borders 
and that we may expect the value of # to decrease from the surface of the 


mantle downwards. 
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We shall consecutively assume n=1, n=2...n=7. The results 
are given in the Appendix. 

For one border surface, i.e. for a current-system in the whole Earth 
we shall suppose 


(35) Ew = pov 0” (R 0) 
and we shall assume n = 1, n = 2 and n= 3. For n = 1 we know only 
that w) = 0 for o = R but for 9 = 0 we may expect it to have its maximum 
value; for n = 2 and n = 3 it is clear that wy has also to be zero for 9 = 0 
and for these cases we shall, therefore, assume p to have a value which is 
one more than for n= 1. We shall furthermore apply two different 
assumptions for p in order to adjust it to a supposition of £ increasing 
quickly from the surface downwards or less quickly. 

We thus shall take consecutively 


m=1, p=1 and p=4 
(36) n=2, p=2 and p=65 
n=3, p=2 and p=5 


For these values the case s = n —2 of formula (33b) does not occur. 
The results for these cases may be given in a general formula 


(= aateraeo lt)“ + 


C p+3—n> n 
+ i p—3) pF 4) [2 i (z) ] (i) 

We can now introduce these values of 6) in the equation (18) and proceed 
to its solution. We have, however, first to make an assumption about the 
way the quantity a:o’g/n varies with o. If we assume first that there does 
not occur a change of phase in the matter in which the current-system takes 
place, we may perhaps as a rough guess suppose it to be constant, at least 
for the case of convection in the mantle. Gravity must for a short distance 
increase with depth below the crust, then decrease with greater depth and, 
approaching the core, increase again. We practically know nothing about 
7, the modulus of pseudo-viscous flow or creep in the Earth, but we might 
suppose that the higher temperature first brings about a decrease for 
increasing depth but that deeper down, where the temperature increase 
diminishes, the effect of the increasing pressure begins to dominate and 
to give rise to an increase of 7. For our computations we shall assume 
aro'g/n to be constant and so we shall suppose the last term of equation 
(18) to be proportional to 4p. 

For the formula’s derived for 9, the solution of (18) does not present 
difficulties. 

If the last term has the shape 


(37) 


4 ao’ g Oo _ F /o\t-2 
om) ne MEE nan 
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in which the constant F has the dimension of a speed, we find 


a n(n+1)F 0 t 0 n+1 
\ Wo (n+1—s) (n—1—s) (n+8) (n+2-+8) (4) +G (4) a 


H ($) Le ie 2 Ea 
ts R at (o/R)” I (0/R)r+2 


(38b) 


in which G, H, J and K are integration constants but if 


t=(n+ 1) 
(38c) : ee 1) 
t= —(n + 2) 
we obtain 
fe ee eee PO Ry ad Oe OV Re 
(38d) i 2-0) [m+ 1-9 (n+2+H)+(m—1—A (n+) (z) ng + 
Q n+1 rm Q n—1 * i K 
e (a) au S ' (9/R)" + (o/R)"+2° 
If the last term has the shape 
(39a) n(n +1) Wo aint (e) ng 
we find 
alee iad | i ean 
0 =~ (a—t—l (n—t+1) (n+ (n+t+2) (3) In jiu = 
2n(n+1) (24-+1) [(t—n) +n =UF" (2 
(39b) (n—t—1)2 (n—t+1)2 (n+1)? (n+t+2)? (4) ar 


6) + 8G) + amet ae 


These formula’s cover all the cases the solutions for 4 give rise to and so 
we can derive the complete solution. The integration constants have to 
be derived from the border conditions for w, on the outer and inner surfaces. 

One of these conditions must be w, = 0. For the other we shall choose 
the same one as Lord RayLEIGH; as we are especially investigating 
possible convection-systems during the beginning of the Earth’s history 
when probably the Earth was not yet covered by a strong rigid crust, the 
supposition of zero shearing-stress seems acceptable for the surface and 
certainly indicated for the lower boundary of the mantle. According to 
the formula’s for t, and 1, in § 4 this condition amounts to 


DO, Oy 9 CA 0 


Combining this with w) = 0 and with the condition of incompressibility 


given by 


0 
Ziv +05, —2(0 +1) v= 0 
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we can eliminate vy and put this condition in the shape 


= Ow ew 
(40b) 2 ol 0 sa =0 
or 
02 
(400) 2 (euy) = 0. 


For currents in the whole Earth, i.e. r = 0, we have obviously 
Luk =) 


The two other constants G and H can be derived from the two conditions 
Wy = 0 and 40b or 40c¢ at the surface, ie. for 9 = R. 

The results of the deductions are given in the Appendix, i.e. the formula’s 
obtained for wy for currents in the mantle for n = 1,2,...7 and for 
currents in the whole Earth for n = 1, p=1 and p=4 and for n= 2 
and 3, p=2 and p= 6. 

It is simple now to derive the value for each point in the current-system 
of the quantity 2 as given by formule (28). According to the formula’s (34) 
and (38) we have for the case of currents in the mantle 


_ ao’ gB 4 _ 9(R—g) (g—r) (R—r)4 
oa ee ee dene 5F a 


and according to (35) and (38) for currents in the whole Earth 


_ %0'9B rq _ 0P(R—@) RE 
nu (wo/F) Rots” 


(42) 
These quantities 2 are, however, not constant over the area of the currents, 
they are dependent on @ but they are constant for the same value of 0. 
The question arises what meaning these values of 2 now have. 

We shall start by taking a mean value and we shall do so in two ways 
first by taking the mean over a radius and secondly over the whole volume. 
For investigating the correlation with the curve of fig. 1 we shall also add 
the reciprocal values, multiplied in the first case by 2700, in the second 
by 3050, 


I. Mantle Currents 


n A, = mean over 4), = mean over 2700 3050 

radius) volume i os 

1 1949 2215 1.386 1.377 

(43) 2 933 1058 2.892 2.883 
3 741 837 3.644 3.640 

4 760 854 3.553 3.572 

5 882 986 3.060 3.093 

6 1094 1210 2.467 2.520 

7 1394 1532 1.937 1.990 


We see that the mean values have nearly the same ratio; multiplying 


the reciprocal values of 2, by 3050 instead of by 2700 they practically 
coincide with those of 4, 


1) Since previous papers the method for deriving 2,, has been improved and 
the results are slightly different but their ratio’s are practically the same, 
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According to the results obtained by the writer the figures we should 
have found for other acceptable suppositions about fw )/u do not differ 
much from the above values provided at least we should choose an appro- 
priate multiplication-constant. We shall check this statement by com- 
paring the results found for the two different assumptions made for p for 
the case of convection in the whole Earth; as the temperature distribution 
for these two cases is widely different, this seems fairly convincing. 

The figures of the last two columns of (43) are represented in fig. 1 by 
the hatched curve and it strikes us how well this corresponds to the first 
wave of the main curve; the multiplication-factors of 2700 and 3050 have 
of course been chosen to adjust the scale in order to show this close 
correlation more clearly. Examining it and realizing the likelihood of 
convection having played a part in the origin of the continents, we can 
hardly doubt the significance of this correlation. Moreover, knowing from 
the case of convection in a plane layer that a minimum value of the 
quantity 2 means a minimum temperature gradient sufficient for main- 
taining convection, we may admit the probability that for a greater 
gradient the speed of the current and, therefore, the amount of sial swept 
together by this current, will be inversely proportional to the value of A and 
this is what the correlation of the two curves of fig. 1 seems to indicate. 
Still for several reasons it appears desirable to get a clearer view of this 
relation and thus to give our hypothesis a stronger foundation. 

In the first place our equations and formula’s are based on the sup- 
position of a stationary convection current and, as we have mentioned 
in the introduction of § 1, it is likely that the currents have no such 
character; they seem to be pseudo-periodical. After a period of rest during 
which the Earth’s cooling brings about a vertical temperature gradient, 
the current may be supposed to be started again by some trigger-effect 
causing a horizontal gradient of a sufficient amount for overcoming the 
strength-limit of the mantle; it then makes about half a turn, thus bringing 
the cooler and heavier matter down and it comes again to a stop when 
stability is reestablished. 

In the second place we must get a better insight in the meaning of the 
quantity 2 and its mean value over the current. Before, however, taking 
this up we shall first give the figures for the case of convection in the whole 
Earth and we shall do so for both sets of values of p, viz. p = 1 resp. 2 


and p = 4 resp. 5. 
II. Currents in the whole Earth 


n p Am =meanover 1, = mean over Cc cs; 
radius volume he Te 
1 1 928 1493 3.900 3.900 
2 2 1828 3145 1,979 1.852 
ae 3 2 3610 5125 1.002 1.136 
1 4 1522 3315 3.900 3.900 
2 5 2563 5735 2.312 2.251 
3 5 3811 8354 1.556 1.547 
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The values of C and C’ are different for the upper and lower set of three 
figures; for the first we have C = 3619 and C’ = 5823, for the second 
C = 5930 and C’ = 12920. All four multiplication-constants have been 
adjusted to a value for n = | in the last two columns of 3.900. This figure 
is the root of 4.140% — 1.382? in which 4.140 is the total value of the first 
order term of fig. 1 and 1.382 the first order term of the last two columns 
of table (43). This corresponds to the hypothesis that the first order terms 
of the two consecutive convection-systems supposed to have brought 
about the main part of the continent-distribution have been combined 
in the same way as independent errors are supposed to do but although 
this offers probably the best chances of being near the truth this is obviously 
entirely uncertain. As, however, our main conclusions are concerned with 
the ratio’s in each column for the cases n = 1, n = 2 and n = 3 and as 
these ratio’s are independent of the multiplication constants, this uncer- 
tainty has no importance. 

Examining our table (44) we find again that the two ways of taking the 
mean value of 4 give about the same ratio’s of the cases n = 1, n = 2 and 
n = 3 and we see likewise that these ratio’s do not differ much for the two 
sets of values for p or, in other words, for the two widely diverging sup- 
positions about the temperature distribution in the Earth corresponding 
to these two sets. This gives a strong indication that the ratio’s obtained 
do not differ much from those corresponding to the real temperatures 
present in the Earth and that, therefore, our conclusions have general 
validity. 

There is a reasonable chance that they are also sufficiently proof with 
regard to other causes of deviation from the equations; there can hardly 
be any doubt that such a current-system must have promoted the dif- 
ferentiation at the surface of the sial-layer and in the Earth’s centre of the 
heavy matter of the core. This must no doubt have affected the convection- 
currents. Still, the predominance of the first order term above the second 
and higher order terms is such that the probability that a current-system 
of that type would be the principal phenomenon during the beginning of 
the Earth’s history seems to be great. Our hypothesis that in this first 
period one proto-continent came into being appears, therefore, to be well- 
founded. 

For getting a better idea about this current-system the writer has 
derived current-lines for it; they are represented in fig. 3. This figure also 
gives two dotted graphs for the distribution of the speed in the vertical 
axis of the current and in the plane at right angles to it; in both cases the 
speed is parallel to the vertical axis. 

A thing to be noted is that the diameter of the central current is clearly 
exceeding that of the core and so this is in favour of our supposition that 
the differentiation of the core could be explained by this current-system. 

We shall now examine the meaning of the quantity 4. From its formula 


4 = 10°98 54 
ne 
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we may conclude that the numerator of the first factor is narrowly con- 
nected with the thermic-gravimetric potential energy giving rise to the 
convection-current, while the two factors of the denominator represent 
the counter-acting effects of the internal friction of the current-system 


Fig. 3. First order current-system in the Earth; the dotted curves give the distri- 
bution of the speed in the vertical axis and in the plane at right angles to it. 


and the thermic conduction which is continually tapping the potential 
energy. 

By integrating 4 with regard to @ we can derive for each value of 9 a 
quantity 4, which contains the total temperature difference between the 
lower surface of the current, resp. the Earth’s centre, and the surface with 
radius 9 instead of B = 06/2 and we can multiply this by the surface 
40? of the sphere with radius 9. We may then construct a curve on the @ 
axis as absciss-axis and this product, which we shall designate by q, as 
ordinate and we can then derive the potential energy Hp by means of the 
following formula’s. Indicating the mean values of g, 7 and y over the total 

37 Series B 
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height of the current by the sub-index m we have 
Nm Lin ms 
(45) B, = Troy J OY — Fn) dg 


or, according to the meaning of g and q, 


R R 
(45) B, = Time [J %Aedo — 4(R +r) | o2Agdo] 
with 
(45b) dp lade, 


rT 


Applying these formula’s we find that the ratio of the potential energies 
required for stationary convection in the mantle distributed according to 
spherical harmonic terms of the orders 1 — 7, is again practically the same 
as given by the first columns of table (43) and applying the formula to 
convection in the whole Earth we find the same ratio’s as given by table 
(44). The potential energies thus derived are the minima required for 
convection, 

It appears not difficult to explain that convection in the Earth must 
have brought about sial-accumulations at the surface that are inversely 
proportional to these minimum potential energies; the potential energy 
piling up in the Earth during the periods of rest because of the cooling is 
very large with regard to those minima here dealt with and once the 
unstable equilibrium is broken by some secondary effect, and a current is 
setting in, we may probably assume that the energy used up by this current 
is about equally distributed over all orders of spherical harmonics. The 
effects of the parts of the current corresponding to these orders in 
dragging along the sial at the surface thus seem likely to be inversely 
proportional to the minimum energies required for currents distributed 
according to these orders. i.e. to the values of EK, we have derived, and 
this appears to be what has actually occurred. 

An interesting problem might be raised by the question whether during 
the convection in the Earth the distribution in a horizontal sense of the 
current-systems is mainly brought about by the condition of minimum 
internal friction or whether the temperature conduction also plays a part 
here. The last seems to be the case. 

For proving this we shall restrict ourselves to the simplest case, the 
problem of convection in a plane layer. For incompressible fluids the 
energy lost by internal friction, called by Lord RavLeicn the dissipation- 
function, is given by the formula 


b= al) + G+ Ge) GE 


ae 1 (du , Ww\2 1/dw . dwW\2 
+5 ly +33) ta(g tae) | 
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By introducing the solution of Lord Rayieien dealt with by formula’s 
(24) in combination with (15) and (16) we obtain 

(46b) EA A? (44) 

in which Z, is the mean value per unit of volume over the whole current- 
area. The quantities p and f are resp. /D and a/L where D is the thickness 
of the layer and L the diameter of the rising and sinking columns provided 
we have a two-dimensional current-system. From (46) it follows that H, is 
a minimum when f+ p?/f has a minimum value and so, for_a certain 
value of p, we find 


(47a) De = if 


This is not the same as the result found for our current where, according 
to formula (25b), a minimum value for the required temperature gradient 
is obtained for 


(47b) p? = 27? 


As the horizontal distribution of the current-systems which we must 
expect to have occurred in the Earth, have turned out to be similar to 
that of stationary convection, we may conclude that these do not coincide 
with a current-system having a minimum of internal friction. In ex- 
amining this more closely in the deductions on page 2 we see that the 
result p? = 2f? is caused by the differential equation of w being of the 6th 
order and that this is brought about by the fact that the last term of 
equation (12) has been derived from the second order differential equation 
(13) of temperature conduction. If we should have neglected this con- 
duction, equation (12) would have led to the condition p* = f?. 

So we may conclude that the similarity of distribution of stationary 
convection and of the supposed pseudoperiodic convection in the Earth 
seems to imply that for this last phenomenon we are not allowed to 


neglect the temperature conduction. 
(to be continued). 
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CONVECTION-CURRENTS IN THE EARTH AND THE 
ORIGIN OF THE CONTINENTS. III 


BY 


F, A. VENING MEINESZ 


(Communicated at the meeting of Oct. 25, 1952) 


§ 4. The stresses; rotation of the crust over the Earth’s interior ; attempt 
at a history of the Earth’s crust in its great lines 


Although the main problems of convection could be solved without 
investigating the stresses, our solution should not be complete if we did 
not consider also that side of the problem; moreover, several questions 
cannot be taken up without deriving them. 

We shall first deal with the case of a plane layer and then treat of the 
spherical case. 


I. Stresses in a plane layer subjected to convection 

In x, y, z coordinates the expressions for the stresses in an incompressible 
fluid for which the effect of temperature expansion is neglected except as 
far as it affects the gravity effect are 


Og = — p+ 2n te = (se +3) 
(48) < Oy =~ p+ In ry = 0 (+34) 
o,=—pt+2n2 t= (3 +5") 
By introducing the formula’s (10) we get 
Oz = — PoK + 2 v4 te = 01 (uy + 32) S 
(49) (6 = —poK +290) ty = 1 (wy + 2) 
0, = (— py + 2y St) K T= 2% 


and we found already formula (14): 
(14) = chews 


80, if wp has been obtained we can derive the stresses. 
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II. Stresses in a spherical shell and in a sphere subjected 
to convection 
In oe, 6 and 4 coordinates the expressions for an incompressible fluid for 
which the same neglecting of temperature effects can be allowed as men- 
tioned under I, are 
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} 2yV 
Cn | — Po — 2m (<2 +S) Y, —2y 2 T= E eae ae 
and for deriving % if wy has been obtained we had already found formula 
(20): 
1 ow 
(20) ier ar Th (0 Th S 20) 

The formula’s for o,, o,, T2, 73 and t, show an important peculiarity; we 
see that they contain differential quotients of the spherical harmonic Vg 
As these differential quotients are not independent of the (2n + 1))sub- 
terms which together form Y,, this is also true for the stresses mentioned. 
Two conclusions may be drawn. 

In the first place, as deep and middle-deep earthquakes may be supposed 
to be caused by the shearing-stresses brought about by these currents, 
their way of occurring, if this is true, must be assumed also to depend on 
the sub-terms and not only on the order n of the sperical harmonic according 
to which the current is distributed. 

In the second place the distribution according to which these currents 
originate may be expected to depend also on these sub-terms. As it has 
been mentioned the mantle must be assumed to have a certain strength- 
limit below which stresses can only bring about elastic deformations and 
as the formula’s for the corresponding elastic stresses likewise depend on 
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differential quotients of Y, and, therefore, on the sub-terms of Y, the 
places where these stresses first reach the strength-limit must also depend 
on them. So the current-system brought into being must show some 
dependence on the sub-terms of Y). 

We may conclude, therefore, that only o, and the quantities w) and, 
according to (20), also vy are independent of the sub-terms and so also 
the three components of the current-speed. The same must, therefore, 
be true for the drag exerted on the sial at the Earth’s surface and the 
sial-accumulations thus brought about. This is in harmony with the fact 
that the Earth’s topography shows such a clear correlation with the 
complete spherical harmonic terms of the supposed convection-currents. 
If it would also have been dependent on the sub-terms this correlation 
could not have come into being. 

The fact of the presence of a strength-limit in the subcrustal layers and, 
consequently, the probability that convection-currents have a preference 
of coming into being in places where the stress-differences are greatest 
may perhaps have played a part in a phenomenon surmised by the writer 
some time ago and dealt with by him at length in a paper of 1947 }). 
For explaining the two systems of preferential directions in the topography 
of the Earth and in several other Earth’s properties present at its surface, 
he has supposed that, probably in an early stage of the crust’s history, 
this crust has rotated over the Earth’s interior. 

Because of the flattening such a movement of the crust as a whole must 
have brought about strong deformations of the crust and it can be shown 
that the resulting stresses must have exceeded the crust’s strength. The 
consequence must have been a shear-pattern over the major part of the 
surface and by adequately choosing the axis and amount of rotation we 
find that it can be brought to a remarkable coincidence with the linear 
pattern present in the crust. 

For obtaining this agreement we have to assume that the crust has 
moved with regard to the north pole in such a way that this pole originally 
coincided with a point at about 20° N.L. and 90° E.L., i.e. near Calcutta, 
and that it since has travelled to its present position. 

We shall now examine the map of the topography given by the lst —5th 
order spherical harmonics. As we may conclude from formula’s 49 and 51 
the shearing-stresses caused by the current-system that has led to the 
present configuration of continents and oceans may be supposed to have 
been proportional to the gradient of the function Y, represented by this 
map. This implies that the maximum shear must have occurred in areas 
where the contours are nearest each other and in a sense at right angles 
to these contours. So, according to the above reasoning, we may expect 
that in a later stage when the crust had aequired sufficient strength for 


2) BA. Viana: Mernesz, Shear Patterns of the Earth’s crust, Trans. Amer, 
Geophys. U., pp. 1—61 (Febr. 1947). 
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reacting as a whole on the drag by subcrustal currents, these currents 
would by preference have originated in the areas of maximum shear and 
looking at the map we can well understand that this would have led to a 
southward movement of the Asiatic continent. Another argument in 
favour of the predominance of such a movement may be found in the fact 
that the trigger-effect for bringing the currents into being is likely to have 
principally been caused by the excess of heating below the continental 
sial-masses and that this effect must, therefore, likewise have had a maxi- 
mum value where the gradient of the map is greatest. | 

We thus come to the following tentative hypothesis about the first part 
of the history of the crust. It is hardly necessary to stress its speculative 
character. 

As we have already mentioned the first stage of convection must mainly 
have had the character of a first-order distribution in the whole Earth 
and must have brought about one more or less circular proto-continent 
over about a third part of the Earth’s surface and consisting solely of the 
upper, sialic, layer. It must at the same time have promoted the dif- 
ferentiation of the heavy Nife core. During the ensuing period of rest the 
cooling must have again disturbed the stability and at the same time the 
difference of radio-active properties must have brought about a higher 
temperature below the proto-continent than below the proto-ocean. This 
last circumstance led to the second convection-system which took place 
in the mantle and which tore asunder the proto-continent, bringing the 
parts in the places where now the continents are found. At that time the 
sialic shield had already sufficient rigidity to keep its shape and thus to 
lead to the similarity of the opposite coasts of the oceans developing from 
the rents in the original proto-continent. 

During the next period of rest we must assume that the lower con- 
tinental layer of a density of about 3.0 has developed, also continuing 
below the oceans. Perhaps the differentiation of this layer had already 
been promoted by the previous convection-system. The whole crust 
became rigid over sufficient thickness to prevent a following current- 
system to carry along parts over large distances as the second system had 
still been able to do. This following current-system occurred also in the 
mantle and probably has no longer had the complete distribution derived 
in this paper because we can easily prove that in that case the shearing- 
stresses working on the crust as a whole would have had no resulting 
momentum which could have brought about a rotation of this whole 
crust. An incomplete current-system in the way as discussed above 
would, however, exert a momentum on the crust and we might suppose 
this to have brought about the assumed rotation of the crust over 70° 
which led to its being broken in parts according to the resulting shearing 
pattern already mentioned. 

The history of successive periods of convection separated by long 
periods of rest of 100—200 million years must since have continued but 
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it could neither lead to the transportation of parts of the crust over great 
distance nor to further rotation of the crust as a whole; for this last 
phenomenon the crust was too much broken up. The currents have instead 
exerted a regional drag on the crustal blocks and brought about the 
compression of the belts between these blocks leading to periods of orogeny 
in these belts, while in other inter-block belts tension occurred leading to 
the development of “graben” and to volcanic action. This last consequence 
must, moreover, have resulted in all the belts where relative block-move- 
ments took place. We may probably assume that in the belts between the 
blocks the periods of rest must have brought about a certain welding 
together but that still these belts remained zones of weakness of the crust 
which by future forces came again into action. 

With this tentative attempt at a history of the Earth’s crust we may 
close our paper. 


APPENDIX 
In the formula’s of this appendix the ratio 9/R is indicated by o. 
Convection-currents in the mantle (boundaries 9 = 1, 9 = 6/11). 
Formula’s for temperature 9, (excess above temperature for no current) ; 
C is an arbitrary constant having the dimensions of a temperature. 
M=15 O/C = 1a 0? — 1 /i9g 04 + 3/55 0? — 0.004196744 0 — 0.00020441 o- 
m= 23 O/C = "oq 0? — "/r54 of + 4 0? — 0.02211922 9? — 0.000066930 o-3 
M=33; Oo/C = 1/15 0° — 1"/gg 0* + /27 03 In 9 + 0.13764888 93 — 0.000022617 0-4 
m=4; O5/C = 1/,90° — 17/p04Ine — 3/4408 — 0.03181040 94 — 0.0000077743 0-5 
m=5; O/C =") 9°ln 9+" /1 904 — 1/g,0% — 0.12423970 9% — 0.00000271920-8 
m= 6; O/C =—*)1.0° + 1/42 04 — 1/55 0% + 0.03126819 9° —0.00000097022 9-7 
m=; O/C = —1)s,0°+ 17/396.04—8/y40% + 0.007929295 9? —0,00000035358 0-8 
M=8; O/C = —*/420° + 17/57204—1/1199° + 0.003180285 08 —0,00000013170 0-9 
Formula’s for wy (vertical speed in the axis of the sinking column, 
positive downwards); D is an arbitrary constant having the dimensions of 
a speed. 
N=1; wW)/D = 0.00002551020 0” — 0.00011356957 68 + 0.00015151515 oe — 
— 0,0001165762 03 + 0.000068137 In @ + 0.00002091826 6? + 
+ 0.0000126878 + 0.0000193202 ea + 0.00000019407 Po 
n=2; W,/D = 0.00010521886 0” — 0,00055194806 o® + 0.00108225108 oe — 
— 0.0009216342 04 — 0.000016732 eo! + 0.0002647779 eo? + 
+ 0.0000351182 6+ 0.000002823423 o-? + 0.000000125164 9-4 
N=3; W)/D = 0.00037037037 07 — 0.0029269972408 + 0.000811015 eo + 
+ 0.0038961039 05 In 9 — 0.0000037695 9-2 + 0.00175114494 — 
— 0.0000024478 02 + 0.00000063216 0-3 + 0.00000005435 a 
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n=4; w)/D = 0.0017482518 0? + 0.012701516 0% — 0.009539844 o In g— 


—0.0068870523 0? In 9—0.00000107976 9 3—0.01434443957 0? — 
—0.00010444230 03 + 0.00000017397 04 + 0.00000002013 o* 


= —0,015447683 07 + 0.00541125507lng + 0.016211064¢%lne + 


+ 0.0075757576 0° — 0.00000033990 0-4 + 0.00856562676 >— 
—0,00069342767 o!+.0.000000057216 9->+.0.0000000068779~? 
—0.008974358 07 In 9 — 0.0175619835 9° + 
+.0,002670057220°ln 0 +0.0019542629°—0.0000001131929-5+ 
+ 0.00899647661 07 + 0.00661133482 9° + 0.00000002133 0-6 + 
+ 0,000000002244 9-8 

0.009615385 97 — 0.006164206 o° In g — 0.00137741046 9° + 
+ 0.00051393578 09 — 0.000000039287 9-6 —0.003189301408 — 
— 0.0055625788 08 +.0.000000008539 e~7 +.0.00000000070739~° 


Convection-currents in the whole Earth 


Formula’s for w, (vertical speed in the axis of the sinking columns, positive 
downwards); D is an arbitrary constant having the dimensions of a speed 


n=1, p=1; w/D =). [—0.005000 @® + 0.001323 o® + 0.022222 o* — 


f-—Ae 
er 
Nn = 2, 
n= 3, 
NW) = oy 


— 0.028704 o? + 0.010158] 


> wy|D = "599 [—0-003788 9% + 0.001764 9° + 0.06482 9? — 


— 0.11063 9? + 0.04784] 


: W,/D =, [—0.002857 ® + 0.000842 9? + 0.009921 g* — 


— 0.010974 0? + 0.003069 @] 


: Wo/D = Jon [—0.000385 9% + 0.000189 9! + 0.004444 gt — 


— 0.006656 po? + 0.002407 9] 


- wy[D = "qq [—0.022727 o® + 0.004444 07 + 0.041667 9° — 


— 0.028860 94 + 0.005476 07] 


> Wo/D = Io9 [—0.000928 0° + 0.000427 09 + 0.006061 o — 


— 0.007998 0% + 0.002438 07] 


GEOGRAPHY, PHYSICAL 


A REMARKABLE NEW GEOMORPHOLOGICAL LAW. II 


(The law of the denudation slope with rectilinear cross-profile) 
BY 


J. P. BAKKER anp J. W. N. LE HEUX + 


(Communicated by Prof. F. A. Ventna Metnesz at the meeting of October 25,1952) 


D. Two groups of slope recession types 


1. The group in which the recession centre is situated at the foot F 
of the initial slope. See fig. 16. 

2. The group in which the recession centre is not situated at the foot 
or in which there is no recession centre at all. 

1. In the first group only two cases, in which of course a is constant, 
are of importance to our law: 

a. The central rectilinear recession of a mountain slope under a plateau 
(figs. 16 and 17; F = recession centre). 


Fig. 17. Diagram from which the differential-equation for central rectilinear 

recession of a plateau-wall (recession-centre F’) may be obtained. AQ represents 

an infinitely small increase in the profile of the convex nucleus, After BAKKER 
and Le Hevx [7, I, p. 962]. 


b. The central rectilinear recession of crests, arétes and peaks (fig. 18; 
F = recession centre). 

Since the publication of De La Noii’s and Dp MARGERIz’s brilliant 
work “Les formes du terrain” [12], we meet with both these types of 
slope-recession [in many cases a foot terrace acts as local base-level for 
the weathering removal processes of the upstanding walls (W. PENcK’s 
“Ortliche Denudationsbasis’’) [13]. p. 103] regularly as explanation- 
hypothesis in the geomorphological literature, a.o. A. PHILIPPSON [14, 
II, 2, p. 63] and GrapMANN [15]. A few simple drawings, however, are 
not sufficient. They only have a Suggestive value and for a really scientific 
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treatise on problems of this kind a thorough mathematical treatment 
is necessary. As far as it concerns the above mentioned types of free central 
rectilinear recession, we refer to BAKKER and Le HeEvx (7, part Tea 
IIT and IV). 


f T 


IT' ft H 
Fig. 18. Diagram from which the differential-equation for central rectilinear 
recession of crests and peaks (recession-centre F) may be obtained. PR represents 
an infinitely small increase in the profile of the convex nucleus. After BAKKER 

and Le Hxevx [7, III, p. 1074]. 


2. In the second group again, only those cases are of value to our 
law in which a is constant. 

a. The parallel slope-recession in which the recession centre is infinitely 
far away. 

Subtype a,. Parallel recession of a mountain slope bounded at the 
top by a plateau. This case is e.g. reproduced in fig. 92 in the earlier 
mentioned work by Dr La Noi and DE Marcmirtie, even though this example 
is a special case of recession of a perpendicular slope in a mesa-landscape 
(mathematical treatment by O. LEHMANN [2] after preparatory work by 
Osm. FisHEer [16]). See our figs 2, 3 and 11 and our more practical 
method [9]. 

Subtype a, Parallel crest-recession in which the recession centre 
again is to be found in the infinite. Since 1888 this case, too, has been 
mentioned time and again in the geomorphological literature (mathe- 
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matical treatment by W. van DiyK and J. W. N. Le Hevux [8]). See our 
fig 13, 3} 

b. For cases lying between central rectilinear recession, in which the 
foot F of the initial wall acts as recession-centre and the parallel slope- 


recession, we can distinguish: 
Subtype b,. The recession-centre is a point somewhere on the Y-axis 


below the point F or somewhere at the left side of the negative part 
of this axis. 

Subtype b,. The recession-centre is lacking, for it is not necessary 
for the rectilinear recession stage-lines always to intersect at one point or 


even approximately so. 
However up to now these cases have not yet been treated mathematically. 


Although not in the framework of our law, we emphasize again that it is not 
imperative for recession stage-lines to be straight ones. The occurrence of recession 
stage-curves had since long been used as a working-hypothesis by eminent geo- 
morphologists. Our fig. 19 adopted from Hrerrner’s well-known “Gebirgsbau und 
Oberflachengestaltung der Siichsischen Schweiz” [6, p. 297, fig.1] shows how concave 
recession stage-curves cut each other at one point C. Apart from that LeHmann 
[2, p. 85 —86] drew attention to the fact that HeTrner could not avoid arbitrariness 
in his arguments about pseudo-deduction of the parallel slope-recession in ‘‘Quader- 
sandstein”. Such errors are unavoidable in a non-mathematical treatment. How- 
ever, HETTNER suggests a possibility based upon observations in the Elbesand- 
stone mts which has not yet been investigated mathematically. Even Leamann 
[2, p. 90] did not deal satisfactorily with it, namely the occurrence of screes with 
concave cross-profiles. MALAURIE [17 and 18] mentions observations about concave 
cross-profiles of screes in the Hoggar (South Algeria) and the Disko Bay (Greenland) 
in which the a-value increases with the height from 26° to 38°. 

Important is the conception introduced by Mataurie [17, p. 14—15]: “éboulis 
superposés”’ (our fig. 20). We can neglect small differences in the a-value, as LEHMANN 
already pointed out [2, p. 90]. Then MaLaurtr’s new perception implies that at 
point A the a,-value changes rather suddenly in much greater a,-value. When the 
recession type of the initial wall is approximately known and as far as these slopes 
are formed exclusively by weathering-removal this case does not give rise to excep- 


5) CORRIGENDA in lit. [8]. 


page 116 line 24 is read has 

th 
page 118 line 6 -+c read a +c 

a a 

xh a 

page 120 line 34,37 — + any (1 — c) ay read — oe (l—e)y 
page 121 line 4, 10 a read A 
page 121 line7 (1/e) read (1/b) 


page 121 line 12 Boh S esas) read i 

(l—c)la l+p (l—c)a —l+p 
page 121 line 15, 16, a—b 

17,19 (a/b) i ( b ) 
page 123 line 12,13 (21) or (1) read (23) 
page 124 line 16 fig. 6c read fig. 6d 
page 126 line 12,17 y == +h read y = a +h— 
b b 


page 126 line 23 A +A =&k—€ read A+A,=k—€ 
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tional difficulties in a mathematical analysis. MALAURIE’S premisses [17, p. 14 — 15] 
are not quite sufficient to judge the accuracy of the pseudo-deduction of his fig.3 
(our fig. 21). 

When the slope-angle a, of the dry screes is more than a few degrees larger than 
the a,-value of the lower part, it is clear that with such phenomena exclusively 
one RICHTER’s slope can never be formed. 
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Fig. 19. Parallel recession of Quadersandstein-slopes with concave recession 
stage-curves at the foot. After HETTNER (5 Os AAs 


Fig. 20. Two types of poulder-packing (‘‘éboulis sec” and ‘“‘éboulis mouvant 
passant au rock glacier”) in a screes with a concave profile in which 2 a-values 
predominate. After MALAURIE (lz, i ID 
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The two a-values give rise to the question whether MALAURIE’s screes-angles 
a, and ay occurred approximately simultaneously from the beginning of the recession 
process or whether at first only one a-value existed during the recession-process 
and later a second a-value was added because of a change of the type of weathering- 
removal or by landslides ete. 

For his concave or pseudo-concave screes-profiles MALAURIE in this connection, 
uses the conception ‘‘Profile d’équilibre’”’ so frequently occurring in the French 
sedimentological and geomorphological literature. Such conceptions should not be 
used without very exact soil-mechanical information on position, packing and 
transport of the boulders, sands and clays in the screes. 


Likewise those types of slope-recession in which convex recession stage-curves 
are supposed to occur, are not within the scope of our law. These are the cases of 
rounding of mountain-tops etc., to which GimuBerr and PxHiurppson referred in 


Fig. 21. Concave slope-development in which probably again combinations of 
2 a-values predominated. After Mataurre [17, p. 15]. 


Fig. 22. Skeleton-soils (Armuchee soils) on cone-shaped knobs on the north- 
eastern slope of Wallen Ridge (Claiborne County — Tennessee). Slope-angles of 
about 30 per cent at the foot (parent material: interbedded limestone and shale) 

After M. E. Austin c.s. [21]. , 
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about 1880 and to which later attention was drawn by ALBR. PENncK, Davis, 
PASSARGE and others, especially GérzIncER [19]. See also the statistical methods 
of STRAHLER [20]. A mathematical treatment by BakKER and Le Hevux of this 
subject, in connection with the phenomena of rounding of summits and altiplanation 
by weathering-removal, will be published in the near future. Rounding of summits 
implies that we are concerned with a-values decreasing upwards. In this connection, 
however, the possibility must be kept in mind of the forming of a certain rounding 
by weathering-processes at the summits, while at the foot an approximately constant 
a-value occurs (fig. 22). When this is the case, RicHTER’s denudation-slope with a 
nearly rectilinear cross-profile can be formed up to a fairly great relative height 
(fig. 22). Finally we would like to draw attention to the more or less sigmoidalic 
forms of mountain-slopes, as described by Baunia [22] and BuacHE [23] a.o. 
As far as sigmoidalic slopes are concerned, formed solely as a result of weathering- 
removal in a homogeneous rock, this phenomenon implies the increase of a upwards 
from the foot of the original slope, while decreasing continuously, however, higher 
up the slope. These cases have not yet been investigated mathematically. Because 
of the double variability of the a-value they are not within the scope 
of our law. 


The classification of slope-recession types, as given above, was necessary 
in connection with the direct or indirect forming of RicHTER’s denudation 
slope with rectilinear cross-profile. It is clear that for a = constant and 
c = — co or of great negative value in all cases of group 2, RICHTER’s 
denudation-slope can be formed wholly or practically so by way of indirect 
slope-transformation. This is also true for the limiting-case c = —oo. 
This is due to the fact that the recession-centre does not coincide with 
the foot F of the initial wall in any of the recession-types of group 2. 
Considering, however, the recession-types of group 1, we note that the 
recession-centre coincides with the foot F of the initial wall in every 
case. Consequently the absolute limiting-case (¢ = —oo), ergo RIcHTER’s 
completely pure denudation-slope, can, strictly speaking, only be formed 
by way of direct slope-transformation. However, if we give to ¢ a great 
negative value (e.g. c = —400), but by no means —oe, then even for great 
differences between f and a, the steep part FP of the new slope (fig.15) 
is reduced to a few per cents or an even smaller fraction of the original 
slope-height. 

As we already saw, it may often occur in Nature that in the sheltered 
corner FSP (fig. 15) a small amount of screes and on the slope PQ some 
boulders or a thin soil layer *) can maintain themselves. Theoretically 
these cases correspond with a great negative value for ¢, although not —oo. 


6) In soil science the critical value of slope-angles of about 30 per cent is well 
known. With angles of rock-slopes higher than this critical value practically all 
the soil is eroded to some extent (22, p. 40—42). Only underneath a forest or grass- 
land less developed soilprofiles can still exist. With sparse vegetation the soil 
is almost a pure skeleton-soil. All the cases in which the slope-angle has its 
a-value, the slope-profile is approximately rectilinear and there are only a skeleton- 
soil or some boulders, correspond with c-values between c’ and — co. See 
fig. 22. 
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Even counting the cases for c = —400, —500 etc. as RicHTER’s denu- 
dation-slope *), we immediately see the great advantage for our theoretical 
treatment, as then in the case of recession-types of group 1, RICHTER’s 
denudation-slope can also be formed by way of indirect slope-trans- 
formation (fig. 23), Another advantage of giving c a great negative value, 
although not —ox, is the fact that we do not have to appeal to the limiting- 
case of a solely mathematical theory. Finally there is an important 
inducement to count as RicHTHR’s denudation-slope all the cases in which 
c has a great negative value starting from a certain boundary-condition c’ 
because with diminishing c-value the curved part FP not only becomes 
smaller, but also, as a whole, less steep. 


Ry Ro Rz R4 Rs Q Re 


Fig. 23. Indirect formation of RicHTER’s denudation-slope (PQ, P,Q, P,Q) in 
the cases of central rectilinear plateau-wall- and crest-recession, PH, Pa and 
P,F, are only 3 per cent of the initial height of the plateau and the crest. 


Thus all this implies that for every type of slope-recession with a constant 
a-value, always an initial value such as c’ is to be found and that for all 
c-values between c’ and —co RicuTER’s denudation-slope can be formed by 
way of indirect slope-transformation. 

Also because of the difference between the exactness of a mathematical 
treatment of this kind of problems and what we find in Nature, broadly 
speaking we may supersede, where this is necessary, ¢ = —oo by c = oc’ 
and in the opposite case c = c! (but ¢ 4 —oo) by ¢ = —oo, in all cases 
of slope-recession with a constant a-value. 

It is clear that then for every recession case the c’-value must be com- 
puted. So as not to repeat ourselves, we presume known the mathematical 


") Lernmann [2] did not use the conception c’-value. He assumed that for 
¢ = — 100, RicurEerR’s denudation-slope is practically attained. 
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treatment of our theory concerned, as explained in [7], part III 8) and 
IV [p. 1073—1084 and 1364—1374]. 


8) Corrigenda in lit. [7], part III: 


k?@—ma? k?@—max? 
2? read py == ———__— 
c2_y 52 


p. 1080 line 14 pr = 


in lit. [7], part IV: 
p. 1368 (fig. 20) line 7 f =45° read PB = 63° 
line 10 6=1 read $§ =F 


‘ l—y 2a* 
. 1369 Df) ee a a 
p line 23 ; (yas) ery: (1—c) =... 
1/b—y _ 2 a? 
read oe == T0te-8) as —c) eS ae 


GEOGRAPHY, PHYSICAL 


A REMARKABLE NEW GEOMORPHOLOGICAL LAW. IIa 


(The law of the denudation slope with rectilinear cross-profile) 
BY 


J. P. BAKKER anv J. W. N. LE HEUX tf 


(Communicated by Prof. F. A. Ventne Mernesz at the meeting of 25 October, 1952) 


E. The c’-value for central rectilinear recession, in which 
F acts as recession-centre. 


1. Prolegomena 


The principal aim of our inquiry being a mathematical discussion of 
the profile of the rocky nucleus underneath the screes, it proved to be 
desirable to find a method for the rapid sketching of this curve without 
the usual and very cumbersome point-to-point construction of an integral- 
curve of the related differential-equation. 

Every new curved nucleus-profile consists of three parts, viz: an approxi- 
mately flat upper part, a curved part and an approximately flat lower part. 
See [7], part III, p. 1079—1080, and our figs 24 and 25. The dividing- 
points are the meeting-points of resp. the isoclines 1/a+1/10 and 1/b—1/10 
with the slope. 

If we can find these points in an easy manner, a rough sketch of the 
curve is to be drawn in the case of a plateau as well as in the case of a 
crest (fig. 26). The construction is described in [7], part III (p. 1081—1084) 
and elaborated in our fig. 27, because it also gives rise to an easy calcu- 
lation of the required ratio’s. In fig. 27 (for OK =1) FG=HD= 0.1; tan 
FOK = 1fa+ 0.1; tan DOK = 1/b — 0.1. So tan HOK — tan GOK = 
tan Bf —tana=0.1+ DF +0.1= 0.2 + DF. The centra of the isoclines 
1/a + 0.1 and 1/b — 0.1 are resp. C, and C,. The lines C,B and C,N meet 
the quadratic scale HK resp. in P and Q and the numbers of these points 
read on the quadratic scale and transposed to the natural scale, give the 
lengths of the ordinates of the desired meeting-points on the initial slope. 
From tan f —tana = 0.2 + DF it follows that if this difference HG 
decreases to 0.2, DF, measuring the curved part, vanishes, so that in 
this case the profile consists of two flat parts, separated by the “knick- 
point” S. If the difference HG decreases to FG, FK is the new quad- 
ratic scale with the new centre C,. The distance of this centre from HK 
is independent of 5. 

We shall call the ratio HP: PK the ratio fat put, designed by 
@ and the ratio HQ: KQ the ratio cuved tart. designed by 6. 
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Fig. 25. The 3 parts of a curved nucleus-profile, formed dur 


ing continuous central 
rectilinear recession of a crest or a peak with a S-value of 45 


, underneath a screes 


(a = 22°; ec =0). O is the recession-centre. The same method was used as in 


fig. 24. After BAkKER and Le Hrevx (7. Ill, p. 1079—1080}. 


Fig. 26. An easy manner to draw the profile of the conv 
neath a serees. This method (see our text) 
rectilinear recession of a pl 


ex rocky nucleus under- 
can be used in the case of central 
ateau-wall as well as in the case of a crest. 
Now we see, that HP : PK — HC, : BK 
; a , ; 1 1 
AMC, = 2(1—c) 5 [2( —c) (ap —1) for P= = bel 


BK =O0F —-O8 «1-3 (= ns 0.1) Bd a) see a 


l0a 
and so 
HP a* 
—— = ae ers SEB al = 
Pe =e 10 (a—b)—-ab 7(1 —¢). 
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In the same manner HQ : KQ = HC, : NK 


SY 1 
HC, = 2(1—c) (ap—1). For p = To = we may write 
HC, =2(1 10 (a—b)—ab rele 
2 Oe 106 Nee 5G 
ple ea Pic) 
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Fig. 27. See text. B = 63°; b=4; a= BIEo a, = fyfaig O S20) 


In which case will the whole slope become a flat part? 
Evidently, when 6 = ov, that is 
1. when 10(a —b) —ab = 0 or tan B—tana=0.1 


2 when ¢ = —co 
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If we decrease the difference # —a, a flat part with a knickpoint is 
formed before reaching the limit tan 6 — tana = 0.1. 
In the same way the whole slope may become flat before the limiting-case 
c = —oo is reached. This ultimate value of c (c’) must be found. Thus 
we will pose the question: to find a value of c =c’ so that 
a? 7 A is 
Se = = a re ar of 
10 (a—b)—ab 2(1—c) ]> a given number JN. 
The given relation between the variables a, b and ¢ suggests the use 
of nomography by plotting an intersection diagram (fig. 28). 
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Fig. 28. A nomogram for the solution of c, if a, b and @ are given and for the 
solution of @ if a, b and ¢ are given. 
2. Nomographical calculation of the c'-value 


Substituting a = @ and b = y, we get a set of hyperbolas for different 
values of 0 


(4) 10x —10y —ay = 2 (1 ~o), 


iN 
NSS] 
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Substituting (1 —c)/0 = R: 
(5) 2Ru? + xy — 10(4 — y) = 0 


The bisectrix y = a is tangent in the origin; 6 cannot be greater than a. 
Written in the form 
Os 2 Ra? 
wo) Y= Tore l0see 
we obtain an ultimate curve y = 10a/(10 + a) for very small values of f. 

Calculating dy/dz we see that the maximum of the curve 2Ra? + ay + 
—10(2 —y) = 0 is situated on the line 4Rx + y = 10. Eliminating R 
between the two equations the locus of the maxima proves to be the hyper- 
bola xy — 10a + 20y = 0. Written in the form « = 20y/(10 — y), we see 
that it may be constructed by doubling the abscissae of the ultimate 
curve x = 10y/(10 —y). The nomogram (fig. 28) shows that for a constant 
value of y and increasing values of w, the value of R decreases till the 
point « = 20y/(10 — y) is reached and then increases. This means that R 
has a minimum value for a = 20b/(10 —b). We have found the same 
condition before (see [7], part IV, p. 1369). 

By means of our nomogram a graphical solution can be given of the 
two following problems: 

1. Given the values of a, b and 6. Required the value of c. 

2. Given the values of a, b and c. Required the value of 0. 

sub 1. To find the value of c, we proceed as follows: 

Note the number R of the curve, passing through the point with 
coérdinates a and b. Take the product of this number with the given 
value of 6. Then c = 1 — RO. 

sub 2. Note the number 1/R (second column) of the curve going 
through the point (a, b). The product of 1 —c with 1/R gives the required 
ratio 6. 

It must be remarked that the nomogram holds good for values of 0 
read on the quadratic scale. But we wish to know the ratio read on a 
natural scale. Therefore a graphical transformation is needed by means of the 
three scales on the left side of the diagram: a natural scale N, a projective 
scale P and a quadratic scale Q. The equation of the projective scale is 
(from above) y = 2z/(L + 2). Each number is the ratio epee 
If a ratio 6, say 1.35 is given on the P-scale we find on the scale Q the 
number 6.5. This number read on the left scale NV, gives the number 
0.53 on the P-scale, which is the desired ratio. The control is easy: for a 
given number ¢#, the ratio on the quadratic scale is 0 = (100 — #?)/t. 


The ratio on the natural scale is (10 —t)/t = §,. So t= 6/(V0 + 1) and 
6, = Vo+1—1. 0.53 = V2.35 — 1. 


Examples 

I. Given a = 34°45’, B = 55° (a= 12a b= 0.7) 

Required the minimum value of —c’, so that 99 per cent of the slope 
shall be flat. 
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From 6, = V6 + 1—1 we derive 6 = (0,+ 1)?—1, so 6 = 10000 — 1. 

The number of the R-curve, passing through the point (1.2; 0.7) is 
1.4. So the required value of c’ is —14000 a, 

For all the points situated on the ultimate curve y = 10x/(10 + 2) or | 
between this curve and the bisectrix the slope is flat, for the condition 
6 = 10a/(10 + a) may be written tan f—tana=0.1. For the points 
between the curves R = 0.01 and R = 0.1, the value of ce’ lies between 
— 100 and —1000, if the “99 percent-flat’’-condition is maintained. 

Our second example has only importance for a curved cross-profile 
of the new rock-slope. 


II. Given a = 22° p = 45° & = 2.5 ee ) t= 
[7, part III, fig. 14]. 

We find 6 = (1 —c)/R = 1. The number 1 of scale P gives the number 
7+ of scale Q and the number 7 + of scale V gives the ratio 0.4 of scale P. 
Isocline 0.5 meets the slope in a point with ordinate 7, so the ratio on 
the natural scale is 3/7 = 0.4. 

Given a= 2.5, b = 0.4, c = —0.25 [7, part III p. 1077 fig. 13]. 

The nomogram gives 1/R = 0.63 6 — (1 —c)/R = 1.25 x 0.63 = 0.8. 
0.8 in column P gives 7.5— in column Q. 

7.5— in column W gives 0.34 in column P. 

The ordinate of the meeting-point of isocline 0.5 with the slope is 74. 
The ratio 2.5/7.5= 3.3. 

In [7] part III, p. 1082 we have proved that with the same data we 
find the same meeting-points on the slope and so the same ratio, whether 
the initial wall is that of a plateau or that of a crest, 


F. The proof of the exactness of our law 


The proof of the exactness of our law, as formulated in the beginning 
of our treatise, can be given quite simply. Starting from the general 
idea of the differential equations found up to now, we may write 


screes volume = (rock volume)/(1 — ce) 


The differential equations found up to now are: 
Parallel recession of plateau-walls with rectilinear profile : 
[LEHMANN, 2] see part I of this treatise figs. 2 and 3. 
_ dx\ _ (h—y) (dx—bdy) 
ay (dy ) es es 


a 


Parallel rectilinear recession of crest-slopes : 
[Van Dik and Lr Hux, 8] See part I of this treatise fig. 13. 
ay (dy _ “) _ ((k~x)/b) (da—bdy) 


a 1l—c : 
Central rectilinear recession of plateau-walls : 

[Bakkur and Lr HeEvux, 7 part I and II]. See fig. 17. 
=) _ ((?~y*)/2y*) (yda—ady) 
PS (ane ages cee 


ay (dy _ 
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Central rectilinear recession of crest-slopes : 
[BAKKER and LE HeEvx, 7, part III]. See fig. 18. 
ay ( dy — “) _ ((k®—y?*)/2x?) (yda—ady) 


l—c 


As was to be expected the left part of the differential equations is always 
the same. Furthermore the expressions on the right equal zero if we give 
c the value —oo and nearly zero if the value is more negative than the 
initial value c’. 

The above mentioned differential equations are all concerned with 
recession types with (rectilinear) recession stage-lines. In the cases of more 
complicated recession in approximately homogeneous rocks, with either 
(free) recession stage-curves or (free) recession stage-lines with a more 
capricious shape, the right part of the differential equations concerned 
will also be more complicated. This, however, does not affect our law 
at all, as the right parts of the equations will always equal zero as soon 
as ¢ = —oco or nearly equal zero as soon as ¢ is smaller than the initial 
value c’. This implies that the denudation-slope with rectilinear or ap- 
proximately rectilinear cross-profile can be formed with all types of reces- 
sion of steep mountain-slopes in a well nigh homogeneous rock. The 
figure by Ep. Ricurer (our fig. 10) and our photographs 6 and 7 already 
made us suspect that RicHrer’s denudation-slope with rectilinear or 
approximately rectilinear cross-profile can even be formed with very 
complicated types of slope-recession. The shape of the expressions on 
the right of our differential equations confirmed the accuracy of our 
suspicion. If no screes or hardly any screes is deposited at the foot of 
the wall and thus c = —co or more negative than the initial value c’, 
we can approximately write for all types of recession of a slope, situated 
over a terrace: 


ay(dy — =) = 0 y=—e y =x tan a. 


Only 3 conditions determine the form of the left part of the differential 
equation. 

1. The process of slope-recession must be an approximately continu- 
ous one (no interruptions by landslides). 

2. The foot of the wall must be bordered by a terrace. It is not neces- 
sary for this terrace to be horizontal, but its slope-angle must not come 
too close to the angle of the screes (a). However, it is essential for the breadth 
of the terrace not to become zero, as in that case it is impossible to set 
up a differential equation. 

3. It is imperative for the angle of the screes to remain constant, or 
approximately so, during the whole recession process. So, first of all, 
it is necessary for the rock of which the wall consists, not to have too 
great petrographic differences. Furthermore the climate during the 
recession process must remain such that the screes will neither have a 
strongly curved concave nor a strongly curved convex profile. Likewise 
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the a-value must not suddenly change more than 5° as a result of climate 
variations ®). 

So, it is justified now to formulate our law as follows: 

In every type of approximately continuous recession by the free play of 
weathering-removal ) on steep mountain-slopes of well nigh homogeneous 
rock over a terrace, RicHTER’s denudation-slope with a rectilinear rock- 
profile and a slope-angle equalling the screes-angle of the rock concerned, 
will be formed provided this screes-angle is not subject to noticeable changes 
during the recession-process and no or hardly any screes is deposited at 
the foot of the initial wall. 

We are indebted to Dr H. Looman and Mr W. van Dusk for reading 
our text, to Mrs A. v. Dp. ZEE—-Dkz Bruyne and Miss R. BLigypDENSTEIN 
for correction and help in preparing the English text, to Mr A. J. WicGERS 
M. Sc., Mr E. v. Sraa, who drew fig. 1 and fig. 4, to Miss C. Vervoort, 
who prepared the text for the press. and to the Dutch Bible Society for 
their kind gift of the photograph of the Mount of the Sermon. 


Physical Geographical Laboratory 
of the Municipal University of Amsterdam 
Tropical Institute Buwilding. 63 Mauritskade 
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CHEMISTRY, PHYSICAL 


THE BEHAVIOUR OF HYDROGEN ATOMS ON SURFACES. I. 
ADSORPTION, REFLECTION AND REACTION ON THE SURFACES 
OF GLASS AND OF INORGANIC SALTS 


BY 


J. H. DE BOER anv J. VAN STEENIS 


(Communicated at the meeting of September 27, 1952) 


l. Introduction 


Evaluating results of the action of hydrogen atoms on liquid hydro- 
carbons, studied experimentally and theoretically in the thesis of one 
of the authors (v. 8.) 1), we came upon some discrepancies in literature. 
These discrepancies, however, are only apparent and it is the purpose 
of this and following articles to show how seemingly controversial state- 
ments in literature can be brought into mutual harmony and also in 
harmony with our own results. 


2. Adsorption and reflection 


An important discrepancy is the following: specular reflection and 
diffraction experiments with rays of atomic hydrogen suggest that the 
atoms are not adsorbed at all, whilst on the other hand direct adsorption 
measurements point to a very strong adsorbability of hydrogen atoms. 

Some 20 years ago Tu. H. Jonnson made some careful investigations 
about the reflection of hydrogen atoms. He found specular reflection 2) 
from cleavage faces of rock salt and of lithium fluoride. Later he even 
obtained remarkably sharp diffraction patterns when atomic hydrogen 
beams were reflected from a cleavage face of LiF 3), Hydrogen atoms, 
therefore, behave in the same way as helium or molecular hydrogen in 
similar experiments, indicating that the energy of interaction with the 
surface is very low indeed 4), 

Lanemurr 5), on the other hand, observed a strong adsorption of 
hydrogen atoms on the glass walls of his vessels which was confirmed by 


) J. van SrEEnts (thesis Delft, 1951). 

*) Tx. H. Jonnson, Journ. Franklin Inst. 206, 301 (1928); 207, 629, 639 (1929). 

*) Tx. H. Jonnson, Phys. Rev. 35, 1432 (1930); Journal Franklin Inst. 212s 
507 (1931). 

*) See J. H. pz Born, article on Atomic Forces and Adsorption in Advances 
in Colloid Science III, Interscience, pages 4 and 26, (New York, 1950). 

®) I. Lanemurr, J. Am. Chem. Soe. 34, 1310 (1912); 38, 2270 (1916). 
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many other investigators in later years ®) ’). M. C. Jounson ®) calculates 
from his experiments the heat of adsorption to be about 11 kcal/mol; the 
“desorption” curves found by DE Borr and LEHR”) suggest that atomic 
hydrogen when adsorbed on glass remains adsorbed for several days (at 
room temperature), indicating a heat of adsorption of the order of magni- 
tude of at least 25 kcal/mol, probably even more than 40 kcal/mol (see 
article II of this series). 

Hydrogen atoms are even stronger adsorbed at surfaces of inorganic 
salt layers, such as CaF, obtained by sublimation of those salts in a high 
vacuum 7). Under favourable circumstances these surfaces may be fully 
covered with an adsorbed layer of hydrogen atoms. A comparison with 
the adsorption of other molecules shows that in such a saturated layer one 
hydrogen atom is adsorbed for every fluorine ion of the surface *). Practi- 
cally every available adsorption site is occupied by an adsorbed hydrogen 
atom: there is a complete unimolecular layer. 

After the formation of a saturated unimolecular layer of adsorbed 
hydrogen atoms, a further exposure to atomic hydrogen at room tempera- 
ture does not lead to any increase or decrease of the number of adsorbed 
atoms. It may be that some of the atoms impinging on the adsorbed layer 
combine with an adsorbed atom to form a hydrogen molecule; such a 
molecule will desorb immediately, but its place will be taken by a new 
hydrogen atom from the gas phase. By far not every collision, however, 
results in such a “recombination”. If this were the case, only half of the 
available adsorption sites could be occupied in dynamic equilibrium. We 
must, therefore, conclude that only a very small fraction of the impinging 
atoms, if any, are used for the formation of molecular hydrogen. The 
original argument in the work of DE Borr and Leur 7”) that adsorption 
of atomic hydrogen will essentially lead to an adsorbed layer of one atom 
thickness, because all atoms impinging on the top of such a layer will react 
and evaporate as molecular hydrogen, is not correct. The layer, never- 
theless, is only one atom thick, which means that atoms, striking on the 
adsorbed layer, will not be adsorbed themselves. 

The adsorption experiments at room temperature prove that a hydrogen 
atom, impinging on a hydrogen atom adsorbed at a surface, is either 
reflected or stays for such a short time that no second layer is formed 
whilst also the probability of forming a hydrogen molecule is small. 

Combining this evidence with the reflection and diffraction experiments 
of Tu. H. Jounnson, mentioned above, leads to the conclusion that at 
room temperature a sufficiently great part of the hydrogen atoms striking 
on a unimolecular layer of hydrogen atoms, adsorbed on cleavage surfaces 
of alkali halide crystals, are specularly reflected. 


&) M. C. JoHNSON, Proc. Roy Soc. A, 123, 603 (1929); 132, 67 (1931) Trans. 


Faraday Soc. 28, 162 (1932). 
7) J.H. pve Borrand J.J. Lenr, Z. physik. Chem. B 22, 423 (1933) 24, 98 (1934). 


8) J. H. pe Boer and C. J. Diver, Z. physik. Chem. B 25, 399 (1934). 
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Just as with the experiments on CaF,, mentioned above, *) hydrogen 
atoms will be adsorbed on a LiF cleavage surface in such a way that one 
atom of hydrogen is bound per fluorine ion of the surface. These adsorbed 
hydrogen atoms form the same surface pattern as the fluorine ions and 
they give rise to the same diffraction phenomena as the fluorine ions 
would have caused, if the hydrogen atoms would not have been adsorbed 
at all. 

It may be significant in this respect that TH. H. Jonson, though 
observing specular reflection of H-atoms from a NaCl surface, failed to 
obtain diffraction patterns with cleavage surfaces of NaCl; we may not 
expect in this case the adsorbed hydrogen atoms to form a smooth two- 
dimensional surface lattice as with a cleavage surface of a fluoride. 


3. Recombination on glass walls 


A similar behaviour will be found when a dry glass surface is subjected 
to a stream of hydrogen atoms. A unimolecular layer of strongly adsorbed 
atoms will establish itself quickly, after which newly arriving atoms will 
mainly be reflected whilst a small fraction may combine with adsorbed 
atoms to form molecules. The recombination coefficient, », which is the 
ratio between the number of collisions leading to the formation of molecular 
hydrogen and the total number of collisions on the wall, will consequently 
be small. Smiru *) found y to be about 10-2 for a clean and dry glass 
surface at room temperature. The coefficient increases slowly with in- 
creasing temperature, the reaction being accompanied by an energy of 
activation of about 0-9 kcal/mol !). 

According to a rule of HrrscHreLpER !) the energy of activation, EZ, 
for an exothermic reaction of the type 


A+ BC—+AB+C 
s roughly given by the expression 
E~aD, 


D being the energy of the bond between atoms B and C@ which has to be 
broken, whilst a is given by the expression 


__ 8n+(3(1—2n))4 


© 


ca 


where is the Coulomb fraction of the bond. Taking generally n = 0.14, 
from the bond in H,, HrrscHrenpErR uses a — 0; 055. 
In the reaction 
H + H [glass] > H, + glass 


®) W. V. Smrrx, J. Chem. Phys. 11, 110 (1943), 
10) A. L. Rosinson and TI, Ampour, J. Am. Chem. Soc. 55, 2615 (1933). 
11) J. O. Hirscureiper, J. Chem. Phys. 9, 645 (1941) 
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the adsorption bond between atomic hydrogen and the glass surface has 
to be broken. ScHULER and LaIpLEeR !) basing themselves on M. C. 
JOHNSON’s figure of 11 kcal/mol for the heat of adsorption, conclude 
0-055 x 11 =0-6 kcal/mol sufficiently well in agreement with the experi- 
mental figure of the energy of activation 0-9 kcal/mol, to accept the 
reaction between adsorbed H-atoms and H-atoms from the gas as the 
mechanism of the “recombination” reaction. 

As we shall see in article II of this series, the heat of adsorption may be 
estimated to be at least 25 kcal/mol and probably even as high as more 
than 40 keal/mol. According to the rule of HirSCHFELDER and a= 0-055 
the energy of activation of the “recombination” reaction should be 
1.4 keal/mol (or even > 2 kcal/mol). a, however,.may be smaller than 
0-055, when n is greater than 0-14. HrgscHFELDER’s expression gives a 
minimum for n = 1/3, where the energy of activation is zero. An experi- 
mental figure, lower than 0-055 D means that the Coulomb fraction of 
the binding forces is higher than 0-14. As the type of hydrogen bond in 
this case may resemble that in hydrides (see article II of this series), this 
seems a very plausible assumption. Therefore we may take the experi- 
mental figure of 0-9 kcal/mol to be well in accordance with the mechanism 
of the reaction of a H-atom of the gas with an adsorbed H-atom. 

This type of reaction holds between roughly — 80°C and + 250°C. 


4. The ‘‘non-recondensable gas”’ 


When the temperature of the glass surface is decreased below — 80° C, 
the coefficient of recombination, y, passes through a minimum and in- 
creases again with decreasing temperature. At liquid air temperature 
there is a strong recombination reaction 1%), the coefficient, y, being close 
to unity. Obviously the mechanism of the reaction is different from that 
governing the reaction at room temperature. ScHULER and LAIDLER }”) 
suggest the hydrogen atoms to be adsorbed by weak VAN DER WAALS 
forces at liquid air temperature and to be chemisorbed at room tempera- 
ture. If this were true far less atomic hydrogen should be adsorbed at 
—180°C than at room temperature. 

On the other hand, however, adsorption experiments at liquid air 
temperature show more atomic hydrogen to be adsorbed than at room 
temperature. Lanemuir 14) showed already in 1912 that an extra amount 
of hydrogen is taken up when the glass wall of the adsorption vessel is 
cooled to — 180° C. This extra amount is set free again when the cooling 
is removed, but after having been set free it cannot be recondensed (re- 
adsorbed) on restoring the cooling. This so-called “non-recondensable 


12) K, E. Scuuter and K. J. LArDisr, J. Chem. Phys. 17, 1212 (1949). 

13) K. F. Bonnorrrer, Z. physik. Chem. 113, 199 (1924). P. Harreck and E. 
Roeper, Z. physik. Chem. 178, 396 (1937). 

14) J, Lanemurr, J. Am. Chem. Soc. 34, 1310 (1912). 
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gas’’ consists of molecular hydrogen, formed from the extra amount of 
adsorbed atomic hydrogen when the cooling is removed. The amount of 
this extra adsorbed quantity, hence the amount of ‘‘non-recondensable 
gas” may be up to 50 % of the normal amount of adsorbed atomic hydro- 
gen, which is adsorbed at room temperature and which forms a uni- 
molecular saturated layer. There are indications that it may be even 
more than that. In literature suggestions have been made to ascribe these 
phenomena to places of different ‘activity’ on the surface. If there were 
places on the surface where hydrogen atoms would be attracted by very 
weak forces only, adsorption would only take place there at low tempera- 
ture. The existence of such places next to others where, apparently, the 
attractive forces are surprisingly high, is doubtful. Moreover the assump- 
tion of such places is not compatible with the experimental fact that 
adsorption at room temperature leads to saturation forming a unimolecular 
layer of hydrogen atoms just covering the whole of the surface. 

Combining again the evidence of the adsorption experiments and of 
the increased recombination coefficient, leads us to the assumption that 
the extra amount of adsorbed atomic hydrogen at liquid air temperature is 
adsorbed as a second layer on the top of the first saturated layer of hydrogen 
atoms. The reflection at room temperature, observed in the experiments 
with cleavage surfaces of alkali halides, indicates that the heat of adsorp- 
tion of a second layer on the top of the first one must be very small, but it 
may be well of such magnitude that it leads to some adsorption at liquid 
air temperature, 

If the heat of adsorption of atomic hydrogen on the top of an adsorbed 
layer of atomic hydrogen on a cleavage face of LiF were 2 to 2} keal/mol, 
there would be hardly any adsorption to a second layer at room tempera- 
ture. At such a low value of the heat of adsorption the dynamic equili- 
brium is only governed by the rate of collision of hydrogen atoms with 
the surface and the rate of desorption; there will be hardly any recom- 
bination reaction in or on the second layer (see article III of this series). 
The number of hydrogen atoms impinging on the surface being mostly of 
the order of magnitude of 1020 per second and per sq. em, 10-6 part of the 
surface will be covered with hydrogen atoms in the second layer and the 
average time of staying of a hydrogen atom in the second layer will be 
about 10-1! see. There will be mainly diffuse reflection of hydrogen atoms 
but there will be a sufficiently great number of atoms (roughly about 1 °%) 
which reflect specularly and which give rise to diffraction phenomena. 
If the heat of adsorption is smaller than 23 kcal/mol, the number of atoms 
which reflect specularly will increase. 

The heat of adsorption of hydrogen atoms on the top of a unimolecular 
layer of adsorbed hydrogen atoms on a glass surface will undoubtedly be 
greater than with cleavage surfaces of alkali halides. The molecular 
roughness of the glass surface may cause this heat of adsorption to be 
about 5 keal/mol. At room temperature such a value causes a negligibly 
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small adsorption, whilst at liquid air temperature a substantial part of 
the second layer will be occupied. There will thus be a considerable amount 
of ‘“‘non-recondensable gas” and the coefficient of recombination will be 
close to unity as we will show in part III of this series. 


Summary 


A critical study of the various, seemingly controversial, statements 
which are made by authors investigating the behaviour of hydrogen atoms 
on the surfaces of glass and of inorganic salts, leads to the following con- 
clusions: 


1. Hydrogen atoms are strongly adsorbed on these surfaces to form a 
nearly completed unimolecular layer at room temperature. 


2. Only a small fraction of hydrogen atoms impinging on this first 
layer reacts with the adsorbed atoms to form molecular hydrogen. 


3. The other hydrogen atoms impinging on this first layer are either 
reflected or adsorbed for only a very short time. 


4. The first layer of adsorbed hydrogen atoms on a cleavage face of 
LiF forms a two-dimensional pattern of the same regularity and dimensions 
as the fluorine ions of the surface. 


5. Part of the hydrogen atoms impinging on such a two-dimensional 
pattern give rise to specular reflection and to diffraction phenomena. 


6. At liquid air temperature hydrogen atoms may be adsorbed to a 
second layer on the top of the first one. This extra amount of adsorbed 
atomic hydrogen forms the so-called ‘“‘non-recondensable gas” described 
by LANGMUIR. 


Central Laboratory of 
the Netherlands State Mines. 


Geleen (L.), September 1952. 
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CHEMISTRY, PHYSICAL 


THE BEHAVIOUR OF HYDROGEN ATOMS ON SURFACES. II. 
THE HEAT OF ADSORPTION OF HYDROGEN ATOMS ON GLASS 
AND THE “DESORPTION CURVE” 


BY 


J. H. DE BOER anp J. VAN STEENIS 


(Communicated at the meeting of September 27, 1952) 


1. A first approximation 


In part I of this series we stated the heat of adsorption of hydrogen 
atoms on a glass surface to be at least 25 kcal/mol. This statement is based 
on the extremely slow rate of ‘desorption’? which is observed after a 
nearly completed unimolecular layer of adsorbed hydrogen atoms has been 
formed on a glass wall by subjecting it to a stream of atomic hydrogen. 
A “desorption” curve, published by pE Borr and LEHR?) in 1933 may give 
us sufficient data to estimate the heat of adsorption. In a vessel of lead 
glass (750 cm’) atoms of hydrogen had been produced and adsorbed on 
the wall, which had caused a decrease of pressure of 1265 x 10-6 em of 
mercury. After evacuation of the rest of the hydrogen a slow development 
of hydrogen from the wall was observed : the curve is reproduced as curve a 
in fig. 1. We see that roughly half the amount of the adsorbed gas is given 
off in about 50 hours and as a first approximation we may assume the 
average life of a hydrogen atom on a wall of lead glass to be roughly 
50 hours. The average life of an adsorbed molecule, t, may be linked with 
the heat of adsorption by an expression 


(1y T= 1, eURT 


given by FRENKEL 2) in 1924, where 7, again as a first approximation, 
may be taken to be 10-13 sec. *), and where @ is the heat of adsorption. 
t being roughly 50 hours at room temperature, Q is calculated to be 
243 keal/mol. 

The numerical value of t) depends on the decrease in entropy which 
accompanies the process of adsorption *). There are some examples where 
T) is greater than 10-13: in most cases, however, to, if deviating from this 
approximative figure, will be smaller, If t would be smaller in our case, 
Q would be greater than 243 keal/mol. 


1) J. H. pe Borr and J. J. Lerner, Z. physik. Chem. B 22, 423 (1933). 
*) K. FrEenxet, Z. Physik, 26, 117 (1924), 


8) See J. H. pz Borr, The Dynamical Character of Adsorption, Chapter III, 
(Oxford, the Clarendon Press, 1952) 


‘) J. H. pr Bomr and §. Krvuyer, these Proceedings B 55, 451—463 (1952), 
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If the heat of adsorption were about 11 kcal/mol as suggested by 
JOHNSON 5), the average life of the adsorbed atoms would be of the order 
of magnitude of 10> sec. After stopping the production of atomic hydrogen, 
the adsorbed gas would be set free immediately. 


m 
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pressure In 10°© Cc 


10 30 50 70 90 110 


time in hours 
Fig. 1 


2. The rate of “desorption” 


We shall try another method to evaluate the heat of adsorption by 
using the equations, given by EyRING 6) in his theory of absolute reaction 
rates. The rate of desorption may be given by the expression 


(2) Va ee 
a 


where o is the concentration of adsorbed atoms, k the BoLTzZMANN con- 
stant, ” the PLaNnck constant, whilst /* and f, represent the partition 
functions of the “activated” complex (atom) and the adsorbed atoms 
respectively, Q being the heat of adsorption (energy of activation), R the 
molar gas constant and 7’ the absolute temperature. 


5) M. C. Jonnson, Proc. Roy Soe. (London) A 123, 603 (1929); 132, 67 (1931); 
Trans. Faraday Soc. 28, 162 (1932). 

6) H. Eyrine, J. Chem. Phys., 3, 107 (1935); S. Gnrassronsg, K. J. Larpier and 
H. Eyrrinc, The Theory of Rate Processes (Me.Graw-Hill Book Company, New 
York, 1941). 
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If we assume the hydrogen atoms to be bound at definite adsorption 
sites and if we make the same assumption for the activated atoms, after 
they have taken up the energy Q, the partition functions will be the same, 


hence 

eens 

fa 
Contributions of vibrations of the adsorbed atoms with respect to the 
surface are neglected; these contributions are small and the difference of 
those in the normal adsorbed state and in the activated state may be 
taken as to be negligible. 

If o is the number of atoms per cm2, we obtain vg as the number of 
atoms, which desorb per cm? and per sec. The gas which we obtain, 
however, is molecular hydrogen, and the rate, which we observe will be 
only half of vg. 

It is more convenient, for our purpose, to express o in terms of pressure. 
During the adsorption period 750 cm? molecular hydrogen of a pressure 
of 1265 x 10-* cm of mercury had been adsorbed in the form of hydrogen 
atoms. This amount may be taken to represent the maximum amount 
which can be adsorbed in a unimolecular layer. As the volume of the vessel 
is a constant, it is sufficient to use the decrease (or increase) of pressure 
and we may write 


kT 
(3) 0, = Op,,e~ VET x = em of mercury/sec 


where p,, stands for 1265 x 10-® em of mercury and where 6 means the 
“degree of occupation”’, hence the fraction of the complete unimolecular 
layer, which is present. Following this procedure we do not need to know 
the exact figure for the surface area taking part in the adsorption process. 

Curve a of fig. 1 shows that during the desorption process the pressure 
increased by an amount of 100 x 10-® em of mercury (from 450 x 10-8 to 
550 x 10°) between 10 and 20 hours. When 500 x 10-® em of mercury 
has been given off, 


(1265 — 500) x 10-* = 765 x 10-® em of mercury 


is still adsorbed on the surface, hence 60 % Of the total amount. Experi- 
mentally, therefore, we know that when 6 — 0-6 the rate of desorption is 
100 x 10- cm of mercury in 10 hours, hence 2-78 x 10-9 em of mercury 
per second, Consequently 


Vg = 0-6 x 1265 x 10-8 x e- WRT y = 2-78 x 10-® 


Using k = 1-38 x 10-16 ergs/" K; h = 6-62 x 10-®” ergs.sec. and 7’ = 293°K, 
we obtain 
erst = 6 xe 10 


Q = 24-5 keal/mol 
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which is the same figure as we obtained as a first approximation in § 1. 

If we do not assume the picture of “localized adsorption” where every 
hydrogen atom is bound to a definite site, but if we assume the hydrogen 
atoms to behave as an ideal two-dimensional gas, then we have to make 
the same assumption for the activated state and again 


ip 
le 
fa 
If, however, the atoms in their normal state of adsorption, are adsorbed 


to definite sites but behave as an ideal two-dimensional gas when they 
are in their activated state, we may put 


2amkT 
= “ about 1016 


and 
f= 6, =abour 10”. 


do giving the number of adsorption sites per cm”, and we have 


if 
— = about 10. 
fa 
In this case Q amounts to 25-7 kcal/mol. 
This last extreme case may be considered to be a rather improbable one 
and we may derive the conclusion that the heat of adsorption will be about 
25 kcal/mol, if the atoms desorb as such and combine to hydrogen mole- 


cules afterwards. 


3. Desorption caused by recombination in the layer (localized adsorption) 


There is, however, the possibility that the adsorbed atoms, when 
activated to a certain state of activity combine on the surface to hydrogen 
molecules, which desorb. The energy of activation for this process will be 
less than the heat of desorption. This process seems to be the more likely 
one, both theoretically as well as experimentally because no desorption 
of atomic hydrogen has even been observed in these cases. 

If we assume the hydrogen atoms to be adsorbed at definite adsorption 
sites, the rate of reaction depends on the number of pairs which is available. 
If s is the number of possible sites round every adsorbed atom a fraction 
9s will be occupied, if 0 is the degree of occupation. If, therefore, o atoms 
are adsorbed per cm2, there will be 360s pairs per cm?, the factor } being 
necessary, because otherwise we would count every atom double. 

The rate of reaction will be 


RD Ip 
a (RT yy BA yD 
(4) ig 008 XK eS Kh aK A 


where « is the energy of activation and f, and f, are the partition functions 
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for the activated pair and the normal pair, respectively. In the case of 


localized adsorption, for which equation (4) holds, we may write 


* 
tp 


ly 


ele 


Using again the experimental figure of 2-78 x 10-® em of mercury per 
second at a degree of occupation 6 = 0-6 and using Op, in stead of o, hence 
using the expression 


(5) v; = 402p,,8 x e~ RT y = cm of mercury/sec 
we obtain, putting s = 4 
eve? — §x 10-!: 2 = 24.5 kcal/mol 
and putting s = 6 
e IR? — 3-34 10-1; ¢ = 24-7 kcal/mol. 


4. Desorption caused by recombination in the layer (mobile adsorption) 


If we start from the conception of mobile adsorption, hence if we assume 
the adsorbed atoms to behave as a two-dimensional gas, the following 
equation holds 


(6) Vv, = a7 e- IBT y 


kT ig 

Fs 7 

where /* and f, are the partition functions of the activated complex and 
the adsorbed atoms respectively. We cannot transform this easily into an 
equation with p,, and we have to make an estimation of the real surface 
area. The total amount of atoms which are adsorbed at saturation is 
6-3 x 1017. Assuming 1015 atoms to be adsorbed per cm? of real surface, 
the surface area is 630 em? (the apparent area being 190 cm?, a factor of 
3-3 for the roughness of the glass surface does not seem to be unlikely). 
The experimental figure of 2-78 x 10-® em of mercury/sec is to be replaced 
by 4-43 x 10-12 em of mercury/sec.cm?, which is 1-09 x 10® molecules of 
hydrogen/sec.em2. In equation (6) we put ¢ = 0-6 x 1015, whilst we write 


2amkT 
f*= j, = 3 — 1016 


We obtain 
e-URT = 4.95 x 10-18- ¢ = 99.9 keal/mol. 


The higher entropy of the mobile adsorbed state requires a lower energy 
of activation to give the same experimental figure for the rate of reaction. 
If the mobilities of the adsorbed atoms were less than those of an ideal 
two-dimensional gas, we would find a higher figure for «. If we take 
f* =f, = 10" in stead of 1018, we find « = 24-5; in fact equation (6) is then 
numerically identical with (4), putting s = 4, 
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5. Analysis of the “desorption” curves 
The experimental curve a in fig. 1 cannot be described by any of the 
equations. In fig. 1 curve b shows a desorption curve according to equation 
(3) with Q = 24-5 kcal/mol, whilst curve c shows a reaction curve according 
to equation (5) with the same value ¢= 24-5 kcal/mol and s =4. The 
curves are obtained from equations (3) and (5) respectively by putting 


§ = (1— p/p,,), where p is the pressure at the time ¢; equation (3) gives 
then: 


dp 
= k, (1—P/ Pp); 
where 
7 =@ kT 
ky = Pyne FE x _ 
hence 
(8) —Pin In(1 P| Pn) = kyt 
equation (5) gives: 
- 1 a kT 
(9) = = (1 ae P| Pm)? with ke = DSC /RT x = 
hence 
| Pe aes =< kot 
a 1—p/Din 2 


Curve c has, undoubtedly, a greater tendency to represent the experi- 
mental curve than curve }. The mechanism of reaction of two hydrogen 
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atoms in the layer, is, moreover, the most likely one. The experimental 
curve shows that the first stages of desorption of hydrogen by recom- 
bination in the layer proceed more easily than curve c suggests. We may 
assume the activation energy to be less. Curve d in fig. 2 is calculated from 
equation (9) and (10) putting ¢ = 23-7 keal/mol and s = 4 and we see that 
the first part of the experimental curve is well approached. 

One might suggest the energy of activation, which depends on the heat 
of adsorption (see § 7) to be smaller for the atoms forming a complete or 
nearly complete unimolecular layer than for the atoms which are adsorbed 
on a partly covered surface. A decrease of heat of adsorption might arise 
either from irregularities of the surface or from a mutual repulsion of the 
adsorbed atoms. If one accepts ¢ = 25-1 keal/mol, curve e of fig. 2 represents 
the rate of development of hydrogen. The experimental curve may well 
be represented by a superposition of a set of curves between d and e. If we, 
therefore, suggest the energy of activation to increase from ¢ = 23-7 
keal/mol to ¢ = 25-1 keal/mol during the progress of the reaction, a curve 
as curve a will be found. 


6. A possible change in entropy 

We shall now discuss the possibility that in a nearly completed uni- 
molecular layer the reaction takes place between hydrogen atoms adsorbed 
to definite sites next to each other (equations (4) and (5)), but that mobile 
atoms, moving along the surface react when the layer is only partly 
occupied (equation (6)). In other words we shall assume that the entropy 
of the adsorbed atoms increases when the layer becomes less occupied, 
resulting in a smaller increase of entropy in the forming of molecular 
gaseous hydrogen. 

Integration of equation (6) gives, just as the integration of equation (5) 
rise to an equation 


11 as 

ah I—plpn — "st 

where 
* 

(12) ky = o2e-*/RT y * S XCM 
fa 


where c is the factor for conversion from molecules/em?.sec. into em. of 
mercury/cm*.sec, and where w represents the total real surface, hence 
o = 630 cm? (see § 4). 

Curve e gives—apart from representing equations (9) and (10) with 
€= 25-1 keal/mol and s = 4—the rate of development of hydrogen 
according to equation (11) and (12), putting e = 23.7 keal/mol. 

We come to the conclusion that the experimental curve may well be 
- understood, if we accept the energy of activation to be a constant during 
the whole of the reaction, namely «= 23.7 kcal/mol, whilst the entropy 
of the adsorbed atoms increases with a factor 10 during the progress of 
the reaction. 


7. The heat of adsorption 
In an exothermic reaction 
NIB =e (CID) SS NC SE IBID 


the energy of activation may be assumed to be a certain fraction a of the 
bond energies which are broken in the reaction’), hence 


€ = a(Qaz + Von) 


HIRSCHFELDER gives as a first approximation 


(9.6) 


a= 0-2 


Applying this to our case, we may suggest the energy of activation of the 
reaction between two adsorbed hydrogen atoms to be 


e= 0-28 (2 x Q) 


Q being the heat of adsorption. Following this suggestion we come to the 
conclusion, that with e = 23-7 kcal/mol, the heat of adsorption may be 
44 kcal/mol. 

Such a high value for the heat of adsorption brings it in the neigh- 
bourhood of the weakest cases of chemical bond energies of hydrogen to 
other elements. The bond energy of hydrogen to potassium in potassium 
hydride (KH) is 44-5 kcal/mol, the bond energy in arsenic hydride is 
47-3 keal/mol. 


Summary 

An experimental curve, giving the rate of “desorption” of atomic 
hydrogen from glass at room temperature, is used to evaluate the heat of 
adsorption. The following conclusions may be drawn: 


1. If the mechanism of “desorption” involves the desorption of the 
atoms, followed by a recombination to molecules, the heat of adsorption 
of hydrogen atoms on glass is about 25 keal/mol. 


2. It is more likely, however, that the first step in the reaction is the 
combination of two adsorbed hydrogen atoms to form a molecule, which 
then desorbs. The heat figure, evaluated from the experimental curve is 
the energy of activation for this surface reaction. 


3. The experimental curve suggests that either the energy of activation 
varies from 23-7 kcal/mol for a nearly completed unimolecular layer to 
25-1 kcal/mol for a low degree of occupation, or that the energy of activation 
is 23-7 kcal/mol for all degrees of occupations, but that the entropy of the 
adsorbed atoms increases by a factor 10 when the degree of occupation 
decreases from nearly unity to low values. 


7) J. O. HriRscHFELDER, J. Chem. Phys. 9, 645 (1941). 
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4. A variation of the energy of activation might mean a variation of 
the heat of adsorption. This could only be caused by a slight repulsion 
between the adsorbed atoms or by a heterogeneity of the surface. 


5. A decrease of entropy with increasing degree of occupation can fully 
be understood if one may accept the hydrogen atoms, at low degrees of 
occupation, to behave as a two-dimensional gas, being bound to definite 
adsorption sites, however, at high degrees of occupation. 


6. An energy of activation of 23-7 kcal/mol suggests a heat of adsorption 
of roughly 44 keal/mol, a figure which is comparable with chemical bond 
energies of some hydrides. 


Central Laboratory of 
the Netherlands State Mines. 


Geleen (L.), September 1952. 
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THE BEHAVIOUR OF HYDROGEN ATOMS ON SURFACES. III, 
A SEMI-QUANTITATIVE TREATMENT OF THE PHENOMENA ON 
GLASS AND ON INORGANIC SALT SURFACES 


BY 


J. H. DE BOER anv J. VAN STEENIS 


(Communicated at the meeting of November 29, 1952) 


1. The heats of adsorption 


In article I of this series !) we drew the conclusion that atomic hydrogen, 
when adsorbed on a glass wall, does not only form a completely or nearly 
saturated unimolecular layer, but that also some adsorption takes 
place on the top of this first layer. This second adsorbed layer is 
responsible for the so-called “non recondensible” gas of LANGMUIR, 
whilst also the increase at lower temperatures of the recombination 
coefficient, y, is caused by processes taking place in this second layer. 

In the present article we shall make an attempt to describe the 
phenomena on a glass wall and on some inorganic salts in a semi- 
quantitative way. For this purpose we need figures for the adsorption 
energies of hydrogen atoms on the wall, Q,, and on the first layer of 
atomic hydrogen, Q,, as well as figures for the energies of activation 
for the reaction between a hydrogen atom of the gas phase with an 
adsorbed one, Ey, and for the reaction between two adsorbed atoms, H;. 

In article II of this series 2) we concluded the energy of activation 
for the reaction between two hydrogen atoms, adsorbed on a surface of 
lead glass, to be 23.7 kcal/mol. This value holds for a completely saturated 
unimolecular layer; it may be that the figure is somewhat higher when 
less atoms are adsorbed. 

According to a rule of HirscHFELDER *), already mentioned in article IT, 
the energy of activation of the reaction in the layer 


Ei, ~~ 2BQ 
where Q is the heat of adsorption and f is a factor, for which Hirscu- 
FELDER chose f = 0.28 from the energy of activiaton of the homogeneous 


reaction between hydrogen and iodine. The energy of activation for 
the reaction of a hydrogen atom of the gas with an adsorbed one, Le. 


1) J. H. pe Boer and J. VAN Srmpnis, Proc. Kon. Ned. Akad. v. Wet. B55, 


KIO (UEP) 

2) J H. pe BoER and J. VAN STEENIS, Proc. Kon. Ned. Akad. v. Wet. B 55, 
578—586 (1952). 

3) J. O. HIRSCHFELDER, J. Chem. Phys. 9, 645 (1941). 
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the reaction on the layer, may, according to a similar rule (see article I), 
be given as 

y= nh) 
a eee according to H1RSCHFELDER a = 0.055. The arguments of section 3 
of article I seem to point out that a may be smaller in the case of hydrogen 
atoms adsorbed on a glass wall; we shall see in the present article that 
this need not be so. 

For the purposes of this article we shall choose 
a= 0.05 
28 = 0.5. 


If we then take #; = 23.7 keal/mol for the first layer of atomic hydrogen 
on lead glass, we obtain 


Q, = 47.5 keal/mol. 


The discussion of reflection and diffraction phenomena of atomic 
hydrogen on LiF cleavage surfaces, in article I, taught us, that the heat 
of adsorption of the second layer must be 25 kcal/mol or less. The 
roughness of the glass surface (the real surface is 3.3 times the apparent 
one, see article IT) will cause a higher heat of adsorption. The adsorption 
of the second layer is due to van der Waals forces and a roughness of the 
surface materially increases the heat of adsorption by these forces 4). 

For the semi-quantitative description of atomic hydrogen on glass we 
shall try the figure 


Q. = 5 keal/mol. 
2. The dynamic equilibria 


We shall use the following picture. From the gas phase, containing 
N, atoms of hydrogen per cm, x atoms strike the glass surface per 
cm* and per sec, forming a strongly adsorbed first layer (heat of ad- 
sorption @,). On the top of this first layer a less strongly adsorbed second 
one may be formed (heat of adsorption @,). Atoms incident on the bare 
surface will be adsorbed to form the first layer. Part of the atoms striking 
the first layer may react with adsorbed atoms and give molecular 
hydrogen which evaporates (rate (vp), molecules/em2.sec: energy of 
activation (E)),); the other part will be adsorbed and contribute to the 
second layer. Atoms incident on the second layer may similarly react 
with atoms of that layer (rate (%)2 molecules/em2.sec ; energy of activation 
(Zo)2); we shall assume that those atoms which do not react on the 
second layer are either reflected or adsorbed for such a short time that 
they do not contribute to any formation of a third layer (diffuse reflection ; 
rate v, atoms/em®.sec). Atoms of the first layer may desorb (rate (v4), 
atoms/cm?.sec) and so may atoms of the second layer (rate (v4), atoms/em?. 


*) J. H. pe Borr and J, F. H. CustErs, Z. physik. Chem. B25, 225 (1934). 
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sec). There will be a mutual reaction between atoms of the first layer to 
form molecules which evaporate (rate (v,;), molecules/cm*.sec; energy 
of activation (H#,),) and similarly between atoms of the second layer 
(rate (v;), molecules/cm2.sec; energy of activation (H,),). We shall neglect 
the reaction of atoms of the second layer with those of the first and also 
the evaporation (desorption) of atoms of the second layer when atoms 
of the first layer underneath them desorb or disappear as molecular 
hydrogen by the mutual reaction of two of them. These simplifications 
are only allowed, strictly speaking, as long as the number of atoms 
adsorbed in the second layer is very small. 

There will be a dynamic equilibrium, the number of atoms incident 
on the layers being equal to those which evaporate either in the form 
of atoms or as molecules. The latter count twice, hence: 


(1) m = (Vq)y + (Vag + 2 {(Yo)r + (ola + (Yi)a + (Yida} + Yr 
The coefficient of recombination, y, may be derived from equation (1) as: 


(2) y= ————— ; 

Apart from the total equilibrium, expressed in equation (1), both the 
first and second layers are maintained as such. If o) atoms may be 
adsorbed per em? of a saturated unimolecular layer and if o, and o, are 
the numbers which are adsorbed per cm? of the first and second layer 
respectively and if we denote 


6, = 4/0) and 6, = 04/09, 


then 

(3a) n(1— 6,) = (Va) + (Yo), + 2(0;)1 

(3b) n(6, — 92) = (Va)2 + (%)1 + (Ye + 2(U;)e 
(3c) ny = V, + (Y%)2 


Addition of 3a, 3b and 3c gives equation (1). 


3. The equations for the various rates 

We shall assume the first layer to be so firmly bound that it may be 
treated as an immobile adsorbed layer. According to the theory of 
absolute reaction rates >), we may then write: 


= We fe 
(4) (te op Xe 1 Xa x va 
where R is the molar gas constant, k the Boltzmann constant, 7’ the 


absolute temperature and h the Planck constant, f* and f, are the partition 
functions of the “activated” atom before evaporating and of the normal 


5) H. Eyrine, J. Chem. Phys., 3, 107 (1935); 8. Guasstrone, K. J. LAIDLER 
and H. Eyrina, The Theory of Rate Processes, (McGraw Hill Book Company, 


New York, 1941.) 
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adsorbed atom respectively. They may be considered to have the same 
value. 


ee 


(5) (to), = Nya, x 6M xe 


where f* and f,, the partition functions of the “activated complex” and 
of the normal adsorbed atom, respectively, may be taken to be equal, 
and where F’, is the partition function of the gaseous atomic hydrogen. 
ee 
a alt A 
where s is the number of direct neighbours which may surround an 
adsorbed atom (see article II) and where the partition functions /* and 
f, of the activated pair and of the normal pair, respectively, may be 
assumed to have the same value. 

Assuming the second layer to be adsorbed with such weaker forces 
(van der Waals forces) that this layer may be treated as a mobile 
adsorbed layer, we obtain: 


(6) (Y;)) = $0,018 x e-PAlRT x 


¥ * 
(7) (Vg)e = Og X Ee OWRT x ~ x Jn 


fam 

The partition functions /* and fam May, again, be taken to be the same. 
fd i et 

8 Up)e = Ny 0, x e AW RT x My itm 

( ) ( oe b at h Ya ar 


where, again, the partition functions frm: and f,,, will be taken to have 
the same value. 


(9) (V)y = (0)® x eB0UR ye HD A 
h © (fam)* 
The partition functions will be taken to be of equal value again. 
n, the total number of atoms, incident on the surface per cm? and 
per sec is given by the kinetic theory of gases to be: 
n=WN, ()’ 
which may conveniently be written as 
y kT 
(10) n= NX> x GG 
where m is the mass of the hydrogen atom. 
When applying the rate equations of this section, by introducing 


them into equations (1), (2) and (3) of the previous section, the common 
factor (kT'/h) can be omitted. Most of the partition functions compensate 
each other, as indicated above. It is only the partition function ie ; 


occurring in equations (5) and (8) and the partition function f,,, of 
equation (9) which have to be evaluated. For F, we write . 


(11) ie — 
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the partition function of an ideal gas, and for f,,, we introduce 


¢ 2amkT 
(12) had =, he 


the partition function of an ideal two-dimensional gas. 


4. Numerical data for the adsorption on glass at room temperature 

The experiments of DE Borer and Leur °), which served us in article IT 
in evaluating the energy of activation for the reaction between two 
adsorbed atoms of the first layer (mechanism (v;),) were mostly carried 
out at a hydrogen pressure of a few hundredth of a mm of mercury. 
The order of magnitude of N,, therefore, is 10 atoms/cm’. Most experi- 
ments described in literature were made with N, = 10% to 10!6 atoms/cm?. 

We shall choose for our first calculations 


N, = 10% atoms/em? 
Q, = 47.5 kcal/mol 


T= 293° K 

s =4 

a = 0.05 

Bp = 0.25 

Gy = 10% atoms/cm?. 


From equations (4), (5), (6) and (10) together with (3a) we obtain 
9; = 0.998. 


The first layer of adsorbed atoms, therefore, is completely saturated. 
By using 6, = 1 and Q, = 5 kcal/mol in equations (7), (5), (8), (9) and 
(10) together with (3b), we obtain: 


6, = 5.6 x 10-5 


There are, therefore, hardly any atoms adsorbed in the second layer. 
Tf we choose a higher concentration of hydrogen atoms in the gas, vizZs 


N, = 10% atoms/cm* 
we obtain 


eeu 
Gebel a: 
With N, = 10!® atoms/em* we obtain from equation (2) 
op oe 0.44 X10. 
Practically all atoms which strike the surface remain adsorbed on the 


top of the first layer for a very short time only, after which they desorb 


6) J, H. pp Borr and J. J. Lenr, Z. phys. Chem. B 22, 423 (1933). 
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(mechanism (v,),); a very small fraction (0.44°%) react to form hydrogen 
molecules, 80 °% of these react according to mechanism (v9), and 20 % 
according to mechanism (2;)y. (vg), (Yj)y, (Up)p and v, are negligibly small. 

With N, = 1016 atoms/cm’, we find 

y =12 x 107 
29 % of these hydrogen molecules are formed according to mechanism 
(vp), and 71 °%% according to mechanism (v;),; the rest of the atoms, so 
nearly 99 %, desorb according to mechanism (v,)o. 

The values calculated for y agree well with those determined experiment- 
ally by Smrru ’) for the recombination of hydrogen atoms on a dry glass 
wall at room temperature. 

The relative importance of the various reactions contributing to the 
formation of molecular hydrogen, therefore, depends on the amount of 
hydrogen atoms which strike the layer in unit time. It also depends on 
temperature. The temperature coefficient of y, therefore, is not equal 
to one of the energies of activation. In order to demonstrate this point 
we shall calculate y for three different values of V, and for two temperatures. 
We find for N, = 10% atoms/cm?: 


T = 293° K (6, = 5.6 x 10-5), y = 0.44 x 10-2 (80 % (u,), and 20% (v,).) 
T = 318° K (6, = 2.9 x 10-5), y = 0.51 x 10-2 (94 % (x), and 6 % (v,)2) 


The apparent energy of activation for y is 1.08 kcal/mol. 

For N, = 2 x 10% atoms/em* we obtain: 

T = 293° K (6, = 11.2 x 10-), y = 0.52 x 10-* (66.6% (v4), and 33.4% (v;)o) 
T = 318° K (6, = 5.8 x 10-5), y = 0.545 x 10-8 (88% (v,), and 12% (v,),) 
The apparent energy of activation is 0.36 keal/mol. 

For N, = 10'* atoms/cm? we find 

T = 293° K (6, = 5.6 x 10-4), y = 1.2 x 10-2 (29% (), and 71% (e;)e) 
x = 318° K (6, = 2.9 x 10-4), y = 0.81 x 10-2 (60% (vp), and 40% (v;),). 
The temperature coefficient is negative. 


In all these cases practically 99° of the atoms which impinge on the 
layer are, in dynamic equilibrium, desorbed according to mechanism (v,),9). 


5. Numerical data at liquid air temperature 

Taking N, = 10% atoms/cm? and 7’ = 93°K, we obtain for the first 
layer 0, = 1 and for the second layer 6, = 0.135. If we choose a higher 
concentration of hydrogen atoms in the gas, viz. N, = 10'§ atoms/cm’, 
the result is 6. = 0.36. Therefore, a substantial part of the second layer 
is occupied. When the temperature is raised to room temperature this 


") W. V. Smirg, J. Chem. Phys. 11, 110 (1941). 
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extra amount of adsorbed atomic hydrogen will quickly react to molecular 
hydrogen and, consequently, be set free as non-recondensible gas. 

At the same time the coefficient of recombination, y, increases sub- 
stantially. For N, = 10!° atoms/cm® we find y = 0.85 (97 % (v,), and 
3% (Up)o), whereas for N, = 10!* atoms/cm? we obtain y = 0.65 (91 % 
(v;)2 and 9 % (%)2). y 18, as is found experimentally, close to unity, the 
main mechanism of recombination is the reaction of adsorbed hydrogen 
atoms in the second layer. 


If Q, were not 5 keal/mol but 6 kcal/mol the results of the calculations 
show that for N, = 10% atoms/cm? 


6, = 0.43 and y= 0.60 (91 % (v,), and 9% (%)o) 
whilst for N,= 1016 atoms/cm? we obtain: 
6, = 0.77 and y = 0.27 (64 % (vj, and 36 % (v%).). 

As we have remarked in article I of this series, there are indications 
that in some experiments the “non-recondensible” gas amounts to more 
than 50 % of the amount which is strongly adsorbed at room temperature. 

In all these cases the rest of the atoms which evaporate form the layer, 
without having combined to molecular hydrogen are desorbed according 
to mechanism v,, mechanism (v4), (Va)o, (Uo), and (v;), being negligibly 
small. 


6. Some phenomena on surfaces of IiF and CaP, 

Experiments by DE Bor and Lup ®) have shown that the adsorption 
of atomic hydrogen is far stronger on CaF, than on glass. After the 
production of atomic hydrogen is stopped no gas is given off. Even 
heating to a few hundred degrees frees only such an amount of hydrogen 
as corresponds with the sintering of the CaF,-layer, so corresponding to 
the decrease in surface area of the adsorbent. It is only at 350° C that 
a continuous production of gas seems to persist even after the sintering 
stops. From this slow evolution of hydrogen at that temperature, the 
energy of activation for the recombination may be roughly estimated 
to be more than 40 kcal/mol. The reaction of two adsorbed hydrogen 
atoms forming a molecule which evaporates is an endothermic process 
in this case, the energy of activation being 
(13) E = 2Q,—(1—)D 
where Q, is the heat of adsorption and D the bond energy of the two 
hydrogen atoms in molecular hydrogen. With # = 40 kcal/mol, 6 = 0.25 
and D = 104 kcal/mol we find Q, = 59 kcal/mol. 

The rate of reaction (v,), is — though the process is endothermic — 
still higher than the rate of desorption in the form of atoms. It is only 
when Q, amounts to roughly (1 — p)D, so 78 keal/mol8), that atomic 


8) This holds as long as Q/RT is greater than about 12, we hope to publish 
these relations later elsewhere. 
40 Series B 
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evaporation will proceed more easily than the recombination to molecular 
hydrogen. 

A heat of adsorption of roughly 60 kcal/mol causes a completely covered 
unimolecular layer of adsorbed hydrogen atoms to be formed, as is 
observed from experiments. 

We may expect the heat of adsorption on LiF to be of the same order 
of magnitude, so that in the reflection and diffraction experiments by 
Tu. H. Jonson the atomic hydrogen pattern, corresponding to the 
pattern of the fluorine ions of the surface, will have been a complete 
one (see article I). 

The heat of adsorption, Q., of the second layer on a smooth cleavage 
face of LiF will be rather low. In article I of this series we calculated 
that 2} kcal/mol or less would cause enough hydrogen atoms to be 
specularly reflected at room temperature to account for the experimental 
results. Even at liquid air temperature 6, would still be small, viz. 
6, = 4.2 x 10 at 93° K for N, = 10% atoms/cm whilst for N, = 101 
atoms/em? we find 4, = 1.5 x 10-%. » would be 0.70 (100 % (v;)o) in the 
first and 0.90 (again practically 100 °% (v;)o) in the second case. The rest 
of the atoms evaporate from the second layer as such, according to 
mechanism (v4)., the same mechanism which causes some of the atoms 
to be reflected specularly. 

The heat of adsorption of the second layer on the CaF, layers, which 
are obtained by sublimation in high vacuum, as in the experiments by 
DE Borr and Lrenr, will be far higher, because of the lamellar structure 
of these layers and their immense surface area (200 to 250 m?/g) %), Even 
if, however, Q, is as high as 10 kcal/mol, no substantial amount of 
adsorption is observed in a second layer at room temperature. For 
N, = 10" atoms/cm? we find 6, = 0.016 and 6, = 0.05 for N, = 1016 
atoms/cm’. At room temperature atomic hydrogen may, therefore, always 
be taken to form completely covered unimolecular layers on glass as 
well as on these inorganic salt surfaces, without the formation of a 
second layer of any importance. 


Summary 


1. Hydrogen atoms which strike a glass surface are strongly adsorbed. 
The heat of adsorption is about 47.5 keal/mol. A second layer of adsorbed 
atoms may be formed on the top of this first layer. The heat of adsorption 
for this second layer (van der Waals forces) is far smaller. 

2. Hydrogen molecules may be formed by atoms which strike an 
adsorbed atom of the first layer and also by those which strike adsorbed 
atoms of the second layer. The adsorbed atoms of the first layer and 


*) J. H. pr Borr and C. J. Dipre., Z. physik. Chem. B 25, 399 (1934); J. H. 
DE Borr, Electron Emission and Adsorption Phenomena, (Cambridge Univ. Press, 
1935); J. H. pz Borr, Atomic Forces and Adsorption, Ady. in Coll. Science III (1950), 
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also those of the second layer may, moreover, combine mutually to form 
molecules. The coefficient of recombination, y, giving the proportion of 
atoms that form molecules in relation to the number of atoms which strike 
the surface, depends on the rates of these four processes. 

3. Other processes, viz. the direct desorption of atoms of the first 
layer and of those of the second layer and also the reflection of atoms 
incident on the top of the second layer bring back atoms in the gas phase. 

4. The dynamic equilibria may be calculated by applying the equations 
of the theory of absolute reaction rates. The first layer of adsorbed atoms 
is always completely saturated. 

5. The degree of occupation of the second layer is very small at room 
temperature. Most of the atoms which strike the surface remain adsorbed 
on the top of the first layer for a very short time only, after which they 
desorb as atoms. Some atoms may reflect specularly. Roughly one per cent 
of the atoms which strike the surface form molecules, partly by combining 
with an adsorbed atom of the first layer, partly by mutual combination 
in the second layer. 

6. At very low temperature, the second layer may attain a substantial 
degree of occupation. The coefficient of recombination assumes high 
values. The hydrogen molecules are formed by mutual combination of 
atoms in the second layer as well as by reaction of atoms from the gas 
with atoms of the second layer. 

7. The heat of adsorption of hydrogen atoms on CaF, (first layer) 
is about 60 kcal/mol. It is only when the heat of adsorption — or heat 
of combination — amounts to values higher than 78 kcal/mol, that 
atomic evaporation of hydrogen will proceed more easily than the re- 
combination to molecular hydrogen. 
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SUR LES GRANITES A L’E DU BASSIN 
DE St FLORENT (CORSE) 


PAR 


H. A. BROUWER 


(Communicated at the meeting of November 29, 1952) 


Dans la région & l’E du bassin de St Florent la feuille de Bastia de la 
Carte Géologique de la Corse1) montre un granite herecynien au N 
d’Oletta. La carte de Prnger 2) y montre un granite alpin d’une extension 
plus grande. 

Nous avons constaté qu’en réalité l'un et l’autre granite y sont repré- 
sentés. On trouve des affleurements de granite (protogine) a grain moyen, 
qui ressemble & des granites du massif du Tenda, sur le versant W et 
SW du M. alla Torre au NE de Monticelli. Leur quartz est brisé et montre 
une extinction fortement onduleuse. Ils contiennent du feldspath pot- 
assique et du plagioclase acide, qui est en partie séricitisé et saussuritisé. 
Les minéraux colorés originels, probablement surtout de la biotite, sont 
entiérement transformés dans les roches étudiées. Des roches plus laminées, 
dans lesquelles la transformation beaucoup plus avancée des minéraux 
originels les rend difficilement déterminables, contiennent des parties de 
couleur foncée, qui sont des filons de roches basiques ou des inclusions 
de schistes prépermiens, qui — comme ceux dans le granite du Tenda — 
contiennent des amphiboles bleues du métamorphisme alpin. Il ya 
aussi des rhyolites, qu’on trouve également dans le massif du Tenda. 

Dans une note antérieure 3) jai mentionné les opinions différentes au 
sujet de la position tectonique des granites de la Corse orientale. Il est 
souvent difficile de distinguer les granites hercyniens et les granites 
alpins. Leurs rapports ont été décrits récemment par NerELBEEK *) pour 
la limite orientale de la Corse autochtone entre Vezzani et Lugo di Naza 
et par Stam >) pour la limite orientale du massif du Tenda A 1’W de 


1) E. Maury, Notice explicative de la Carte Géologique de la Corse 1 : 80000. 
Feuille de Bastia. 

*) A. Pricer, Der alpine Deckenbau Korsikas und seine Granit-Intrusionen, 
Abh. Ges. Wiss. Gottingen-Math. Phys. Kl. III, 19, 1-43 (1939). 

*) H. A. Brouwmr, Sur la tectonique de la Corse. Proc. Kon. Ned. Akad. v. 
Wet., 53, 1-6 (1950). 

*) Tu. A. F. Nererserk, Géologie et Pétrologie de la région entre Vezzani et 
Lugo di Naza (Corse). Thése, (Amsterdam, 1951). 


5) J. C. Sram, Géologie de la région du Tenda septentrional (Corse). Thése 
(Amsterdam, 1952). 
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St Florent. I] en résulte que dans ces régions le plan de chevauchement 
de la nappe des schistes lustrés avec des granites alpins a sa base, n’a 
pas pu étre’déterminé exactement. Entre les granites hercyniens et les 
granites alpins de la nappe des schistes lustrés se trouve une zone laminée 
dans laquelle ni reliques de structure du granite hercynien, ni restes de 
schistes lustrés granitisés se laissent observer. La granitisation alpine a 
la base de la nappe des schistes lustrés peut avoir influencé aussi le granite 
hercynien, qui alors, laminé et recristallisé, ressemble aux granites 
gneissiques des schistes lustrés granitisés. Nous poursuivons l’étude des 
relations entre les granites hercyniens et les granites alpins dans la zone 
de charriage de la nappe des schistes lustrés & l’E du bassin de St Florent. 

Nos investigations par rapport 4 la limite des granites alpins con- 
duisaient & mon opinion que le Tenda ne pouvait pas étre défini tout 
court comme un massif hercynien, contre lequel le charriage s’est arrété *”). 
Pour prévenir toutes sortes de confusion il faut mentionner que je n’ai 
pas fait ,la méme constatation” que Dentzor *) par rapport au massif 
du Tenda, qui d’aprés lui ,,se liait aux schistes lustrés superposés, non par 
une zone tectonique mais par une auréole métamorphique compléte avec 
enclavement”’ et ,,n’est plus pour nous un élément hercynien émergeant 
des charriages alpins, mais un noyau dans les schistes lustrés”’. 

Si on compare la carte de la région du Tenda septentrional de Stam °) 
avec la carte structurale fig. 4 dans la publication récente de DENIzoT ) 
on voit des différences. Quoique le massif du Tenda a été influencé par 
Vorogénése alpine, l’opinion°) que son granite forme ,,un noyau dans les 
schistes lustrés, charrié avec ces schistes dans la mesure ot ils ont été” 
n’harmonise pas avec le chevauchement de la série des schistes lustrés 


sur le granite du Tenda. 


6) G. Denizor, Supplément a la Notice sur les recherches de Géologie (Aoat 
1943), p. 121. 

7) H. A. Brouwer, loc. cit. p. 6. 

8) G. Denizot, La structure géologique de la Corse. Extrait du n° 3316 de 
la Revue Scientifique, p. 111 (1952). 

9) J. C. Sram, loc. cit. 

lo) G. Denizor, La structure géologique de la Corse. loc. cit., p. 111 et 112. 
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Summary 

An ultraviolet slit spectrum of the rather faint but conspicuous pro- 
minence near the point of third contact, at P.A. about 270°, was obtained 
at the recent eclipse at Khartoum. The ratio of the Ba, spectrum 
to the continuous spectrum between the Balmer lines yields a proton or 
electron concentration of 0.7 x 10! per cm if an electron temperature 
of 5000° is assumed and 5 x 10 per em3 for 15,000°. The thickness of 
the prominence in the line of sight resulting from the absolute intensity 
of the continuous spectrum is then 40,000 km for 5000° and 6000 km for 
15,000°, the latter value being about the same as the thickness derived 
from absorption data (spectroheliograms). The values obtained are of the 
same order as estimates obtained from older eclipse material by Kox.- 
BLOED and VELTMAN and by Hava. 


1. Introduction. Acknowledgments 


In an earlier publication !) the importance was stressed of observations 
of the continuous spectrum in the chromosphere for its electron tempera- 
ture, and in prominences for electron concentrations, and diagrams were 
presented which could be used for the interpretation of future eclipse 
observations. 

When the expedition to observe the total solar eclipse at Khartoum 
was planned, it was decided to include the photometry of such ultraviolet 
continuous spectra. An extension of the subsidy originally asked for the 
Dutch party from the Organisatie voor Zuiver Wetenschappelijk Onder- 
zoek and a substantial grant from the Municipality of Amsterdam enabled 
the Amsterdam observer to join the expedition and handle the apparatus 
at the actual eclipse. To the authorities and organizations which thus 
have made the observations possible the writers wish to express their 


*) H. Zansrra, Proc. Kon. Ned. Ak. v. Wetenschappen 53, 1289 (1950) (Circular 


No. 1 of the Astron. Inst. of the Univ. of Amsterdam). This paper will be referred 
to as Circular No. 1, 
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sincere thanks, as well as to the Secretary of the Joint Permanent Eclipse 
Committee Professor F. J. M. Srrarron and to Professor M. MINNAERT. 
The quartz step wedge used for calibration was made at the Physical 
Laboratory of the University of Utrecht, Director Professor Mimarz, and 
calibrated there by Mr C. Zwaan, to whom we express our gratitude. 

The eclipse site was just outside Khartoum at the R.E.M.E. military 
workshop where much help was given and various facilities provided. 
We are particularly grateful to Sergeant Smrru for repairs and to Mr R. 
Jounson and Mr H. Powetn for their assistance with the apparatus 
during and outside the eclipse, and to the members of the eclipse party, 
in particular Mrs von KuiiperR who made the covering of the spectrograph 
and camera. Much thanks is also due to the Civil Secretary’s Office in 
Khartoum, in particular to Mr H. CoLvitLe-STEWART. The latitude of 
the station was 15°36'17” N and the longitude 32°32'50" E. Work on the 
site started six weeks prior to the eclipse. 


2. Apparatus and method of measurement 

Figure 1 gives a photograph of the apparatus, with only the dust cover 
of the driving clock removed. It consisted of a 12 inch coelostat A (lent by 
the Joint Permanent Eclipse Committee) with driving clock B set at 
lunar rate, a 12 inch concave mirror C of focal length 99 inch and the 
Hills quartz 4 prism spectograph D. The driving clock was mounted on a 
wooden stand and the other apparatus on brick pillars. The coelostat was 
fixed with its centre 15 inches in front of, and 8 inches below the slit. 

The reflected solar beam travelled approximately eastwards and slightly 
upwards, and was reflected by the concave mirror back horizontally Just 
clear of the coelostat to the slit. The image was then formed about 3° off 
axis. For aligning the collimator the concave mirror was diaphragmed 
down to 2 inches aperture, the slit widened, and the bright spot then 
centered on the collimator lens. For focussing the image on the slit a two 
slit diaphragm placed over the concave mirror, was found convenient. 
(The full beam from the concave mirror, with the sun unobscured, gave 
an image too hot for adjusting purposes. ) 

The Hills quartz spectrograph was the same as used by Davipson in 
the 1926 Sumatra eclipse 2), except that the prisms have been refigured, 
and the two halves of each Cornu prism are now held in permanent optical 
contact. It was placed in a wooden box covered by cotton fabric on a 
wooden frame to protect it against sun and dust. Its southern side was 
raised so that it was tilted at an angle of 30°.4. The position of the slit 
with respect to the solar image on it then corresponded to a position angle 
of 136°.2 in the sky. The focal length of the collimator and of the camera 
are 33 inch, with lenses of 3.0 inch diameter. The film was strongly curved 
to fit the focal plane. Three exposures could be made on each film. Because 
the filmholder was by no means light tight, it was inserted within a black 


2) OC, R. Davipson and F. J. M. Srrarron, Memoirs R.A.8. 64, 105 (1927). 
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bag fixed to the end of the camera. The four 60° quartz prisms have a 
base of length 3.30 inch and a height of 2.20 inch. The incident beam on 
the first prism was a square of side 2.20 inch, so that the effective portion 
of the concave mirror used was a square of side 6.60 inch. The optical 
set-up was such that the whole cone of square cross-section and focal 
ratio 1: 15 was filled during the eclipse. 

For the intensity scale a quartz wedge having a clear portion (step zero) 
and eight steps was placed in front of the slit. 

The transmissions determined by Mr C. Zwaan were 


Step 0 1 2 3 4 5 6 7 8 
Transmission % 100 55.8 36.9 22.7 12.0 7.14 2.90 0.98 0.44 


The total length of the eight steps was 1.90 cm. 

The direct solar image on the slit had a computed radius of 0.454 inch 
(area 0.648 in?). It is due to the whole effective area of the concave mirror 
and would have been much too strong for illuminating the wedge, besides 
not being homogeneous. It was therefore weakened and made homo- 
geneous by the following device. The concave mirror aperture was reduced 
to 1.2 em with a diaphragm, and the mirror imaged on the slit by an 
auxiliary quartz lens of focal length 16.5 inch which gave a magnification 
of 3.74. The shadow of this lens on the concave mirror fell outside the small 
aperture used, and the whole beam emerging from the aperture passed 
through the lens. Instead of using the whole 6.60 x 6.60 inches of the 
concave mirror, we use effectively the fraction 0.648/(6.60 x 3.74)? = 1/194, 
i.e. the surface brightness illuminating the wedge had been weakened by 
the factor 
(1) Ww 1 


0 To4 


as compared with the average surface brightness of the ordinary solar 
image. W, will be needed in section 4 for determining the absolute surface 
brightness in the continuous spectrum. Because the wedge, including clear 
and opaque portions, covers more than 2 centimeters of the slit, a field 
lens had to be placed over it to ensure that the rays all pass through the 
collimator lens. For this a quartz lens of focal length 27 inch was used, 


3. The prominence spectrum. Electron concentration 


The original intention was to obtain the continuous spectrum both of 
the chromosphere at second contact and of a prominence, Unfortunately, 
the chromospheric Spectrum obtained, though showing a number of 
emission lines in the far ultraviolet, is very heavily fogged by a continuous 
spectrum showing Fraunhofer lines, so that the nearer ultraviolet including 
the Ba, region is completely obliterated. The Fraunhofer lines were in 
about their usual position, but somewhat broadened. The reason for this 
fogging is not quite clear, a possible explanation is that the shutter, which 
had been altered so as to provide an electric contact for registering the 
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time of opening and shutting, did not close sufficiently prior to the 
exposure, although on the previous day it had been checked in this respect. 
The record of the Utrecht chronograph, to which the shutter was connected, 
show that it was opened 1/4 second after the first Utrecht exposure 
started, and after this certainly no Fraunhofer spectrum could come 
through. 

However, a well focussed prominence spectrum between A 4300 and 
3170, on which the continuous spectrum is measurable, was obtained on 
the second exposure of the film. It is reproduced in actual size in Fig. 1, 
with some of the far ultraviolet left out. Totality lasted 188 seconds from 
11"9”"14° to 11"1222°, and the exposure took 55 seconds, from count 125 
to count 180. The slit width was 0.05 mm. Thanks to information received 
in the morning from members of the French eclipse party we knew where 
to expect the stronger prominences around the sun’s limb. From these, 
when actually viewed on the slit, we chose the rather faint and extended, 
but very conspiciuous, prominence at about position angle 270°, not far 
from the point of third contact. It was photographed at the centre of the 
slit and no field lens was necessary to ensure that the prisms were properly 
filled, (see section 1). During totality the Sun’s altitude was 61°.8 and its 
hour angle —13°.0. 

In addition to the continuous spectrum of the prominence the original 
film shows two faint continuous spectra, one just above the prominence 
spectrum, and separated from it by a dark gap, and the other about 9 mm 
below it. Professor STRATTON called our attention to a somewhat fuzzy 
bright line in both of these, at wavelength approximately A 3388 and 
suggested that it was due to the corona. There is no doubt that this is the 
strong [Fe XIII] coronal line, for a closer inspection revealed the presence 
of 74 3454 (unidentified), 3986 [Fe XT], and 4231 [Ni XIT] in both spectra. 
No trace could be found of 4A 3601 [Ni XIV] or 4086 [Ca XIII]. 

The film, held to a piece of metal by means of paper clips, was developed 
on the evening of the eclipse day by brush development im 1726: | of DI9b 
developer at 15.5° C for 3 minutes and fixed for half an hour. The developer 
was kept. On the morning of the day following the eclipse five wedge spectra 
were taken with various slit widths and various exposure times by the 
method described in Section 1. Most of them were taken with a ground 
quartz diffuser of diameter 1.5 inch and thickness 1/16 inch close to the 
wedge, which was covered by the field lens. Originally there was no in- 
tention of using a diffuser, but sufficiently low light intensities could not 
be obtained at Khartoum without it. The wedge spectrum with slit width 
0.10 mm and exposure 55° with diffuser was used for determining the 
relative intensities for the prominence, while this spectrum and two more 
have served for the estimate of absolute intensities given in Section 4. 
The time of day and altitude of the sun 61°.8 to 65°.4, were approximately 
the same as for the eclipse. Since, according to information kindly supplied 
by Dr Huxsurt, the transparency of the sky was not much different, 
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conditions have been assuined to be the same as those of the eclipse. The 
two films were developed together under the same conditions and in the 
same developer as for the eclipse film. 


Tracings were made in the direction of the dispersion for the prominence 
spectrum and adjacent fog, 2.9 mm below it in Fig. 1, and the same for 
the various steps of the wedge spectrum of 55° exposure, the opaque 
portion of the wedge, indistinguishable from step 8, providing the fog or 
clear film. The continuous background for each of the wedge spectra was 
taken to be provided by the free hand curve drawn through the most 
conspicuous peaks representing points of maximum intensity in the 
spectrum. The instrument was the Kipp microphotometer of the Amster- 
dam Astronomical Institute and our sincere thanks are due to Mr Kogt- 
BLOED for his very able and active help in using it. The slit of the micro- 
photometer covered a portion of length 0.4 mm and width 0.015 mm on 
the film, and it was placed in the densest portion of the prominence 
spectrum, the upper portion in Fig. 1. 


The continuous spectrum of the prominence is weak. Let @ be the 
galvanometer deflection on the tracing and G, the maximum galvanometer 
deflection corresponding to the clear film. One may then define the 
blackening by 6 = (Gj —G)/G). If I represents the intensity of wedge 
spectrum at any wave-length 4 expressed in one hundredth of step zero 
as a unit, one finds upon plotting J; against b for the continuous back- 
ground an approximately linear relation for b < about 0.4 


(1) I, =k,b + 4p. 


For the 0.10 mm 55° wedge spectrum used for the prominence the quantity 
Ij is zero within the experimental error *), so that 


(1a) i= bk 


Table 1 gives the intensity measurements of the continuous spectrum 
of the prominence, measured in the regions 1 to 5 which are free from 
emission lines. The range of A and average A for those regions are given in 
the second and third line, the wavelength being determined from the 
emission lines identified by means of Davipson and STRATTON’s Table i. 
This is followed by the value of k, in line 4 and the measured blackening 6 
for the prominence spectrum in line 5 from which in line 6 the intensity 
I, in the wedge scale follows by means of (la) with an accuracy of about 
10 per cent, as is verified from the original plot on which (la) is based. 

Let the intensity of the prominence spectrum be J; and the average 
intensity across the solar disc Fj, both at the sun outside the earth’s 
atmosphere and expressed in ergs per cm? per sec per unit solid angle. 


*) There are indications that the spectrum of the prominence is slightly fogged 
and then, if the fog intensity exceeds I jo» Equation (la) would rigorously apply to 
the prominence spectrum, if (1) holds for the wedge spectrum, 


4 
r 
: 
{ 
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The suffix 0 indicates the continuous background. The apparatus weakens 
them both by the same factor, and in addition the intensity of, illu- 
minating step zero of the wedge is further weakened by the factor W, 
due to the dilution (Section 2), by a factor R® due to six reflections on the 
surfaces of the auxiliary lens, field lens and wedge, and, if a quartz diffuser 
is used, a further factor g. We therefore have 14/100 = Ja/(oFaW) or 


y i by 2 ip 
(2) I,=1; a (1022 W) 
where 
(2a) W = W,R*q 


with diffuser and 
WS] Wok 
without diffuser. 
Line 7 of Table 1 contains 9/7/1014 obtained from the formula 


1 
(3) oF, = FoBE OL, (0) 


for which 9/,(0) for the continuous background at the centre of the solar 
disc according to Mutpsrs, and f the coefficient of darkening, are read 
off Fig. 1 of Circular No. 1. 

Using formula (2), the product of columns 6 and 7 yields I,/(101% W) 
contained in line 8. 


TABLE 1 
Intensity measurements of the continuous spectrum of the prominence near the point 
of third contact 
Prominence spectrum: slit 0.05 mm, exposure 55%, Wedge spectrum: slit 0,10 mm, 
exposure 55° 


WI RIGSLON ee ee eee = 1 2 3 4 5 
2) Range. . .7. = - > - |{ 3630.2— 3654.2— | 3780.8— | 4013.8— | 4179.2- 
|| 3637.7 3659.2 | 3791.5 | 4020.4 | 4199.4 
3 | Average A... .. - -| 3636.9 =A! 3656.7 | 3786.1 | 4017.1 | 4189.3 
AG Wedges tenes 2) 36.4 28.6 22.2 13.6 10.6 
DD seein 78 Isles, ole ioe 0.140 0.139 0.048 0.108 0.118 
al 9 er 5 eee ee 5.10 3.97 1.066 1.47 1.25 
a || fsiuuat WF, [10 5 ichec une 1.716 1.746 2.248 3.240 3.24 
rose ly CO 1 re a 8.68 6.93 2.40 4.77 4.28 
() | Wine Ge Sige se 1.000 0.798 0.276 0.550 0.492 
10 | n,/10" or n “/10% ( 6 ,000°) 0.74 0.58 0.82 
11 | n,/10%° or n,/101° (10,000°) 2.38 1.74 2.49 
12 | n,/10% or n,/102 (15,000°) 5.9 3.4 4.9 
13 | ,/102° or n,/107° (20, cae 16.6 5.6 8.5 
Te ee-6.)) 10 = 4.66 3.73 1.289 2.560 2.296 
151-2 ( 5,000") kam. + 30.600 | 52.500 | 31.100 
16 | Z (10,000°) km... - 9.350 | 17.200 | 10.100 
Tia he OCU), irs ws: 3.770 8.800 5.150 
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The factor W will be evaluated in Section 4. For the relative intensities 


it does not matter. 


Region | in Table | is at average 2 3639.9, in the Ba, spectrum close 
to the head of the Balmer series 2 3646.9; region 2 is on the other side of 
this head where the higher Balmer lines are still not distinguishable (they 
begin to appear at about m = 32); the other regions 3, 4 and 5 are short 
stretches of continuous spectrum between the higher Balmer lines and free 
from emission lines. Line 9 contains the intensity ratio Z;/I7 in regions 2 
to 5 with respect to the Ba, region 1, the wavelength of which is thus 
indicated by 4’. It will be noted that in region 2, where the spectrum is 
still apparently a continuum, although to the red of the series limit, the 
intensity is about 0.8 of the true Bae intensity, but this difference is 
almost certainly illusory and due to the errors of two separate values 
of kz. On the microphotometer tracing there is no distinction between 
these two regions. (Note that each k; has been determined individually 
and independently of the others, and that the scatter in the results of 
Table 1 is in large part due to scatter in the values of ky). 

Circular No. 1 works out the method by which, for a given electron 
temperature 7’, the number of protons n, per cm, which can be put 
equal to the electron concentration m., can be derived from the ratio 
I;/Iz. This is the method used by KoELBLOED and VELTMAN 4) in Circular 
No. 3. 

Denoting the intensity of the Balmer continuous spectrum by Bag, 
the intensity arising from all recombinations (except Ba.) and electron 
switches by C, and that from scattering of photospheric light by free 
electrons by c, all expressed in Ba, at the series head as a unit, we have 


(4) I, [y+ = (e, + C)/( Bagg, + ey, + C;,). 


In Circular No. 1, Figures 2 to 5, the quantity c, or cz, was given by the 
upper dotted line for the standard concentration Ms = p- 10", Referring 
to this as Csa, Ca, one has 


(5) Cz = CgalM, Cyr = Cyy,/m, Where m = N,/(p- 102°), 


Substituting (5) in (4) and solving for m, one has 


6 My —)= Cga— (I/I7/) Csar 
( ) p+10r° (13/L37) (Baar +Cy) —C)’ 


which serves for the determination of n, or nN, since the quantities Bacar, 
Cy and Cy can also be read off those Figures. 

The result is given in lines 10 to 13 for electron temperatures 5000° 
(p = 0.595), 10,000° (p = 1), 15,000° and 20,000° (p = 1,68). For 15,000° 
the values c,, for » = 1 were obtained from Fig. 3 of Circular No. 1 by 
multiplication with (7'./104)* as indicated there (the exponent 3/2 was 


*) D. Kortsiomp and W. VELTMAN, Proc. Kon. Ned. Ak. y. Wetenschappen 54, 
468 (1951). (Circular No. 3 of the Astr. Inst. of Univ. of Amsterdam), 
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inadvertently omitted), while C, was obtained by graphical interpolation, 
which is sufficiently accurate. In all four cases the lowest electron con- 
centration is found for the wave-length region 4. For an assumed electron 
temperature of 5000° the concentrations following from regions 3 and 5 
are higher than for region 4 by factors 1.27 and 1.41, for 10,000° these 
deviations are by factors 1.37 and 1.43, for 15,000° by 1.74 and 1.45, and 
for 20,000° by factors 3 and 1.5. At first sight it would look as if the two 
highest temperatures are ruled out, because of these large deviations, but 
this is due to the rather involved formula (6) by which a rather small 
relative error in the intensity gives increasingly large relative errors in , 
as the temperature becomes higher. In fact, if, on account of errors of 
observation, the correct values of the intensities in regions 3 and 5 were 
1.25 times as high as the observed values, the discrepancy would 
practically disappear for 5000°. A similar correction factor 1.3 would 
remoye the discrepancies for 10,000° and 15,000°, while for 20,000° a 
factor 1.5 would be required for region 3 and 1.25 for region 5. On the 
basis of the present observations none of these temperatures can therefore 
be ruled out, except perhaps the very highest; it would take very accurate 
observations to determine both n, and 7%. 

There is as yet considerable uncertainty regarding the electron tempera- 
tures or kinetic temperatures of prominences. Briick and Moss °) obtained 
an average kinetic temperature of 5000° from the curve of growth of 
emission lines in 21 prominences. On the other hand, Miss Conway °) 
derived values ranging from 13,000° to 18,000°, with an average of 14,500° 
from line profiles in 6 cases 7). From the relative intensities of the Balmer 
lines Unséup 8) obtained an excitation temperature of 7200°, while 
recently ZuyKov ) got values of 5600 and 7300°. It is doubtful however 
whether these excitation temperatures can be interpreted as kinetic 
temperatures. 

The average of the three values of m- is 0.72 x 10% for T, = 5000", 
2.20 x 10 for 10,000°, 4.7 x 10! for 15,000° and 10.2 x 10%° for 20,000°. 
If the continuous spectrum between the Balmer lines is considered to be 
entirely due to scattering by free electrons as was assumed by Wurm ??), 
so that C, is neglected, the averages are 0.71 x 10, 2.00 x 10%, 3.32 x 10% 
and 5.7 x 10, so that for 15,000° and 20,000° the influence of C, is no 
longer negligible. The present method of Circular No. 1 has refined Wurm’s 
original method by taking into account limb darkening and dependence 
of scattering upon direction, as well as the influence of the C spectrum. 


5) H. A. Bruck and W. Moss, M.N. 103, 258 (1943); 105, 17 (1945). 

6) Mary T. Conway, Contributions Dunsink Obs. No. 3 (1952). 

7) Since this was written TEN BRUGGENCATE has reported a prominence tempe- 
rature of about 13,000° (XI Convegno Volta, (Rome, 1952)). 

8) A. Unsoip, Physik der Sternatmospharen, p. 418 (1938). 

9) V.N. Zuyxov, Isvestia Glavnoi Astr. Obs. v. Pulkove, 19, Vyp 2, No. 149, 
p. 47 (1952). 

10) K. Wurm, Mitt. Hamb. Sternw., Bergedorf 21, 193 (1948). 
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4. Absolute intensity. Thickness. Comparison with results from older 
eclipse material 
For the determination of the absolute intensity we used the material 
for three wedge spectra contained in Table 2. 


TABLE 2 


Determination of p and q from three wedge spectra 


Sp. w mm t sec Kanes 
1 0.10 55 diff. 13.1 / 

p = 0,93 
2 0.50 3 diff. 38.5 

q = 0.34 
3 0.50 3 no diff. 70 


For spectra 1, 2 and 3, the Table gives the slit width w, the time of 
exposure ¢, an indication whether or not a diffuser was used, and the 
quantity 4, occurring in equation (1) determined for 4064 A by a perpen- 
dicular run through the spectra at this wave-length. Comparing the first 
two spectra and leaving out the suffix 2, we have, at points of equal 
blackening, b, = by, 


Ty /Iz = ky/hp, 


from (1), provided J’ is not too small. Since the diffuser was used for both 
of the first two spectra, the illumination of the wedge was the same, but 
the slit width w and time of exposure t varied. The spectral intensity may 
then be assumed to be proportional to J'w, while Schwarzschild’s law 
says that for equal blackening 


(7) I;w,8 =Izw tk or k,w,t? = ky w, t8 


and this leads to the numerical value p = 9.93 of the Schwarzschild 
exponent. 


For spectra 2 and 3 one gets by a similar reasoning that, for equal 
blackening, with q the factor of weakening for the diffuser 


from which the value q = 0.34 follows. 
The weakening factor for one reflection by crystal quartz at per- 
pendicular incidence is, according to FrEsNEL’s formulae: 


4 
9 = Pia des = 
(9) R= Ap = 0.052, 


where an average index of refraction for ordinary and extra-ordinary ray 
and for the wave-length region 4 3600 to 4000 has been substituted, 
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namely uw = 1.565. This leads to R® = 0.742. Substituting these numerical 
values of g and RF as well as W, (1) into (2a), one gets 


(10) 102 W = 5.37 x 108. 


Multiplying line 8 of Table 1 with this factor, one obtains in c.g.s. units 
the absolute value of J; due to the c and C spectrum (line 14). A slight 
correction by a factor ¢,/(c, + Caz) obtained from n, in lines 10 to 13, using 
formula (5) of this paper and Figures 2 and 3 of Circular No. 1, reduces 
this to the intensity due to scattering by free electrons only 


11 pee = 
( ) ca tC, I, = Ej, L 


where LJ the thickness of the prominence in the line of sight expressed 
in cm and ¢, the intensity due to 1 em’, which is also given by equations 
(5), (5a) of Circular No. 1 


(12) #4, = 1,(0) 1 # 3.325x10- n 
+B ‘ 
which is evaluated from x. of line 10, 11 or 12 and Fig. 1 of Circular No. 1. 

The thickness LZ of the prominence from equations (11) and (12) is 
given in lines 15, 16 and 17 for the three electron temperatures 5000°, 
10,000° and 15,000°, the average values being 38,000, 12,000 and 5900 km 
respectively. 

The results of the present investigation are collected in Table 3 together 
with results from older eclipses. In Circular No. 3 KonLBLOED and VELTMAN 
made an attempt to determine, from Davrpson’s spectra of the 1926 
Sumatra eclipse, both electron temperature and concentration for two 
prominences. Though their treatment is formally quite correct, it is 
doubtful whether a reliable determination of both quantities is possible, 
as was remarked in discussing our observations in Section 3. When 
KoELBLOED estimated absolute intensities and resulting thickness"), he 
therefore preferred to do this for an assumed 7’, of 5000°. The calibration 
however was done from rather overexposed solar spectra which were not 
developed together with the eclipse films. The absolute intensities are 
also very inaccurate, and he looks upon the resulting values of L as only 
very approximate estimates. Haue’s ™) determination of L was for pro- 
minence c of PANNEKOEK and Doorn’s 1926 Lapland slitless spectrum, 
combining this with their prominence a and using UNSOLD’s temperature 
from the decrement of the Balmer lines, and a determination of n- also 
related to that of Unséxp. The figures for n. and L are of the same order, 
though ne is rather high in one case. 

Determinations of ne prior to those given in the Table have always 
been based on the absolute intensity of a prominence spectrum, and to 


n) §. G. M. Have, Proc. Kon. Ned. Ak. v. Wetenschappen B55, 517 (1952); 
D. KortsBioep, Ibid B55, 524 (1952); referred to as Circulars No. 5a and 5b 


respectively. 
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get this concentration the thickness L of the prominence had to be assumed 
from evidence of dark filaments on spectroheliograms (see below). The 
present treatment differs from this in two respects. In the first place, 
using the principle put forward by Wurm and the Kramers Theory, the 
concentration is now determined by an intensity ratio of the continuous 
spectrum above and below the series limit, which is less subject to error 
than absolute measurements. (In the case of Hava, the line spectrum, 


TABLE 3 


Comparison with results from older eclipse material. 


Eclipse he n, per ems L km Authors 
| 5,000° 7.2 x 10° 38,000 / 
Khartoum 1952 10,000° 2.2 X 10° 12,000 present paper 
/ 15,000° 4.7 x 101 5,900 | 
get 5,000° high 3.0 « 1010 10,000 ? KOELBLOED en 
es Ae 5,000° low 1.3 x 10u 20,000 + 5 VELTMAN 
Lapland 1927 7,000° 1.6 x 10% | 25,000 HauGcH 


extrapolated to its higher members essentially takes over the role of Ba). 
In the second place, the absolute intensity is then used for determining L, 
the thickness in the line of sight of the prominence, which is thus obtained 
from pure emission data. True it is subject to a larger error than the con- 
centration, in the case of the present paper chiefly on account of uncer- 
tainty in the smallest slitwidth w = 0.05 mm. The chief source of uncer- 
tainty in the determinations of Table 3, as in previous determinations, 
is the value of 7. 

The dimensions of quiescent prominences can be obtained from spectro- 
heliograms in Ha or Ky. When appearing on the limb, the part outside the 
limb is in emission against the dark sky background. As the prominence 
rotates with the sun, it is seen in absorption as a dark marking or filament, 
viewed at various angles with the line of sight, so that from a number of 
these projections the spatial dimensions of the prominence can be obtained. 
This was done in 1932 by MLE RouMENS!*) for a prominence which had 
been followed in its passage across the disc, and shortly afterward by 
Perrir'%) in a general study. Thus Prrrrr finds an average length of 
200,000 km, average height of 50,000 km and average thickness of 
10,000 km, so that a prominence in its main aspect can be looked upon 
as a rather long and fairly thin sheet of gas, more or less curved and 
nearly perpendicular to the solar surface. 

An extended treatment of quiescent prominences and their evolution 
was given in 1948 by Dr and Mrs p’AzAMBUSA ‘’). The material on which the 


12) M. Rovumens, Bull. Soe. As. de France 69, 9 (1932). 
3). Pare, Ap. oe 69, 9 (1932). 


14) M. et Mme L. D’AzamBusa, Ann. de ]’Obs. de Paris, & Meudon 6, fase. VII 
(1948), in particular Dar2y, 28. 


RK. O. RED y AN ' ZANST 4 } 
N REDMAN anp H. ZANSTRA: The continuous spectrum of a prominence 
observed at the total solar elipse of 1952 February 25 


Fig. 1. Arrangement of the apparatus: coelostat A, driving clock B, concave mirror C and 


spectrograph D 


iz, H, HK Ba, [Fe XLII] 
3388 


4340 3646 


Fig. 2. Spectrum of the prominence, not far from the third point of contact. 
The Ba, continuous spectrum A 2646.9 was measured as well as the continuous 
spectrum 2 > 3646.9 at various points in between the lines. The continuous 


spectrum just above the prominence and at the bottom is due to the corona. 


Besides the coronal line A 3388, three fainter coronal lines were also detected in it. 


609 


dimensions are based extends over a whole cycle, the 12 year period from 
1919 to 1930, from which 113 prominences (filaments in Ha) were selected 
as suitable. The average height is 42,000 km, ranging between 15,000 and 
120,000 km, and the average length of an adult prominence 200,000 km. 
The average thickness obtained is 6600 km, somewhat less than PErrrr’s 
value. There is remarkably little spread in thickness: in 103 cases the 
deviation from the average is 1500 or less. For 8 cases the thickness is 
between 8000 and 12,000 km, and there is only one case of 15,000 km and 
one of less than 4000 km. This thickness is meant for the main body of 
the prominence, which presumably is the portion on which the slit of the 
spectrograph is set when the prominence is observed in emission outside 
the limb, as in our eclipse observations. From this main body, legs or 
pillars are extending downward and outward, which terminate at about 
20,000 km above the chromosphere (the height is reckoned from this 
level, the base of the prominence; loc. cit. p. 167). 

Since the images employed by M. and Mme b’AzamBusa were about 
twice as large as those of PErrTir, (loc. cit. p. 28), their determination of 
thickness d = 6600 km would be correspondingly more accurate and may 
be adopted. 

In Table 3 only the Khartoum value of L for an assumed electron 
temperature of 15,000° agrees with this quantity d, the others are all a 
good deal lower. Apart from the fact that the values of L are subject to 
large observational errors and that L should be somewhat larger than d 
since the sheet of gas is not perpendicular to the line of sight, it is also by 
no means certain that the electron temperatures assumed by KOELBLOED 
and by Have are trustworthy, the latter’s being really an excitation 
temperature. In Section 3 it was seen that one observational method 
(Briick and Moss) gives a kinetic temperature of about 5000° and another 
method (Miss Conway) values around 15,000°. Leaving this question 
open, we may conclude that there would be an excess of L above d for 
5000°, but that there would be agreement between L from pure emission 
data and d from absorption, if a higher electron temperature can be 
assumed, about 15,000° according to the Khartoum observations. 
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PALAEONTOLOGY 


FOSSIL SIRENIANS FROM JAVA 


BY 


G. H. R. VON KOENIGSWALD 


(Communicated at the meeting of November 29, 1952) 


Tertiary marine sediments have a wide distribution on Java. With 
Halicore, the dugong (malay: perampuan laut) still living in the Indian 
Ocean, no fossil remains have been recorded from that region; they are 
not mentioned in VAN DER MAAREt’s (1931) carefully prepared list of 
fossil mammals from the East Indies. Since then, however, some traces 
of this interesting groups have been found, and they form the subject 
of this communication. 


Eocene. In the Upper Eocene layers of Nanggulan, Central Java, 
Dr Rorupuerz, collecting during the war for the Geological Survey, found 
the fragment of a thick, pachyostosous rib, clearly belonging to a Sirenian. 
Too fragmentary for description, this find must be mentioned here, as it 
is the oldest indication for the presence of Sirenians in the East Indies. 

Lower Miocene. Shortly before the war the late Dr K. F. R. MusrEr 
discovered a fragment of a heavy bone in a marine limestone with “Cyclo- 
clypeus annulatus” near Bogor (Buitenzorg), which could be referred to a 
Sirenian. From about the same region and the same horizon Rica has 
recorded already in 1839 “two tusks, appearing to belong to some animal 
of the genus Sus’, which have been found “near kampong Muchang, not 
far from Djasinga’”’. As the formations in that neighbourhood are marine, 
and also “tusks” are typical for Halicore, these teeth most probably 
indicate a Sirenian. The original specimen seem to be lost. 

Upper Miocene. In 1943 the indonesian Mantri Dramou of the 
Geological Survey, collecting molluscs at the famous site of Njalindung, 
Western Java, picked up a few bone fragments and an isolated molar. 
The tooth will be described below; the bone fragments probably belong 
to the same animal. 

The material, which belongs to the Geological Survey of Indonesia, 
Bandung, Java, was collected on 26-II-1943 at Tji Padaringan near Tji 
Merang, Njalindung, Western Java. Horizon of Vicarya callosa; age 
Upper Miocene, probably Sarmatian. 

The tooth is an upper molar of the left side, with no traces of wear, 
Of the roots nothing is preserved, perhaps we are dealing with a germ. 

The crown is typical bilophodont, with well developed cingula at the 
anterior and the posterior end. Each ridge consists of three distinct 
cusps. In the anterior ridge the external and medial cusps are separated 
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from the internal one by a deep furrow; all three cusps are arranged in 
one straight line. At the lingual slope there is a faint secondary cusp, 
which probably is derived from the cingulum. 

A transverse valley divides the crown in two nearly equal halves. In the 
posterior ridge, which is a little shorter, the internal and medial cusps are 
close together and separated from the external one: the internal cusp, 
the smallest of the three, is shifted just a little towards the posterior end. 
Fovea anterior and posterior are well developed. 

The cingulum is highest at the lingual side: the posterior cingulum 
culminates in an accessory cusp. 

The identification of cusps in the Sirenians is not easy. SICKENBERG 
(1934, p. 70) refrained from using a more definite terminology. GREGORY 
(1951, fig. 21, 37) and others, however, are identifying the medial cusps 
with protoconule and metaconule respectively, so that the anterior ridge 
consists of paracone, protoconule and protocone, the posterior one of 
metacone, metaconule and hypocone. 

The crown is quite small. The length of the tooth is 14,6, the breadth 
13,5 and the height at the anterior ridge 10,6 mm. 

The living Sirenians show a very curious specialisation of the dentition. 
The Manatidae, living on both sides of the Atlantic, have lost their incisors 
and produce an unlimited number of molars; the Halicoridae of the 
Read Sea, the Indian Ocean and the coast of New Guinea have a large 
upper incisor, while the teeth are long, prismatic, and peglike in shape 
with no enamel; in the extinct Rhytinidae of Kamtschatka the Jaws were 
toothless. 

Our fossil tooth comes in pattern quite close to the molar of Manatus, 
but it is smaller. The ridges are better- and the cingula less developed 
than in that genus. 

Of fossil contemporaneous Sirenians the teeth of Miosiren are less 
bilophodont, and the same is the case with Metaxytheriwm, both from 
Europe. A certain resemblance exists with Prototherium veronense DE ZIGNO 
from Mte. Zuello near Verona of upper Eocene age; especially with the 
last upper deciduous molar (d”) figured by SIcKENBERG (1934, oes ils 
fig. 8). This tooth which is of the same size is more quadratic and the 
anterior cingulum is better developed. There is, however, such a difference 
in age, that it is impossible to refer our specimen to that species. 

Our molar from Njalindung certainly indicates a new species. Even at 
the present very incomplete stage of our knowledge, it cannot be placed 
in any of the Miocene genera, while the relations to older ones remain 
obscure. For that reason also a new genetic name is proposed : 


Indosiren javanense N.g.n.8p. 


Indosiren, most probably a Miocene ancestor of the living Halicore of 
the Indian Ocean, was still in the possession of a more generalised dentition. 
That condition, together with the small size and the geological age would 
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harmonize with this suggestion, while also the ‘‘tusks’” from the Lower 
Miocene of Djasinga — if they really belong to a Sirenian — would point 
in the same direction. 

It is interesting to note that from the Miocene of Java a Sirenian is 
known, possessing the normal molarpattern, because in Japan, in layers 
of the same age, there occurs a highly aberrant representative of this 
group, Desmostylus. This genus, which also occurs in California, seems to 
be confined to a more northern province. 


Fig. 1. Indosiren javanense n.g.n.sp. Upper left molar (type), occlusal and buccal 
view: 3/2 nat. size. Upper Miocene, Njalindung, Western Java. 
(Drawing Dr P. Marks), 


From the Trinil layers of Java the author has described a very curious, 
nearly quadratic molar of a Proboscidian as Cry ptomastodon, which has a 
superficial resemblance to the molar of Desmostylus. Since then two more 
molars of the same type have been found. Whether they indicate a distinct 
Proboscidean or whether they represent (probably) retained premolars of 
Stegodon — none has been found in the jaw — cannot be decided, but 


they surely do not belong to a Sirenian, as OSBORN (1942, p. 625, 1382 ete.) 
has suggested. 
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PHYSICS 


COMPARISON OF THE FREQUENCY AND DENSITY OF 
COSMIC RAY SHOWERS IN AMSTERDAM AT SEA-LEVEL 
AND IN KENYA AT 2880 M 


BY 


J. CLAY anp J. STRACKEE 
(University of Amsterdam) 


(Communicated at the meeting of Nov. 29, 1952) 


Summary. From the results of investigations on 3fold and 6fold coin- 
cidences in Amsterdam (sea-level) and at Timboroa (2880 m) the density 
and the frequency of showers could be computed. With two telescopes of 
3 sets of counters each at varying distances the extension of the showers 
and the total number of particles contained therein could be estimated. 
The density of particles in the showers as well as the total number of 
particles of showers and the dimension of the latter were found to be 
remarkably in agreement at the two places, on the understanding that 
the frequency was about ten times as large at Timboroa. This may 
indicate that the processes are identical at the two places. 


The frequency of showers and the density of particles could be compared 
in Amsterdam (magn. lat. 52°N, long. 91°E, at sea-level) and at Timboroa 
(magn. lat. 2°51’S, long. 103°E, altitude 2880 m). [1] 

Six boxes with seven counters each (sensitive surface 1800 cm?/box) 
were radially arranged in the corners of a hexagon as indicated in fig. 1. 


Fig. 1. Arrangement of 6 counter-trays for density measurements of atmospheric 
showers in Amsterdam and at Timboroa. 
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Threefold coincidences were counted between the boxes R and also 
between the boxes L. 

If N is the density per unit of surface, the supposition may be made 
that the frequency of a shower with a density N will be /(N) dN = i 
dN. With this formula the density of the particles will be calculated 
from our observations. If S is the surface, the probability of an n-fold 
coincidence will be p” = (1 — e—8¥)". With a surface S the frequency of 
an n-fold coincidence will be 


fos) 


{(S,n, 8) = fof N-*(1 — ep aN, 
0 
Substituting for SN = z, this gives 
(S, nN, 8) = he fs lm if a8 (1 = aay dx. 
0 


Then, from observed ratio of f (S, 6, s) to f (S, 3, s) the value of s may be 
computed. 

Extensive tables calculated by Mrs. Dr Marcaret Bruix [2] proved 
that the ratio 6 fold/3 fold coincidences gives the value of s with the 
smallest relative uncertainty. Several series of measurements gave: 


Amsterdam Timboroa Timboroa 

@ = 210 cm (vide fig. 1) a@ = 210 cm a = 160cm a = 210 cm with 5 em Pb 
3fold h— 47.3 3fold hk! 441 3fold hk 469 3fold R71 372 

6fold h~1 15.9 6foldk— 180 6foldhk—! 217 6fold 68 

N = 6.5 m= N=7.5 m”* N=6.0 m2 N=5.1 m— 


The relation 6fold/3fold turns out to be in Amsterdam 6.5 and in 
Kenya 7.5. This means that the density of the particles is nearly the same, 


doce R 


Eig, 2 


£, 


Fig. 2 and 3. Arrangement of countertelescopes for measurement of extension and 
frequency of atmospheric showers in Amsterdam and at Timboroa, 


ee 
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but the frequency is about 11 times as much. Comparing this with the 
continuous radiation, apart from showers, the explosion processes from 
nuclear collisions appear to be the same at different altitudes, only the 
frequency diminishes very rapidly with increasing depth in the atmos- 
phere. Timboroa 56.1/Mombasa 24.0 = 2.3 for the hard component, 
32/4.8 = 6.7 for the soft component, Timboroa/Amsterdam = 2.03 for 
the hard component, Timboroa/Amsterdam = 2.5 for the soft component. 

Another experiment was made with two counter-telescopes (vide fig.2 
and 3) at varying mutual distances, each counting threefold coincidences, 
the two telescopes together counting sixfold ones. The density was ex- 
pressed per cm? sterad. The result was independent of the active surface 
and the opening cone. It was investigated both in Amsterdam and in 
Kenya. 

To reduce the total number of particles counted per minute (N,) to 
the density in vertical direction (Jjem~? sterad-! min-') use was made of 
the relation: 

Pree div der, dy, d 
N, Sitch ie | een 
0 0 0 0 [(%,—2%)*?+(Yi—Yo)* +h?) 2 


With a < b the counter-surface of one box, h the distance between upper 
and lower box, n is the exponent in the relation: 
I, = J, cos"0 
I, = density in a direction making an angle 6 with the vertical. 
In this case n = 2 gives 


Sy, a(2b?-+h?) a 
No = "a to Vera epee 
ba +0) po ty > __ alabgtg* +b bgte sil. 
Pee ere RS 


In Timboroa the value will have a tendency on the one side to be higher 
because the depth in the atmosphere is less, on the other side to be smaller 
on account of the magnetic latitude effect. A good thing was that in 
Timboroa the value for different cones was found to agree so well mutu- 
ally. At 5 different distances the values were measured without Pb and 
with 10 em Pb between the counters. From these graphs it is evident that 
the number of shower particles decreases exponentially with the distance. 
N may therefore be put at N = N, E-* [8]. If x be taken in meters, a 
can be expressed in m1. The showers therefore appear to decrease very 
slowly in density with the distance of the counters (vide fig. 4, 5, 6 and 7). 
In Amsterdam a = 0.063 m-! for the total number of particles, that is 
nearly the same as for the soft component. At Timboroa a = 0.061 m7. 

The curves of the graphs indicate that the vast number of particles 
of the showers is superposed by a radiation of greater density at a short 
distance of the counters, the origin of which is certainly another. This 
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In table I the results are collected of intensity-measurements of the corpuscular 
radiation, with different surfaces and different opening cones 


TABLE I 
ahs Amsterdam  sealevel. I,/cm? sterad, min. 
Abs. layers of | , 
‘ Surf. sol. angle sol. angle 9 he eiiae iets 
Time glas and wood ia ell h.em i a Tota 


to penetrate 


Apr. 1942 0.75 gr/em? 108 8 26° 18 | ‘0,51 
Oct. 1952 9.3 gr/em? 310| 28 22° | 48° 0,531 
9.3 gr/em? 310| 87 6°40’ | 19°20’ | 0,536 
9.3 gr/em?+] 310] 28 Boe | i ASE 0,393 
Lis! or Pb 
a 2 310| 87 | 6°40’ | 19°20’ | 0,400 
Nov. 1952 | b ir 1820] 28 | 42°50’ | 69°40’ 0,373 
e 1820 | 87 16° 41° | 0,366 
Nov. 1952 | 10.3 gr/em? | 1680| 27 | 36°50’ | 71°20’ | 0,566 
10.3 gr/em? | 1680) 87 | 13°30’ | 42°30’ | 0,620 
Nov. 1952 | 10.3 gr/em?+] 1680} 27 | 36°50’ | 71°20’ 0,434 
tis) er 2 
10.3 gr/em?+ | 1680 | 87 | 13°30’ | 42°30! © 0,460 
113 grPb 
I, Timboroa 2880 M. 
1951 9.3 gr/em? | 1820| 28 | 42°50’ | 68°40’ | 1,16 
9.3 gr/em? | 1820) 87 16° 41° 1,28 
9.3 gr/em?+ | 1820} 28 | 42°50’ | 68°40’ 0,74 
Lis eee 
9.3 gr/em?+| 1820} 87 | 16° oka Sam 0,75 
113. gr Pb 


These results show that the measurements are very satisfying in their agreement. 


TABLE II 
The total number of 3fold coincidences in 3 countersets, 1820 em2 


Amsterdam 1950, at sealevel, 52° mag. lat. N 

at the beginning of the expedition; total number of part, .....« 88700 ph 
number of penetrating part. . . 27000 ph 

Amsterdam 1957, at sealevel, 52° mag. lat. N 

after the expedition; total number of POE = oe we WG A gene ph 

number of penetrating part. . . . . » + + + 27400 ph 

measured during some days: statistic variation < 0.657 

Mombasa, at sealevel, 3° 8, mag. lat. total number of part... . . . 28800 ph 
number of penetrating part. . . 24000 ph 

Timboroa, at 2880 m. bar. 753 mm. 2°51' 8. mag. lat. 
total number of part... . . , 88100 ph 
number of penetrating part... . 56100 ph 


The difference in radiation, measured by counters between Amsterdam and 
Mombasa, for penetrating comp. is 12,5 %,. 


The difference measured by ionisationchambers is 12 Sor. 
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For comparison we give the results of other observers. 


TABLE II 
Altitude Absorption J,/min. em? 
in atm. layer sterad. 
STREET and R. WooDWARD +) O meters 0,55 gr/em? 0,80 
1, KGa Sy ge 5 6 6 6 oll eet Pe 9,6 gr/em? 0,623 
M. PoMERANTZ ?) .| 90 53 4,4 gr/em? 0,74 
Ke GREISHNG (se awoee eee si) 4000) 3 9,6 gr/em? 2,00 
M. Pomerantz ..... .| 4350 a 4,4 gr/em? 2,66 
ik, Gasmieensy 595 6 Ge 0 oll An! ap 167 gr/em? 0,493 
M. POMERANTZ ....-.- «| 90 a 157 gr/cem? 0,494 
Ke GREismne |e) se 4 6) =|) 43500) as 167 gr/em? 1,13 
M. PommRANTZ ..... .| 4350 5 157 gr/em? 1,14 
J. Cuay & J. STRACKEE. || ese: 9,3 gr/em?2 0,552 + 0,032 
5 m4 9,3gr/em?+10cm?Pb| 0,404 + 0,028 
- ie 2880 . 9,3 gr/cm? 1,22 + 0,06 
~~ 2880 a3 9,3gr/em?+10cm?Pb| 0,745 + 0,005 


In general our results Table I are considerably lower, but as they were measured with 
4 different instruments and 4 different active surfaces, we are inclined to trust them. 


6t/h TIMBOROA 2880m 251'Z magn.lat. 
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Fig. 4. 2fold coincidences at Timboroa (in two telescopes of 3 counters at different 
distances) for penetrating particles and for the total number of particles. 
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Fig. 5. 2fold coincidences in Amsterdam for penetrating particles and for the 
total number of particles in two telescopes of 3 counters at different distances. 
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Fig. 6. Variation of the log of the 6fold coincidences with distance, at Timboroa 
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Variation of the log of the 6fold coincidences with distance in Amsterdam, 
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radiation may consist of particles produced by secondaries of short range, 
which in their turn have been produced by electrons which themselves 
are the result of collisions by mesons, or perhaps by mesons and protons 
together. The results indicate an exponential decrease and the formula 
T = 2nN,/a2 [7] gives with Ny) = 6.5m a T = 10000; for the radius 
R = 4/a of the circle in which 90 °% of the particles are coming in is 63 m. 
For Timboroa N, = 7.5 m-?; T = 12000; R= 66m. 

This means that generally spoken the showers in Amsterdam and in 
Timboroa are nearly equal in density, dimension and total number of 
particles: the production processes are the same. Only the frequency at 
Timboroa is of the order of ten times that in Amsterdam. 

Our best thanks are due to the Stichting tot Fundamenteel Onderzoek 
der Materie (F.O.M.) and the Nederlandse Organisatie voor Zuiver Weten- 
schappelijk Onderzoek (Z.W.O.) for making the expedition to Kenya 
possible. We are grateful to Mr L. W. RogLanp for his active help with 
some of the measurements in Amsterdam. 


November, 1952. 
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ASTRONOMY 


ON A GENERALIZATION OF THE INTEGRAL OF ANGULAR 
MOMENTUM AND ITS SIGNIFICANCE FOR STELLAR DYNAMICS 


BY 


G. B. VAN ALBADA 


(Communicated at the meeting of November 29, 1952) 


Introduction 

It is a well known fact that the random velocities of the stars in the 
neighbourhood of the sun show an approximately ellipsoidal distribution. 
The velocity ellipsoid has three different axes. The longest axis is pointing 
towards the galactic center, while the shortest axis is perpendicular to the 
galactic plane. 

The difference between the two axes in the galactic plane is adequately 
explained by the theory of galactic rotation, but the difference between 
the two meridional axes, which is even more pronounced, has been 
mysterious so far. 

According to the theorem of Lrovyrtxe, applied to a system in which 
collisions or close encounters have no appreciable effect upon the velocity 
distribution, this distribution should depend on the three integrals of 
motion, J,, /,, J; which contain the velocity components. In a steady 
system, only those integrals of motion which do not explicitly depend on 
time have to be considered. 

In a system of irregular shape the only known integral of motion is the 
energy integral. If no other integral is available, the velocity distribution 
must be isotropic. If the system has rotational symmetry, the integral of 
angular momentum comes in. Now the velocities in the tangential direction 
may differ from those in the meridional plane. But, as long as the velocity 
distribution depends on these two integrals only, the mean size of the 
motions in a meridional plane should not depend on their direction within 
this plane. This is the situation we would expect to exist in the galactic 
system, which may be considered as rotationally symmetrical, at least to 
a first approximation, but which is certainly not spherical. 

It is not possible to explain the difference of the velocities in the meridi- 
onal plane by the effect of collisions or of interactions with the inter- 
stellar medium. For these interactions tend to produce equipartition of 
energy. It does not seem possible that they would produce or even maintain 
different velocities in different directions. 

The situation would become entirely different if we could find a third 
integral of motion, Z;, which does not contain the time explicitly. In this 
paper we will show that such an integral exists in systems which are not 
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spherical, if the gravitational potential fulfills a certain special condition. 
However, it will be shown also that this condition cannot be fulfilled 
exactly in any stellar system. Hence it appears that this integral can be an 
approximate solution of the equations of motion only. The inference will 
be that on account of the near validity of this integral a difference between 
the velocities in the meridional plane may be maintained for a long time, 
but that it will slowly change its amount, either increasing or decreasing. 
Hence the difference between velocities within this plane is connected 
with the evolution of the system. In this paper no attempt is made to 
explore this connection in detail. 


The integral of combined angular momentum 

Some years ago, CHANDRASEKHAR') made a systematic search for 
integrals of motion which are quadratic in the velocity components and 
which may exist in systems in which the gravitational potential fulfills 
certain special conditions. Unfortunately, in his analysis of the three 
dimensional problem, he was guided too much by two dimensional 
analogies and so his analysis remained incomplete. The present author has 
repeated the search along the lines indicated by CHANDRASEKHAR. 

The details of the search will not be given in this paper, and only the 
general results will be indicated. 

First it was found that if at great distance from the origin the gravi- 
tational potential approaches asymptotically to that of a point mass of 
finite and constant size, no integrals of motion can exist which are quadratic 
in the velocities and which depend explicitly on time. From this result it 
followed that in studying such quadratic integrals, we can essentially 
limit ourselves to steady systems. 

Next it was assumed that the system is not spherical and that it has 
differential motions, i.e. that the velocity of the center of gravity of the 
stars in a given small volume of space is not equal to the velocity of the 
center of gravity of the whole system. With these assumptions it was 
found that apart from the energy integral and the integral of angular 
momentum the only quadratic function of the velocities which may be 
an integral of motion is the function J; given below. The limitation of our 
search to quadratic forms was imposed by the mathematical difficulty of 
the general problem. 

We consider a stellar system with rotational symmetry, the axis of 
rotation coinciding with the z-axis of the coordinate system. Then, if the 
gravitational potential fulfills a certain condition, which will be specified 
lacer, there exists an integral of motion of the form: 


Q) b= (a@W —2U) + (yW —2V) + (@V —yUP + 0? + V2) + 


Here 2, y, z are carthesian coordinates, U, V, W the corresponding velocity 
components relative to the center of gravity of the system, / is a positive 


1) Principles of stellar dynamics; Chapter III (Chicago, 1942). 
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or negative constant with the dimensions of the square of a length and ® 
is a rotationally symmetrical function of the space coordinates, which is 
related to the potential energy, but not identical with it. 

If A is positive, we may choose two points on the z-axis with coordinates 
+ Vi and — V/A. We then find that the integral J, corresponds to the mean 
of the squares of the angular momenta with respect to these two points, 
with the function ® added to it. For this reason, we will call J, the integral 
of combined angular momentum. If 4 is negative, we consider a circle of 
radius —2 in the plane z= 0 and centered at the origin. Then the 
mean of the squares of the angular momenta with respect to all points 
of this circle, after addition of the function ® —4/Q, will be equal to 
I; —44I,, where Q is the gravitational potential and 


I, = 3(U? + V2+ W2)+ 22 
is the energy integral. 
In some respects, it is of advantage to consider the integral 


1, =Iy—J2— 241, 
instead of /;. Here J, is the integral of angular momentum: 
I, = xV —yU. 
Putting x? + y? =: r2, we find 
(2) Is = (r® — A) W? — 22W (aU + yV) + z4(U2 + V2) + @—240 


Obviously, the integrals J, and Jj are equivalent. 

From equation (1) it is apparent that for stars moving along the axis 
of the system (x =y =U =V = 0), ®=T1,. Hence @ is constant along 
the z-axis. From equation (2) it follows that for stars moving in the 
galactic plane (ze = W = 0), ®— 24Q = Jj. Hence in this plane the function 
® depends entirely on the potential energy and J, is equivalent to the 
energy integral. This explains why this integral cannot be found from two 
dimensional analysis. 

It should be noted, that in writing down the expression for the integral 
of combined angular momentum, we have not only chosen the z-axis along 
the axis of rotation of the system, but we have also selected a definite 
point of the axis as the origin of our coordinate system. It is not necessary, 
however, that this point is also the center of gravity of the stellar system, 
which may lie anywhere on the z-axis. 


Conditions for the existence of the integral of combined angular momentum 

We now will investigate the circumstances under which the integral of 
combined angular momentum exists. To this purpose, we calculate the 
change with time of the integral J, for a particle moving in the gravitational 
field 2, Obviously, we have: 


dxjdt =U  — dU/dt = —dQ)rz, ete. 
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Introducing these expressions into the derivative of equation (2) 
obtain: 


, we 


/ 4 a 7 
9 ) r \ r z or ar { t 
(3) | ; 
Tiles oe ee 
se VW et ae oy) = at — 


where we have made use of the circumstance that both 2 and @ have 
rotational symmetry. 

Now dl 3/dt should be zero for all stars irrespective of their velocities. 
Hence the coefficients of (eU + yV)/r and of W should both vanish. Thus 
we obtain: 


0Q 0Q oD 

4a, = 22 — OP) i at eee Ree 
2) (472°) Noe Ane 2 Or 

Oe 0.2 oD 
4 | peppery pe el 
Go ew” O&% 2 de 
Eliminating ® we obtain: 

VQ 2 22 Ww I. 
= SED ‘ - = 

®) a 4 ae > roy eisai (2 or i) i 


If the potential 2 satisfies equation (5), a function ® may be determined 
consistent with equations (4) and the integral of combined angular 
momentum exists. 

We still may give a different interpretation of equation (5) which 
shows the meaning of the integral 7, more clearly. We suppose that in a 
steady and rotationally symmetrical, but otherwise arbitrary potential 
field Q a particle makes a complete “loop’’, returning to the same circle 
(r, z) from which it originally started. Of course it will return to this circle 
with a different azimuth in general, and also its velocity components will 
have changed. We now consider the change along this loop of a function 
I, defined with an arbitrary constant 2 and an arbitrary function ®. 
From equation (3) we derive that: 


dy >, (2A 22 ee Iw 0 
(6) a dt = | [2re (Se — Ga) $2042 9) +6 (2 —r SS) as 


extended over the entire surface S enclosed by the loop. The 
function I, may be considered as a linear combination of two functions, 
one of which corresponds to the integral of angular momentum in spherical 
systems, whereas the other one corresponds to a case where the motions 
parallel to and perpendicular to the galactic plane are independent and 
the energy integral may be split accordingly. 2) For either one of these 
functions we may write down the equivalent of our equation (6), deter- 
mining the change of the function over an entire loop in an arbitrary 
system. It is obvious that our actual equation (6) should be a linear 
combination of these two relations. Thus also the differential equation 


2) This second special case has already been studied by CHANDRASEKHAR. 
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(5) is a linear combination of two equations, one applying to spherical 
systems or, more generally, to systems where 2 is of the form 
(7? + 29)-1 {F(r? + 2?) + G(z/r)}, 


and the other to the system in which the potential is separable in r and z, 


Solution of the differential equation for the gravitational potential 

We now turn to the solution of equation (5). The differential equation 
is hyperbolic and we may apply a transformation which reduces it to its 
canonical form. This is effected, if we introduce as new independent 
variables the functions § and 7, defined by: 


i E= rh + ah + VIP + 2A — 12) + (2 + PP 


(7b) y= 2 + 22 a V22 ote 2A(z? — r?) 4. (22 da r2)2 


The square root does not introduce any ambiguity, as it becomes zero 
only at isolated points or on an isolated circle. We will use the positive 
sign. With the new variables, equation (5) reduces to: 


02.2 02 aQ 


Hence the general solution is: 


(9) Q= ae 

At large distances from the origin the expressions for € and 7 become: 
(10a) & = 2(r? + 27) + A(z? — r2)/(22 4 2) 4, 

(10b) n= — A(z — r?)/(22 + 2) — . 


Within a narrow range of r2 + 22, & depends relatively little on z/r, but ” 
assumes all values of which it is capable. Now at large distances from the 
center, the limiting expression for the potential should be: 


(11) (@ ~—— —GM (r? ol z22)~* — GM z2(r? * z2)- 8/8 a 


where G@ is the gravitational constant, M the mass of the system and 2, 
the distance of the center of gravity above the origin of coordinates. 
Equations (9), (10) and (11) can be reconciled only, if: 


(12) G(n) = —@Mz, V2(A —)/A 

Tn actual stellar systems the plane z = 0 is a plane of symmetry both 
with respect to the density distribution and to the distribution of velocities. 
In these systems the function G(y) will be zero, 

Equations (7) may also be written: 


2r2 222 
toy itera! é€>lal 
2r2 222 
ee Taig 7) = ll <a <a 
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Hence the surfaces § = cons. and 7 = cons. are confocal ellipsoids and 
hyperboloids of revolution. For 2 > 0 the two sets of surfaces have a 
common focal circle of radius /// in the plane z = 0 centered at the origin. 
For 2 < 0 there are two focal points on the z-axis, at a distance / — A 
from the origin of coordinates. 

An interesting special solution is found if we assume: 


(14) F(é) =—GM V2(e =) 


Then, with 2 < 0, equations (9), (12) and (14) describe the potential field 
of two unequal pointmasses, located at the focal points on the z-axis. It 
should be noted that in this case /, represents the combined angular 
momentum, not with respect to these points, but with respect to the circle 
of radius / — 2 in the plane z = 0. With 2 > 0, the same function does 
not describe the potential of the focal circle. 

It is clear that, if equation (9) is to describe the potential of a flattened 
stellar system, we should take 2 > 0. At the same time, we expect 
G(n) = 0. Now it appears that on the focal circle both € and 7 are equal 
to 2 and we can avoid a singularity in 2 only by assuming F(A) = 0. 
However, in the entire area of the plane z = 0 which is enclosed by the 
focal circle we have € = 4 whereas 7, 4 4. Then from our previous assump- 
tion it follows that within this region 2 = 0. It is clear, therefore, that 
equation (9) cannot represent an exact solution for the gravitational 
potential of a stellar system. 

Our conclusion is, that the integral of combined angular momentum is 
not an integral of motion in stellar systems. However, in limited regions 
it forms a close approximation and perhaps we may derive a tool from it 
to study the evolution of the motions in the system. 


Some general remarks about applications of the theory to the study of galactic 
evolution 


As we have shown, in actual stellar systems the integral of combined 
angular momentum cannot be an exact solution of the equations of 
motion. However, it is always possible to define a constant A and a function 
@® in such a way that: 


a) The first derivative of equation (5) with respect to z is satisfied in the 
point r = 7%, z = 0. Of course, equation (5) itself is always satisfied in 
all points of the galactic equator, as long as Q is an even function of z. 


b) Equation (4a) is satisfied at all points of the galactic equator, which 
means that for z = 0, ® = 242. 


c) Equation (4b) is satisfied for all values of r and z. 


It is evident that with these values of 2 and ® we may define a function 
Is of the velocity components, which will change only very slowly with 
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time for stars which move within a limited region around the point r = 1, 
z= 0. §) 

For this reason, the study of a hypothetical system in which J; is an 
exact integral of motion forms a good starting point for the study of 
actual stellar systems. For shortness, we will refer to these systems as 
“balanced” systems, the space and velocity distribution within these 
systems being so well balanced, that they can endure without alterations. 
We do not simply call them “‘steady systems”’, as we have not prov ed that 
all steady systems must be of this type. 

In a balanced system, the motion of one star will be determined by its 
six integrals of motion J, ... Ig. Of these six integrals, /,, /; and J, do not 
contain the velocity components. Two of these integrals are of no impor- 
tance to our present problem, as they indicate only the location of the 
orbit in azimuth and the time at which the star passes a given point of 
the orbit. But the other integral, which we will denote by J,, has to be 
considered. 

The integral J, will determine the shape of the orbit. We are mainly 
interested in the mutual dependence of the space coordinates r and 2z, 
which we will indicate by the term “meridional orbit”’. 

As the three velocity components are determined by the space coor- 
dinates r and z and the numerical values of the three integral J,, 7, and J;, 
it is clear that the meridional motion is either periodic or converges 
asymptotically to an “‘inner” or “outer” orbit. In the latter case motions 
along these asymptotic orbits will be periodic. Of course, if this case 
would be realized, we soon would reach a situation in which the actual 
motions differ only slightly from these asymptotic motions. Then the 
numerical value of 7, would be a definite function of the numerical values 
of J,, J, and J,. Such a state apparently is not approximated in the galactic 
system, as it would produce a very pronounced effect of star streaming. 

At any rate, in any balanced system periodic meridional motions will 
be possible and it is only this type of motion which is of present interest. 
If now again we consider more general systems, the motions within a 
limited region of space will deviate only slightly from the periodic motions 
just described. Hence it will be possible, using equation (6), to calculate 
the total change in J; along a “loop”, shape and size of the loop being 
assumed to be the same as in a balanced system which closely approxi- 
mates the actual potential distribution. A similar calculation may be 
performed to find the change in J,. The two quantities d/3/dt and d/,/dt 
together will determine the secular change of the orbit. 

The way in which these calculations are carried out will depend some- 


*) A slightly different choice of A and ® would have been possible. However, with 
our present choice the term with W in equation (3) will vanish. This is of advantage, 
since W changes much more rapidly than U and V on account of the rapid oscilla- 
tions of the stars in a direction perpendicular to the galactic plane under the influence 
of the attraction of the local masses. 
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what on the question whether or not all motions in the balanced system 
are periodic. If this is the case, we have to calculate dJ3/dt and dJ,/dt 
separately. If, however, only the asymptotic motions are periodic, J, is 
known already as a function of J,, J, and J; and the calculation of dJ3/dt 
alone suffices to determine the secular changes in the orbit. 

It is clear from the form of equation (6) that the total change of J; along 
a loop will be zero for all orbits which are symmetrical with respect to the 
galactic plane. Also, two stars, moving in opposite directions along the 
same orbit will have equal and opposite changes in J;. However, once the 
orbits for these stars have become different, also the rates of increase or 
decrease of [4 will become different. In this way the average value of J3 
for all stars in the region may shift either to smaller, or to larger values 
of J.. 

A study of these evolutionary changes in the state of motion will be 
necessary if the distribution of the meridional motions of the stars is to be 
fully explained. For it seems probable that stars which have just been 
formed from the interstellar medium will have no preferential direction 
in their meridional motions. The statistics of the motions of the B stars 
indicates the validity of this assumption. If this is so, the preference for 
motion in the galactic plane which is shown by the older stars should be 
explained on the basis of the secular variations in /3 and J,. 


Summary 

The present contribution starts from the observation that in the galactic 
system the motions of the stars in the direction perpendicular to the 
galactic equator are systematically smaller than the motions towards the 
galactic center. It is impossible to describe this phenomenon with Lrovu- 
VILLE’s theorem without using three different integrals of motion, depen- 
ding on the velocities. In this paper a function I, of the velocities is given, 
which is a third integral of motion in some flattened or elongated rota- 
tionally symmetrical systems. The differential equation determining the 
gravitational potential of these systems is solved and the solutions are 
discussed. One of the solutions corresponds to the field of two point masses 
at fixed positions. However, there are no solutions which correspond to 
the gravitational field of an actual stellar system. Nevertheless the function 
I, may be used to describe the state of motion of stellar systems. Probably 
it may be used as a tool to study the evolution of such a system. The 
paper concludes with some remarks about the way in which such an 


investigation could be made. 
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